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Guide for Readers 


Basic plan of the encyclopedia 

The subject mailer of the various disciplines or 
hranehes of science and technology is organized 
systematically: a general article provides a broad 
survey of the field, and a number of separate articles, 
alphabetically arranged, cover its main subdivisions 
and more specific aspects. 

In general, each article begins with a definition of 
the title that slates its scope and covcTage. Usually, 
only the scientific or technological sense is discussed. 
Most of tlie articles, after this statement, gt) on to 
increasingly complex and detailed considerations. A 
reader thus needs to proceed only, as far as his 
inclinations and re(piirements dictate 

Ooss references guide the reader fiom general 
articles to tlu* other arlir les into whi< h the subject 
is subdivided, and from these to artich's on more 
highly specialized phases of the subject. The cross 
references there are about SO.OOO of them — are 
printed in capital letters so that they can be easily 
recognized. Hy means of t!ie cross references a 
reader may find his way oni FIlkcifk ai, knui.nI'.ku- 
INO. through Ei.i.ctroni(s and Va( nr m ti bi:, to 
ElKCTROM motion KN NAd l'M or Elkcjkon kmis- 
sioN. Oi, following another line oi toss references, 
the reader would b» led to I’owkk sys- 

Ti. MS, Transmission iinfs, Elkctrom agnftic 
WAVE, and so on. 

Every phylum, class, and order in the plant and 
animal kingdoms is allotted a .separaic article. 
Many of the more common families, geneia, a.id 
species are covered either in o. ^ >f the order 
articles or in a separate article under its own 
scientific or < ommon name. 

There are two indexes to information in the ency- 
clopedia, both of them in Volume 15. The compre- 
hensive index, with it 100,000 entries, offers a*: 
analytical breakdown: the topiial index groups the 
more than 7200 article titles under nearly 100 gen- 
eral headings, to enable the reader to identify 
quickly the articles in a sub|eeF area. 

Most of the longer articles contain bibliographies 
citing useful source.s of further information. For ad* 
ditional bibliographical citations, the reader should 
refer to related articles (as indicated by the cro.ss 


references in the article). Bibliographies are placed 
at the ends of articles or sometimes at the ends of 
major se<*tions in long articles. 

A list of initials and names of the contributors to 
the encyi lopedia is to be found in Volume 15. This 
list will permit quick identification of a contribu- 
tor's initials aller an article. Immediately following 
this 1 ist is a second list of encyclopedia contributors 
with their affiliations and the titles of artieh's each 
has written for the encyclopedia. 

How titles are alphabetized 

Words Used as titles are. wherever possible, given 
ill the singular to permit a consistent alphabetic 
airangernent. I’itles are alphabetized by word and 
not by lell'*r; for example, 

Earth sciences 
Earth tides 
Earthmover 
Earthquake 

A word used as a noun prei edes the same word used 
adjeiTivallv ; thus. 

Mercury (element) 

Mercury (planet) 

Mercury battery 

or 

Circuit, electronic 
Circuit breaker 

Hyphened terms are alphabetized as single words; 
for example. 

Animal virus 
Animal-feed composition 

''‘Electric'^ and '''electrical'' 

The adjectives electric and electrical are used in 
the following senses. Electric — containing, produc- 
ing, arising from actuated by, or carrying electric- 
ity, or capable of doing so; as, for instance, electric 
generator, electric motor, electric wiring. Electrical 
— related to. pertaining to, or associated with elec- 
tricity, but not having its properties or character- 
istics; as, for example, electrical code, electrical 
engineering. 




\Ir( it'dir-/ 1 i 11 hJri(‘y<‘(n/j(’(I id of Sc i crier dtid Tcihiioioriy 




PER 


Pemcarida to Progression (mathematics) 


Peracarida 

A siiperorder of the elass Crustacea, siiheJass Mala- 
costraca. (Common examples <»f tiie orders are the 
opossum shrimt)s, acpialic sow hu^s, and sideswim- 
mers. 1'he IVracarida includes the orders Amphi- 
poda. Curnacea, Isopoda, Mysidacea, Spelaeop;ri- 
pha(’ea, and Tanaidacea. These orders s}>are a num- 
l)ci of characters, the most notable being that the 
young develop within a thoracic marsiipium. which 
tliev leave at a laie stage of development. The inar- 
siipiupi is formed l)y from J 7 membranous ooste- 
gites which extend inward from th(' c(»xot)(Klites ol 
tlie thoracic legs. Tlie eggs or developing young lie 
free in the sf)a( e between the ventral surface ol the 
thorax and the oveilatiping oosiegites. Members ol 
the' (U'der Thermosbaenac'ea have a dcirsal mar- 
sui)iurn, lonned by llie posterior portion of the cara- 
pace; ccinsectuently they are excluded from the 
Peracarida b\ some authorities. 

Other features which distinguish the Peracarida 
from othcM groujes of Malacostraca are the follow- 
ing: 7'he t)roto])odite of the second antenna usuallv 
c'onsists of three segno 'Phe thoracic legs are 
fh‘xed between the fifth and sixth segments. The 
lieart is generally elongate, extending throiigli the 
greater part of the thoracic legio • in the isopods, 
it may c’Xtend into, or lie entire!) oi. the abdomen, 
where respiratory exchange occurs. Stieniiatozoa 
are usually filiform, in contrast to thedr spherical 
or vesicular form in the Eucarida and Iloplocarida. 
Morphology. A'- in other Malacostraca, the 

thorax consists of eight somites, the first of v hic h is 
fused with the head. A carapace i- present in all 
orders but the Amphipoda and Isop ^Ja. hut it does 
not coalesce with more than four thoracic somites 
as follows: one segment in the Spelaeogriphacea, 
one or two in the Tanaidacea, one to four in the 
Mysidacea, and three or four in the Curnacea. 

Epipodites are present on the maxilli|»eds of the 
orders having a carapace, and their movements keep 
a currf!nt of water flowing along the inner surface 
of the carapace. In the mysid siil)order Mysida, this 
inner surface i.s highly vascuia^, and gaseous ex- 
change takes place ihrougli it. Members of the 
mysid suborder Lophogastrida, however, have epi- 
podial gills on the thoracic legs, and in the cuma- 
cean^ the maxillipedal epipodile forms a complex 
gill. The isc^pods have flattened epipodites on the 
maxillipeds, but they are apparently not branchial. 
In the females of some groups of isepods, a lappet 
of the coxopodile of the maxilliped projects back- 
ward and together with the epipodite and an ex- 


pansion of the basipc.)dile forms a lamellar plate. 
Vibratory movements of the maxilliped, including 
this plate, send a current of water through the 
marsupiiim, which aerates the developing embryos. 
Hespiration in isopods takes plac'e through the sur- 
face of th(‘ pleopods In the ainphipods gaseous ex- 
change oc c urs in the epipodial gills attached to 
the inner surfaces of the thoracic legs. 'Ehere is no 
epipodite on the maxillii>ed. 

Respiratory epipodites are found only in the 
Spela-'ogriphacea, where they are pre.sent on the 
fifth to seventh thoracic legs. 

I'he thorax is followed hy an abdomen of six 
segments bearing up to five pairs of biramous swim- 
ming legs, or pleopods. On the terminal segment 
there is a pair of uropods which, together with the 
telson, form a tail-fan. The pleopods are absent in 
all female and some male cumaceans. In female 
tanaidacea ns they may be reduced or alisent. and 
they may he rudimentary in female mysid.s. In 
amphipods the alidominal appendages are sharply 
divided into two groups; the three anterior pairs 
are turned forwaid and are natatory, while the last 
three, all called uropods, are turned backwards. As 
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Relationships within the Peracarida. 


2 Perception 


mentioned before, some or all of the pleopods in 
the isopods function as gills, and the surfaces may 
be plicated to increase the respiratory area. One 
of the anterior pairs of pleopods, or in the suborder 
Valvifera, the uropods, may be modified into an 
operculum protecting the delicate respiratory pleo- 
pods. In some niysids and isopods one or two pair.s 
of pleopods are modified in the males to assist in 
the transfer of sperm to the female. 

Relationships among Peracarida. The Pera- 
carida can be divided into two groups. The probable 
relationships arc shown in the illustration. Some of 
the characters on which these relationships are 
based are presented. 

The embryo in the Amphipoda is hent ventrad 
and lies with the dorsal side toward the outside of 
the egg. The position is reversed in the cumaceans, 
tanaids, isof)ods, and rnysids. Cumaceans, isopods, 
and perhaps tanaids leave the egg with the eighth 
thoracic leg absent. Mysids and amphipods hatch 
with all their appendages. 

Between broods, females of cumaceans and some 
isopods lose their oostegites. In mysids and amphi- 
pods the oostegites are retained during this period. 

The JophogastrJd mysids have antennal and max- 
illary nephridia, the latter being small. Cumaceans, 
tanaids, and isopuds have maxillary nephridia, 
while amphipods and the mysids, other than lopho- 
gastrids, have antennal nephridia. 

Other criteria, mainly details of the anatomy of 
the digestive tract, have been treated by B. Siewinfe. 

[ T.E.B. I 

Bibliography: W. Kiikenthal and T. Krumbach 
(cds. ). Handbuch der Zoologie, vol. 3, no. 1927; 
R. Lankesler (ed. ), A Treatise on Zoology, pi. VII, 
fasc. 3, 1909; R. Slewing, Besteht eine engere 
V^erwandschaft zwischen Isopoden und Amphi- 
poden?, Zool. Ariz., 47 (7-8 166-1 80, 1951; 

R. Slewing, Untersuchungen zur Morphologic der 
Malacoslraca (Crustacea), Zool. Jahrb. Abt. Anat. 
u. Ontog. Tiere, 75:39-176, 1956. 

Perception 

The process by which an individual is acquainted 
with his immediate surroundings. Tt can he defined 
by such behavior as looking, listening, and touch- 
ing, or otherwise reacting with discrimination to 
the objects and events of the environment. For the 
human animal it can also be defined in terms of 
precise verbal activities such as naming, describ- 
ing, comparing, and distinguishing objects. Finally, 
inasmuch as it seems to be possible for the human 
observer to note the t)rocess of perception as it oc- 
curs in himself, it can be defined as awareness of 
the external world, or consciousness or experience 
of it. 

However defined, perceiving is distinguished from 
remembering, which refers to past events, from 
expecting, which refers to future events, and from 
imagining, which refers to absent or nonexistent 
.states of affairs. But in no case can these distinc- 
tions be sharply drawn, since the “present” environ- 
ment in lime and space cannot in fact be divided 


from either the past, the future, or the distant 
environment by any sharp line of demarcation. 
“Now” is not a single instant of time, and “here” 
is not a single point of space. There is a consider- 
able span of perception in lime and a considerable 
range of perception in space. Hence perceiving is 
not clearly separable from knowing in the general 
sense of the term. This discussion is concerned 
primarily with perception and only secondarily 
with apprehension. 

Acquaintance with the environment is obviously 
dependent on the senses, and therefore the study of 
the perceiUual process is inseparable from the 
study of the sensory processes (see Sensation). 
As John Locke put it, “knowledge comes through 
the senses and from no other source.” To believe, 
on the contrary, in a mysterious prf»cess of intui- 
tion or in the efficacy of innate ideas or the power 
of pure reason has never been popular in Weslern 
scientific thought. 

Specifically, this means that pereeiving depends 
on the stimulating of rerejitive met'hanisms such as 
the eye, ear or the skin of an individual bv energy 
in the surrounding envirf)nment. 'I'he kinds of en- 
ergy to which human beings and animaU are sensi- 
tive are light, heat, sound, ehemieal energ\, me- 
chanical force, and gravitaWoiial force. The energ> 
at a sense organ is called the proximal stimulus; 
the source of light, sound, odor, or mechanical pres- 
sure is sometimes called tlie distal, or distant, stim- 
ulus. IJsiially, a distal object or event causes the 
stimulation of several sense organs at the same 
time, and the contemporary modes of stimulation 
combine to form a single percept. A fire is seen, 
heard, smelled, and its warmth is felt. Usually 
there is more than enough sensory input to yield a 
percept. But when stimulation of one channel fails 
for any reason, perception depends on those re- 
maining; and when stimulation (d all < liannels is 
eliminated percey)tion ceases. 

Perception thus depends on events at several sue- 
ressive stages: the external sitiialicm. the energy at 
the receptors, the excitation of the receptors, the 
transmission of neural impulses, and complex proc- 
esses in the brain which make possible both per- 
ception and behavior. If the chain of events is in- 
terrupted at any stage, the whole channel stops 
functioning. For example, vision will fail if (1) 
there is nothing to see, as with an observer floating 
in empty space. (2) there is no illumination, as in 
pitch darkness, (3) the light entering an eye is 
diffused, as with spectacles of ground glass, (4) the 
light entering an eye is interrupted, as when the 
evelids are closed, (5) the eye becomes opaque, as 
with cataract, (6) the retina is damaged, as in 
glaucoma, (7) the optic nerve is cut, or (8) the 
area of the brain to which it leads is destroyed. In 
any of these cases, a man will he effectively blinded. 
See Vision. 

As an exploratory process. Perceiving differs 
from sensing, as this term is traditionally used, in 
being an active rather than a passive, or merely 
receptive, process. Introspectively, it is character- 
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ized by what is called selective attention, or an 
effort after clearness, or a search for meaning. Be- 
haviorally, it always involves, at the very least, 
some kind of adjustment of the .sense organs. 

For example, the primary reaction of the human 
eye to light is in focusing the image (accommo- 
dation) and centering the fovea on successive de- 
tails (exploratory fixation). Contact stimulation 
normally involves movements of the fingers to pro- 
duce pre.ssures on the skin, an active process of 
touching rather than a passive one of being touched. 
Taste and .smell involve savoring and sniffing. Even 


hearing leads to such listening respon.ses as assist 
one in localizing the sounding object. The chain of 
events in a sensory channel, then, involves a circle 
in the chain, and thereby stimulation leads to ad- 
justments producing more stimulation. There is 
present, by analogy with electronic systems, a 
“feedback loop” in every sensory system. It seems 
to have the function of making stimulation optimal 
for perception. The focusing of the retinal image 
registers detail, and the exploration of the ambient 
light registers a whole .set of details. Focusing and 
exploration are necessary for the accurate percep- 



2 Perception 

mentioned before, some or all of the pleopods in 
the isopods function as gills, and the surfaces may 
be plicated to increase the respiratory area. One 
of the anterior pairs of pleopods, or in the suborder 
Valvifera, the uropods, may be modified into an 
operculum protecting the delicate respiratory pleo- 
pods. In some mysids and isopods one or two pairs 
of pleopods are modified in the males to assist in 
the transfer of sperm to the female. 

Relationships among Peracarida. The Pera- 
carida can be divided into two groups. The probable 
relationships are shown in the illustration. Some of 
the characters on which these relationships are 
based are presented. 

The embryo in the Amphipoda is bent ventrad 
and lies with the dorsal side toward the outside of 
the egg. The position is reversed in the cumaceans, 
tanaids, isopods, and mysids. Cumaceans, isopods, 
and perhaps tanaids leave the egg with the eighth 
thoracic leg absent. Mysids and amphipods hatch 
with all their appendages. 

Between broods, females of cumaceans and some 
isopods lose their oostegites. In mysids and amphi- 
pods the oostegites are retained during this period. 

The lophogastrid mysids have antennal and max- 
illary nephridia, the latter being small. Cumaceans, 
tanaids, and isopods have maxillary nephridia, 
while amphipods and the mysids, other than lopho- 
gastrids, have antennal nephridia. 

Other criteria, mainly details of the anatomy of 
the dige.stive tract, have been treated by R. Slewing. 

[t.e.b.] 

Bibliography: W. Kiikenthal and T. Krumbach 
(eds.), Handbuch der Zoologie, vol. 3, no. 6, 1927; 
R. Lankesler (ed.), A Treatise on Zoology ^ pt. VII, 
fasc. 3, 1909; R. Slewing, Besteht eine engere 
Verwandschaft zwischen Isopoden und Amphi- 
poden?, ZooL Anz,, 47(7-8) : 166- 180, 1951; 

R. Slewing, Untersuchungen zur Morphologic der 
Malacostraca (Crustacea), Zool. Jahrb. Abt. Anat. 
u. Ontog. Tiere, 75:39-176, 1956, 

Perception 

The process by which an individual is acquainted 
with his immediate surroundings. It can be defined 
by such behavior as looking, listening, and touch- 
ing, or otherwise reacting with discrimination to 
the objects and events of the environment. For the 
human animal it can also be defined in terms of 
precise verbal activities such as naming, describ- 
ing, comparing, and distinguishing objects. Finally, 
inasmuch as it seems to be possible for the human 
observer to note the process of perception as it oc- 
curs in himself, it can be defined as awareness of 
the external world, or consciousness or experience 
of it. 

However defined, perceiving is distinguished from 
remembering, which refers to past events, from 
expecting, which refers to future events, and from 
imaginings which refers to absent or nonexistent 
states of affairs. But in no case can these distinc- 
tions be sharply drawn, since the “present” environ- 
ment in time and space cannot in fact be divided 


from either the past, the future, or the distant 
environment by any sharp line of demarcation. 
“Now” is not a single instant of time, and “here” 
is not a single point of space. There is a consider- 
able span of perception in time and a considerable 
range of perception in space. Hence perceiving is 
not clearly separable from knowing in the general 
sense of the term. This discussion is concerned 
primarily with perception and only secondarily 
with apprehension. 

Acquaintance with the environment is obviously 
dependent on the senses, and therefore the .study of 
the perceptual process is inseparable from the 
study of if;he sensory processes (see Sensation). 
As John Locke put it, “knowledge comes through 
the senses and from no other source.” To believe, 
on the contrary, in a mysterious process of intui- 
tion or in the efficacy of innate ideas or the power 
of pure reason has never been popular in Western 
scientific thought. 

Specifically, this means that perceiving depends 
on the stimulating of receptive mechanisms such as 
the eye, ear or the skin of an individual hy energy 
in the surrounding environment. The kinds of en- 
ergy to which human beings and animals are sensi- 
tive are light, heat, sound, chemical energy, me- 
chanical force, and gravitaftonal fon^e. The energy 
at a sense organ is called the proximal stimulus; 
the source of light, sound, odor, or mechanical pres- 
sure i.s sometimes called the distal, or distant, stim- 
ulus. Usually, a distal object or event causes the 
stimulation of several sense organs at the same 
time, and the contemporary modes of stimulation 
combine to form a single percept. A fire is seen, 
heard, smelled, and its warmth is felt. Usually 
there is more than enough sensory input to yield a 
percept. But when stimulation of one channel fails 
for any reason, perception depends on tho.se re- 
maining; and when stimulation of all channels is 
eliminated p)erception ceases. 

Perception thus depends on events at several suc- 
cessive stages: the external situation, the energy at 
the receptors, the excitation of the receptors, the 
transmission of neural impulses, and complex proc- 
esses in the brain which make possible both per- 
ception and behavior. If the chain of events is in- 
terrupted at any stage, the whole channel stops 
functioning. For example, vision will fail if (1) 
there is nothing to see, as with an observer floating 
in empty space, (2) there is no illumination, as in 
pitch darkness, (3) the light entering an eye is 
diffused, as with spectacles of ground glass, (4) the 
light entering an eye is interrupted, as when the 
eyelids are closed, (5) the eye becomes opaque, as 
with cataract, (6) the retina is damaged, as in 
glaucoma, (7) the optic nerve is cut, or (8) the 
area of the brain to which it leads is destroyed. In 
any of these cases, a man will be effectively blinded. 
See Vision. 

As an exploratory process. Perceiving differs 
from sensing, as this term is traditionally used, in 
being an active rather than a passive, or merely 
receptive, process. Introspectively, it is character- 
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The classical stimulus-response formula. Stimuli pro- and those produced by gross responses of the muscu- 
duced by responses are left out of account, both those lature. Hence the diagram beiow should be super- 
produced by exploratory responses of sense organs posed on this one. 
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tion of one's surroundings. The perceiver searches 
the array of light for meaningful shapes in the over- 
all pattern. 

The stimulus for an active sense organ, as dis- 
tinguished from the stimulus for a receptor cell of 
the organ, consists of patterns of energy and se- 
quences of pattern. These are the relevant stimuli 
for perception. As collections of cells, the retina 
and the cochlea are sensitive to the simple variables 
of frequency and intensity. The retina is specialized 
for light energy, and the cochlea for sound energy. 
But as organs of the body, the eyes and the ears are 
sensitive to patterns and transitions of frequency 
and intensity in the array of light and in the flux of 
sound. The mosaic of receptors in the retina or the 
cochlea can be excited in enormously complicated 
combinations of adjacent and successive order. Ac- 
cordingly, the eye and the ear as total systems can 
respond to the complex variables of pattern and 
sequence in the total stimulating situation. 

Considering the acts of looking, listening, feel- 
ing, smelling, and tasting as selective responses, it 
becomes evident that there is always more potential 
stimulus information at the surface of an individual 
at any given time than he can possibly handle. 
Moreover, there are always more potential se- 
quences of stimulation than the one or the few he 
can choose to explore. The environment is to be re- 
garded as an inexhaustible reservoir of potential 
stimuli. The perceptual process is one of selecting 
and pursuing those which are important for thy 
individual. Perception is motivated by interest, that 
is, by vigilant curiosity. Its aim is the registration 
and clarification of objective facts. But, obviously, 
different facts are important for different individ- 
uals, or for the same individual at different times. 
Perception depends on what the perceiver is in- 
terested in. 

As a process of monitoring behavior. Al- 
though perceiving is traditionally defined as ac- 
quainting the individual with his environment, it 
also acquaints the individual with his own action. 
It has, in the words of C. S. Sherrington, the famous 
nineteenth-century physiologist, a proprioceptive 
function as well as an exteroceptive function when- 
ever the individual is engaged in any kind of be- 
havior beyond mere contemplation of the environ- 
ment. 

In addition to the sensory channels thus far 
considered, there is the kinesthetic. This is served 
by various kinds of receptors in the muscles, ten- 
dons, and joints, and by still others in the inner ear 
(see Kinesthetic sensation). Conceived broadly, 
the sensitivity of an individual to the behavior in 
which he is engaged is much more than a single 
sense. It includes all stimulation produced by re- 
sponses, and this extends at least to touch and 
vision. When handling things or walking about, a 
roan feels his activity by the changing pressures on 
the skin, and he sees it by the changing patterns at 
the eye; he even hears it by the noises at the ear 
unless he is careful to be silent during manipula- 
tion or locomotion. There are many channels for 


this ‘^feedback” from response, some of the stimuli 
being inside the skin of the organism and some 
being outside, but all of these circular loops have 
a common function; they keep the individual in- 
formed about the outcome of his muscular move- 
ments and about the progress of his action. They 
also serve to guide or control behavior, inasmuch 
as they define the terminal act of a course of action 
and indicate the degree to which it has not yet been 
reached (5ee Cybernetics). 

The kind of perception which is produced by ac- 
tion is not as familiar as the kind which is produced 
by the environment as such. It is harder to investi- 
gate, and 4 is only beginning to be understood, but 
obviously, the two kinds must be interlocked. In 
locomotion, for example, an animal needs to per- 
ceive both that he is moving through his environ- 
ment and also where he is going and how close he is 
to his goal. For this he must be able to perceive the 
layout of his environment. The visual control of 
locomotion, therefore, is not separable from the 
visual perception of space. A walking man has to 
be able to feel and see himself moving and, at the 
same time, to feel and see the motionless ground 
beneath his feet. This necessity raises the question 
of the so-called “constancy” of environmental per- 
ception, which will be discussed later. 

Relationship to the motivating of behavior. If 
the perceptual process acquaints the individual with 
his own actions as well as with the environment, 
the question may be asked whether it also informs 
him of his own inner needs and of those outer ob- 
jects which afford satisfactions of his needs. Does 
perceiving motivate action as well as being itself 
a kind of motivated act? Such questions raise diffi- 
cult theoretical issues. To some extent, an animal 
or a man can discriminate among, or perceive, his 
own biological needs (see Hunger; Pain, cutane- 
ous; Pain, deep; Thirst). 

Likewise, an animal or a man can identify his 
food, mate, shelter, and other objects of his environ- 
ment, beneficial or noxious, with considerable suc- 
cess. But the relation of these disparate facts to 
the motivation of behavior is a controversial ques- 
tion (see Motivation). A man who comes across a 
rattlesnake in his path perceives and feels and acts 
all at the same time, and the psychologist's arbi- 
trary separation of these processes fails. 

Introspectively, percepts seem to have a subjec- 
tive reference as well as an objective reference, but 
some have much more than others. In a painful ex- 
perience the subjective pain dominates, whereas in 
a visual experience the object dominates. But even 
in visual perception there is the implicit sense of 
“here,” and in auditory perception there is the 
awareness of “now.” However objectively oriented 
one's experience of the world may be, there lurks 
in the background a variety of tensions, feelings, 
emotions, the image of the body, and the conscious- 
ness of self. Philosophers and psychologists have long 
recognized the importance of these subjective facts, 
but they are not easily put to experimental test and 
so are given little emphasis in sci^tific psychology. 



GiHlssing, supposing, or surmising. Consider- 
ation has been made up to this point of the kind of 
perception characterized by a feeling of certainty 
and a testable dependence on the stimulation of 
sense organs. There are many kinds of apprehen- 
sion, however, which are less certain and less obvi- 
ously dependent on stimulation. They are not ordi- 
narily called perceiving but guessing, or supposing, 
or surmising. There is a great difference between 
observation and inference, but at the same time 
there is often supposed to be an element of infer- 
ence in all perception, even the simplest kind. This 
arises from two theoretical assumptions, first, that 
only the so-called sensations are certain and clear, 
and, second, that they are meaningless. On this 
assumption, some theory of a perceptual process 
which supplements the sensations is necessary. 
Consequently there has been a great interest in the 
various types of uncertain apprehension with the 
hope that they will reveal the nature of the internal 
contribution to sensory data. 

Many kinds of guessing and its variants may oc- 
cur, but’ they are not easily distinguished by intro- 
spection. There are experimental methods, how- 
ever, for producing some of them, and these may be 
listed as giving a partial classification. 

Careless observation or divided attention. This 
may be obtained if the experimenter distracts the 
subject from the stimulus he is supposed to judge. 
The accuracy of perception suffers. The experi- 
menter may require the subject to fix his eyes on a 
point to one side of the presented stimulus so that 
its image falls on the peripheral retina. Only the 
most general features of the object are then re- 
portable, and if it is atyjxal in any respect, the 
percept will be inexact. 

Stranf'e and unfamiliar things. An observer who 
is presented with a wholly novel sumulus cannot 
identify it. Many foreign words are not heard as 
being different from one another, and novel pat- 
terns do not look different unless they are put close 
together and compared. Only gross or familiar dif- 
ferences are noted. The novice at using a micro- 
scope must learn what to look for and how to per- 
ceive the subtleties of color and si/M. rure in the 
slide of tissue under examination. With such 
stimuli, however, guessing gives way to exact per- 
ception as practice in observation continues. 

Ob.seure or hidden properties of things. As the 
medical profession knows, the interpretation of 
x-ray photographs or the diagnosis of rare diseases 
is subject to error. In part, this may be due to lack 
of perceptual skill, but it may also be due to the 
intrinsic poverty of the information available in 
sensory stimulation. However actively he searches, 
the perceiver may not be able to detect valid indi- 
cators of the true state of affairs. The same rule 
may hold fot detecting the vintages of wines, or 
estimating the character of one's acquaintances. 

Experimentally impoverished stimulation. It has 
long been known that sensory detection becomes 
guessing when the absolute energy applied to one 
of the sensory channels is sufficiently reduced, and 
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that sensory discrimination becomes guessing when 
the absolute difference between two energies is re- 
duced. The threshold intensity of light, sound, taste, 
or touch is defined as that at which the frequency 
of correct guesses reaches the level of chance. Sim- 
ilarly, the difference threshold is that difference 
which divides chance guessing from better-than- 
chance guessing (.sec Sensation). Perceptual ex- 
perience becomes guessing, in the same way, when 
the pattern in light or sound is impoverished or 
distorted. The pattern of light can be blurred by 
optical devices, or veiled by glare, or reduced in 
size to a threshold level ; the pattern of sound can 
be masked by noise, or disrupted by electronic 
means, or distorted until speech becomes unintel- 
ligible. A commonly used visual device is the tachis- 
toscope, which reduces the duration of the stimulus 
picture to a fraction of a second or less. W^hichever 
of these methods is used, the result is the same: the 
poorer the pattern, the less accurate are the re- 
ports of the observer. 

No stimulation. When all channels of stimulation 
known to the experimenter have been eliminated, 
guesses can still be made by the subject. They are 
ordinarily correct only by chance. But certain ex- 
periments on the guessing process, using hidden 
cards and many judgments, sometimes yield a sta- 
tistically significant departure from chance. This is 
often taken as evidence for a kind of extrasensory 
perception, and for an unknown channel of stimu- 
lation. See Extrasensory perception (ESP). 
However interesting these results, they should not 
be considered to apply to perception but simply as 
an unexplained fact in the study of guessing. They 
should not be confused with the experiments on 
weak stimulation, since no variable has been dis- 
covered in ESP experiments which correlates with 
the frequency of correct guesses. For the same rea- 
son, as the results now stand, they do not provide 
evidence for an unknown channel of stimulation. 

Contradictory stimulus information. Visual pat- 
terns can be designed which are ambiguous, that is, 
which induce either of two perceptions, one incom- 
patible with the other. Painters have manipulated 
lines and contours in this way, but the Gestalt 
psychologists were the first to work systematically 
with ambiguous drawings and to demonstrate the 
role of contours in shaping phenomenal objects and 
producing regions which at one time look like filled 
or solid space and at another time like unfilled 
empty space. It might seem here that one stimulus 
paradoxically can arouse two percepts, but it is 
more likely that two stimulus factors in the same 
drawing are pitted against one another. To a con- 
siderable extent, the observer can select that factor 
in the total stimulus to which he will respond, or 
his selection may be influenc^ by the experi- 
menter. 

In all these kinds of apprehension the stimulus 
applied does not seem to determine the response 
made, for the latter is subject to other influences. 
A great variety of such influences has been studied 
in the, effort to get at the nature of the perceptual 
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process when it is not strictly bound to the stimulus. 
The influence of verbal suggestion on perception 
has been demonstrated, as well as an influence of 
past experience on perception, an influence of emo- 
tional prejudice on perception, an influence of cul- 
tural background on perception, and the like. But it 
should be noted that the more demonstrably per- 
ception is influenced by these factors the less it is 
like discerning and the more it is like guessing. 

The nature of the subjective component in ap- 
prehension, whether the enrichment of stimuli or 
the organization of stimuli, or something else, is 
not clear. Theories of the process are a matter of 
active dispute in psychology. The classical theories 
of the process have been described by E. (i. Boring, 
the major historian of scientific psychology, and 
contemporary theories are represented by the au- 
thors listed in the bibliography. A consideration of 
these theories is not given here because such the- 
ories can have no firm basis until the extent that 
ordinary perception is a direct function of the vari- 
ables of pattern stimulation is known. For that 
knowledge, other methods of investigation must be 
used. 

METHODOLOGY OF PERCEPTION 

Methods of studying sense perception. The 

best way to investigate the perceptual process is to 
induce it artificially, that is, to construct an appa- 
ratus which will deliver to an individual the neces- 
sary stimulation. The experimenter then has to 
vary this stimulus in such a way as to obtain from 
the individual reports, judgments, or discriminative 
reactions which are a function of the variations. 
This is the psychophysical procedure by which sen- 
sory reactions are studied. See PsYcnoPHYStrAi. 

METHODS. 

When |)erccptions are st\idied, the procedure dif- 
fers in that the stimulus must be a pattern or se- 
quence of light, sound, pressure, or the like. This 
requirement puts a strain on the ingenuity of the 
experimenter, for the systematic variation of pat- 
tern or sequence is not easy, and the artificial pro- 
duction of stimuli which imitate those of the nat- 
ural world is an elaborate and sometimes expensive 
process. It is not surprising, therefore, that in most 
of the existing experiments on visual perception 
the patterns of light are those which can be re- 
flected from line drawings, pictures, or nonsense 
forms. The experimental work of the Gestalt psy- 
chologists is largely based on stimulus material of 
this sort. There is an increasing tendency, however, 
for experimenters to manipulate and control the 
variables of patterned light, as is evidenced by the 
current interest in optical “texture.” For example 
the perception of a solid surface can be induced, 
where no solid surface exists, by an optical ar- 
rangement in which the light entering the eyes of 
an observer is patterned with a sufficient degree of 
density (J. J. Gibson et al., 1955). 

Pictures, motion pictures, and binocular stereo- 
scopic motion pictures are ways of approximating 
the natural input of the eyes to an increasing de- 


gree. But the resulting perceptions lack the ulti- 
mate degree of “realism” because the pictures usu- 
ally represent only a small sector of an environ- 
ment. Methods of reproducing more of the total 
optic array have been devised, however, in the form 
of “simulators” for the purpose of military train- 
ing. The visual input of a helicopter pilot or a lank 
driver can be imitated by wide-screen projection 
methods. Moreover, the motions in this field can be 
made to depend exactly on the control reactions of 
the driver or the pilot in a “mock-up” of the situa- 
tion, so that the visual feedback acquaints him with 
what it is like to control the vehicle. The pano- 
ramic motion picture, the Cinerama, provides an 
optical artay which more nearly approaches that of 
a real environment. Such presentations, if system- 
atically varied and guided by theory, promise to 
solve many of the problems of visual perception. 

For the study of auditory perception the artificial 
production of pattern and se(fuence is not so diffi- 
cult as for visual. The input to the ears is easier to 
control than the input to the eyes. Recent advances 
in electronic and mechanical devices enabh' the 
experimenter to manipulate air vibrations in the 
physically complex ways that are characteristic of 
informative sounds. Nol only can natural sounds 
be ifHorded and reproduced with fidelity, thev can 
also be produced to order. Speech sounds, for ex- 
ample, can be synthesized. From this it is only a 
step to the psychophysics of speech perception. 

When animals or young (diildren arc used as sub- 
jects in perception experiments, the experimenter 
must be content with behavioral discriminations. 
Verbal discriminations and descrit)tions by a human 
adult provide somewhat more direct and subtle 
evidence of the t)erceptual proc ess. But the methods 
are fundamentally tlie same in that they consist of 
establishing the dependence of responses on stim- 
uli. 

The controllable types of stimulation for the ex- 
perimental study of perception depend on the kinds 
of energy to which the external receptors will re- 
spond, whether optical, acoustical, thermal, chemi- 
cal, or mechanical. Examples of uncontrollable 
.stimuli are the force of gravity as registered by the 
inner ear, which cannot now be experimentally elim- 
inated, and the stimuli originating within the body, 
which cannot be experimentally controlled. If a 
pattern and sequence of stimulation which ordi- 
narily arises from a real object or event is applied 
to the sense organs by an experimenter, the object 
or event will be perceived as if real, and with all 
its richne.ss of meaning. If the variables of adjacent 
and successive order in the stimulus are manip- 
ulated, the phenomenal object will vary correspond- 
ingly. There is no difference in this respect between 
the distance receptors and the contact receptors, 
that is. for example, between the seeing of an ob- 
ject by light at the eye and the feeling of an object 
by contact at the skin. Both light and mechanical 
impact ordinarily carry information about solid 
substances in the environment, albeit somewhat 
different information. The ability to apprehend 



solidity at a distance by means of light is no more 
a special problem for perception than the ability 
to apprehend solidity at zero distance by touch, or, 
conversely, perception of a surface by touch is no 
more self-explanatory than perceiving it by sight. 
In either case, some property of the stimulus must 
specify solidity. 

A substance must be in contact with the tongue 
in order to be tasted; it must be touched so that its 
texture or temperature may be felt. One must come 
fairly close to an object in order to smell it, but a 
large number of its properties can be identified 
from afar if it can he seen. The properties that 
enable such identification of an object are color, 
texture, shape, size, distance, mobility, its place in 
the layout of surfaces comprising the rest of the 
environment, and its identity, that is, the properties 
that distinguish it frorn other objects. If it is a 
noisy object, or a being which vocalizes, identifi- 
cation can often be made even in darkness or 
around a corner. All such discriminations may be 
tested experimentally. Taken together, they make 
up the f)erception of the natural world. The infor- 
mation which the individual obtains concerning the 
state (»f the world and his situation in it is conveyed 
to him wholly by stimulation. 

PROBLEMS OF SENSORY PERCEPTION 

The problems of perception used to be formu- 
lated after describing the sensations of color, 
brightness, pitch, loudness, pressure, warmth, cold, 
pain, sweet, sour, salt, bitter, and so on. The prob- 
lems consisted of such cpiestions as how space, 
time, form, and motion are |)cr<'eived. There were 
also the (juestions of i. w objects are discerned 
and how their meanings are perceived. Most puz- 
zling was the problem of explaining the constancy 
of phenomenal objects in the fact of the fact that 
their retinal images do not remain constant even 
from one moment to the next. The literature of 
these problems is extensive (E, G. Boring, 1942; 
J. J. Gibson, 1950; M. D. Vernon, 1952). An at- 
tempt will be made here to reformulate the prob- 
lems in such a way as to represent modern direc- 
tions of re.sean'h. There is, first, Perception of 
environmental spaces; second, the perceplion of 
permanent objects; and third, the perception of 
changes and events. At a higher level of complexity 
there is a whole series of problems concerned with 
the perception of other persons, of their actions 
and of social stimuli they emit, notably words. 

Environmental spaces. It is very doubtful that 
the infant first sees a patchwork of colors in two 
dimensions and then graduallv -learns to interpret 
the patches in relief and at various distances away 
from him. It is more likely that what the infant 
sees is an undifferentiated, but by no means a flat 
picture. The theory that it is a flat picture, however, 
has been taught for so long and is so much a part of 
the history of Western thought that it is widely 
taken for granted. The clues for the interpretation 
of depths and distances are said to be linear per- 
spective, apparent size, interposition, shadows, and 
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aerial perspective. These are the monocular signs 
of distance and together with apparent motion that 
furnishes the parallax clue, and retinal image dis- 
parity, which supplies the binocular clue, form 
bases for such interpretation. This list is a mixture 
of facts taken from painting, physics, and physiol- 
ogy. 

A simpler question is how terrestrial animals, in- 
cluding men, perceive the terrain. The question 
can be extended to individual terrain features such 
as canyons, fore.sts, rooms, corridors, roads, air- 
lanes, and evt the planetary system; each item, 
however, concerns places or specific environments 
rather than empty space. The investigator is then 
led to analyze the array of light projected to a 
station point in a given environment, then to a 
traveling station point, and finally to the different 
station points of two eyes. Variables in the pro- 
jected light which specify the properties of the 
environment can thus be discovered, including the 
rec-ession. the slant, and the discontinuities of sur- 
faces. The information 'is carried by variables of 
structure and transformation. Perspective, motion 
parallax, and binocular disparity can be treated as 
stimulus variables instead of clues, and the stimu- 
lating capacities of these variables can be tested 
experimentally. 

Concurrent gradients of pattern, of motion, and 
of disparitv are characteristic of the light reflected 
from a continuous surface like the ground. In addi- 
tion, there is usually the cutaneous stimulation 
froTn contact with the ground and always the force 
of gravity acting the inner ear and the muscles. 
If the perception of a ground plane can thus be 
accounted for. it provides a literal basis for under- 
standing the perception of other special environ- 
ments and places. 

Surfaces and permanent objects. Texture or 
pattern in light specifies .some thing or entity in 
that direction ; textureless light specifies nothing in 
that direction. The former typically comes from the 
earth; the latter from the sky. Against cither back- 
ground, u c'oherent pattern with a contour specifies 
a delimited object in that direction. Stationary ob- 
jeetb, together with the ground, constitute the per- 
manent environment. Such objects are of many 
types: obstacles to locomotion, or goals to be ap- 
proached; vantage points or shelters; edible sub- 
stances or dangerous ones. They have to be dis- 
criminated and identified by cdlor, texture, shape 
and size so as to react appropriately to them. The 
question of how this is possible is asked by psy- 
chologists. The projected shape and size of the ob- 
jects are never the same from one moment to the 
next as the individual moves about. Moreover, the 
intensity and color of the light reflected from them 
does not stay constant from noon to sunset. This is 
one way of putting the problem of the apparent 
constancy of phenomena] objects. In actual fact, 
the projected array from the entire permanent en- 
vironment, ground and objects alike, undergoes a 
continuous perspective transformation whenever 
the perceived moves. It is a question not only of 
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why objects stay constant in perception but also of 
why the ground does. 

Although various roundabout answers can be 
made to this query, the simplest is that there are 
both variant and invariant properties of optical 
stimulation under transformation, and that the in- 
variants are the stimuli for the perception of invari- 
ant objects, that is, permanent and rigid ones. For 
example, the kind of texture that a surface possesses 
remains invariant; rectilinearity remains invariant; 
and such properties as triangularity or quadrangu- 
larity remain invariant. The variant or changing 
properties of the continuous transformation, on the 
other hand, are stimuli for the perception of loco- 
motion. On occasion, one may get the impression of 
a nonrigid or quasi-elastic environment during lo- 
comotion, but this is a secondary, not a primary, 
phenomenon. The above answer would explain how 
an individual can j)t?rceive the permanent layout of 
the environment and perceive himself moving 
through it, both at the same time. 

The invariants in an array of light which specify 
the color of a surface despite changes in the illumi- 
nation of the whole layout of surfaces are not yet 
fully understood, hut there are a number of rela- 
tional magnitudes which might serve, and progress 
is being made in discovering them. 

If the momentary retinal pictiires, shifting with 
every new fixation of the eyes, arc taken to l,*p the 
stimuli for vision, as physiologists assume, the fact 
of permanence in perception borders on the mirac^ 
ulous. The situation is clarified when it is realized 
that retinal images are not stimuli hut incidents in 
the exploratory activity of the eyes, which function 
to register the ambient light at a given location. 
There is a sequence of overlapping images, to be 
sure, for the exploration must operate overtime, 
but the particular sequence is largely irrelevant. 
The stimulus for the visual system is focusahle 
light, and this is stable and permanent for the given 
location. The situation is not unlike that of explor- 
atory touch, with the hand and fingers moving over 
the edges of an object. The changing pressure- 
patterns on the skin appear to he wholly incoherent 
and. indeed, the sequence may never be twice the 
same. But the invariant features of the transform- 
ing pressure-patterns are perfectly coherent, and 
these are registered. These specify the permanent 
shape of the object. 

Changes and events. Within the permanent en- 
vironment described above, there may be moving 
objects, and their motion may be either rigid or 
nonrigid. Substances in the solid state generally 
move without deformation, in accordance with me- 
chanics; liquids and gases f streams, clouds, fire) 
generally undergo deformation. The motions of 
animals, including the expressive movements of hu- 
man beings, are of the latter sort. Both types and 
many subvarieties of such movements are distin- 
guished by vision. The projected motions which 
present themselves to an eye are all geometrical 
transformations. With this as a basis, the question 


is how the rigid motions of objects can be distin- 
guished from the elastic changes. Putting the ques- 
tion diflFerently, why are the perspectives of the 
same object not confused with the changes that 
would transmute an object into a different one? 
The answer may be that the transformations in 
question belong to different “groups,” and that the 
eye registers the difference. In fact, both human 
and animal eyes seem to be very sensitive to the 
types and parameters of geometrical transformation. 

When a door opens, the optical rectangle he- 
roines a trapezoid hut the door is seen as rigid and 
turning. The variant component of the stimulus 
yields change of slant; the invariant component 
yields rigidity or constant shape. When an ameba 
elongates itself, the same invariants are not present; 
elasticity or changing shape is seen. 

The perception of even more complex events of 
the natural environment, such as the collision of 
two solid objects, is beginning to he studied. 7'he 
optical stimulus for the impression of one-thing- 
rnoving-anolher (‘.an be isolated, and as A. Michotte 
(19S4) has demonstrated, the experience is more 
simple and direi t than might he anticipated. 

Persons and the cultural environment. In ad- 
dition to the environment of posture, locomotion, 
and rnanipuJalion. there is the eomplex environment 
of soc ial behavior. Not only solid objec ts but social 
olijecls are perceived. Othc»r individuals and their 
actions, including facial expressions, gestures, 
speech, writing, pictures, music, and .symbol.s, are 
all sources of visual and auditory stimulation. This 
is the area in which a great deal of research in per- 
ception has been cHincenlrated because these stim- 
uli and the corresponding perceptions preoccufiy 
human life. But this is also where the perceptual 
proce.ss becomes most complicated and least direct. 
The pattern and secfuence of the stimulus ceases to 
he geometrically related to its objec'l or event and 
begins to be arbitrarily related to it only by social 
agre^ement. The optical forms and acoustical sounds 
begin to he c*i)ded, that is, to have meaning by con- 
vention rather than by isomorphic relation. Signals 
or symbols will induce correct percepts, but only if 
the perceiver has been educated in the social group 
which uses them. 

The perception of persons may be fairly direct, 
as are the perceptions of even simple actions like 
attack, but the perception of their words is indirect. 
The understanding of language is in.separably re- 
lated to the producing of language, that is, to com- 
municating. For the child, making speech sounds 
or written marks is part of perceiving them. Both 
must be learned, the spoken word along with the 
perception of speech, and writing along with read- 
ing. The child thUsS learns to evoke perceptiems in 
another individual as well as to have perceptions. 
Communication i.s usually circular, and there is a 
feedback loop through another individual beyond 
the kinesthetic, auditory, and visual loops of self- 
stimulation. The ability to respond to the products 
of one’s own vocal or graphic behavior in the same 
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way as others do is basic to human knowledge and 
thought. When the child begins to perceive things 
in cooperation with others, the perceptual process 
reaches a higher stage than before. 

There are many references in the scientific litera- 
ture of experimental work on the perception of 
graphic material, that is, line drawings, pictures, 
symbols and nonsense forms. But this work is hard 
to interpret because stimulus material carries a 
mixture of intrinsic meaning and coded meaning. 
Visual forms or line drawings have a vague status 
which lies somewhere between substantial objects 
and symbolic tracings on a surface. Experiments in 
“form perce[)tioir’ suffer from this ambiguity; the 
observer tends to perceive both a semirepresented 
real object and the literal markings on the surface, 
tiie perce|jl being a compromise between them. The 
light entering the eye does nol specify either a fully 
Buhstantial surface or a fully symbolic artifact, hut 
it has some features of both. 

IVrceiving hy way of coded stimuli is a large 
field for experimental inv<*stigation. The most ac- 
tive study up to the yiresent has been connected 
with communication systems and with verbal mes- 
sages (see 1nk)Rmati()i\ theory). 'Phe study of 
partially coded stimuli, fac ial exi)ressioii.s, or mu- 
sic. for exam file, is less advanced. And llie scientific 
understanding of the nonrepresentative pictures 
made hv modern artists is a! a primitive level. 

J*erceiving is in fiart a matter of first-hand ac- 
quaintance, independent of language. It is also in 
part a kind of cxfierience at second hand, modu- 
lated by the conventions of language. The blending 
of these seemingly disparate influences in man’s 
knowledge* ot the world is major theoretical prob- 
lem which is not yet solved. f J..T.GI.] 
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Perch 

A term which, when properly limited, applies only 
to the yellow perch, Perea flavescensy and its Euro- 
pean relatives. 

The yellow perch is one of the ’^ost common of 
the panfishes in North America, especially in the 
Upper Mi-ssissippi and Great Lakes drainage 
areas. It is a fine food fish, readily caught by an- 
glers at all seasons of the year. In many lakes it is 
given to over-reproduction and stunting if not se 
verely fished. 

The term perch is commonly misused. For exam- 
ple, the rosefish is frequently called red perch or 



The yellow perch, Perea flavescens; length to 12 in. 
{From E. L Palmer, Fieldbook of Natural History, 
McGraw-Hill, 1949) 


ocean perch; the white bass or fresh-water drum 
are often called white perch; and the general term 
perch is used for any of several fresh-water sun- 
fishes, f)articLilarly black perch or the green sun- 
fish. .See Perciformes. | j.d.b.] 

Perchlorate 

A compound which contains chlorine in the 7-f 
oxidation state and which is derived from perchloric 
acid, HCIOj. Perchlorates are more stable than 
chlorates, chlorites, or hypochlorites but are never- 
iheless exc ellent oxidizing agents. On heating, per- 
chlorates decompose into potassium chloride, KCl, 
and oxvgen gas. Because of their oxidizing proper- 
ties, perchlorates find use in explo.sives and as 
oxidizing agents in the laboratory. 

Potassium perchlorates can be prepared by heat- 
iiig potassium chlorate. 

4KC1()., A3KCI04 4- KCl 

In a side reaction some oxygen is liberated. 

2KC10,. 2KC1 + 302 

Sodium perchlorate is also prepared commer- 
cially by an eleclrc:)c hemical process. Sodium chlo- 
rate made from sodium chloride and chlorine is 
the starting material (see Chlorate). The so- 
dium chlorate is then electrolyzed with the net re- 
action at the anode being 

ClOr H 2 O CIO 4 - -f 2H+ 4- 2e 

Sodium perchlorate is then converted to per- 
chloric acid or other metallic salts. See Chi^uune; 
Hypochlorite; Oxidizing agent. [e.e.wr.] 

Perciformes 

The typical spinv-rayed fishes, also known by the 
ordinal names Acanthopteri and Percornorphi. This 
is the largest order of vertebrates. It includes a 
diversity of structural types as well as of size, from 
a length of less than Lj in. to a weight of nearly 1 
ton. The characters of the Perciformes include fin 
spines which are usually present; a pelvic fin which, 
if present, is usually thoracic tr jugular in posi- 
tion; the pelvic girdle usually attached to the 
cleithra, sometimes connected by ligaments: the 
pelvic fin usually with a spine and 5 soft rays, 
the latter occasionally reduced; the pectoral fin 
base more or less vertical, usually placed well up 
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Yellow perch, Perea flavescens. (After G. B. Goode, 
Great International Fisheries Exhibition, London, 1883, 
U.S. Natl. Museum Bull. 27) 

on l}ie side; an upper jaw bordered largely or en- 
tirely by premaxillae; orbitosphenoid and meso- 
eoraeoid absent; a swimbladder without a duet; a 
j)ostieinporal whieh is usually forked, articulating 
to the ‘'kull ; scales usually ctenoid, sometimes seo 
luidarily cycloid, absent, c>r variously modified; 
caudal fin with 17 principal raws (lo branched) or 
fewer; h\oid arch with 4 branchiostegal rays at- 
tached to the outer face of the ef)ihyal and cerato- 
lival above the |)rominent angle of the ceratohyal, 
plus 14 rays, usually 2 3, attached to the edge of 
the ceratohyal below the angle, the number rarely 
further reduced. 

Adaptive radiation. Perciform fishes dominate 
the modern vertebrate life of the oceans and hiyre 
done so throughout the Cenozoic. The group first 
apt)eared in the llt)per Cretaceous, after which it 
underwent a rapid adaptive radiation ; many of the 
basi<* structural types, as well as most major orders 
of perciform derivatives such as the Pleuronecti- 
forme^. Tetraodontiformes, and 1 .ophiiformes. were 
present in the Eocene. A few families of pen iforms 
have been notably successful in fresh water, the 
Cichlidae in Africa and South America, the Cen- 
iran hidae in North America, the Percidae in North 
America and Eurasia, the Anabantidae in south- 
eastern Asia, and many other families which have 
achieved limited success in invading fresh wat(*rs. 
Other families including the Chiasmodontidae, 
Brotulidae. and Cyclopteridae have effectively 
adapted to life in the deep seas, and still others, 
such as the Scombridae, Strornateidae, and Cory- 
phaenidae, have become specialized for pelagic 
existence. It is in the shore areas, the offshore 
banks, the coral reefs, the coastal beaches and 
lagoons, and the intertidal zone, however, that the 
perciforms have attained their ultimate achieve- 
ment. Here the enormous variety attests the adap- 
tive effectiveness of the! group. Because the knowl- 
edge of classification is still imperfect, no accurate 
enumeration is yet possible, but a rough tally indi- 
cates that the order contains 17 suborders, about 
137 families, and nearly 1200 genera. These figures 
are conservative ; the number would be substantially 
increased by adopting the arrangement accepted by 
splitters. An estimate of the number of included 
species, perhaps 8000, should be accepted merely 


as a rough guess, possibly in error by 25% or even 
more. 

Economics. From an economic standpoint the 
Scombridae, including the oceanic tunas and mack- 
erels, rank first among the perciforms. The Sci- 
aenidae or drums, the Serranidae or sea basses, 
the Scorpaenidae or rockfishes, the Carangidae or 
jacks, the Cichlidae of tropical fresh waters, the 
Percidae of temperate fresh waters, and other 
groups support important commercial fisheries. 
Some of these and other families, such as the Cen- 
trarchidae or sunfishes, the Istiophoridae or sail- 
fishes and marlins, and the Pomatornidae or blue- 
fishes are valued in sport fisheries, and hence are of 
great recreational and indireci economic impor- 
tance. .Sec AcTiNoeTKRYCii ; Fishkrifs conserva- 
tion. Ir.m.b.I 

Percopsiformes 

A small order of actinopterygian fishes which is 
perhaps remotely related to the Berycu formes. The 
group is also known as the .Salmopercae. Its char- 
acters include single ray-supported dorsal and 
anal fins, each with 1-4 anteri(>r spines; pelvic fin 
subabdominal in position, with a minute spine and 
7 8 soft rays; pelvic girdle attached to the post- 
cleithra; upper jaw bordfjred by premaxillae; no 
orbilosphenfud bone; swinil)ladder without a duct; 
and body covered with ctenoid scales. 



Sand roller, Percopsis transmontana. (After D. S. Jor- 
dan and B. W. Evermann, The Fishes of North and 
Middle America, U.S. Natl. Museum Bull. 47, 1900) 


Two families, two or three genera, and three 
Recent species of North American fresh-water fishes 
comprise the order. Eocene and Miocene fossil 
genera from North America are assigned to the 
group. The species attain a maximum length of 6 
in. and inhabit sluggish or standing waters. See 
Actinopterygii ; Beryciformes. [r.m.b.I 

Perennial plants 

Plants which live for more than two years. Tree*^ 
and shrubs, and many grasses, sedges, and other 
herbaceous plants are perennials. During unfavor- 
able sea.sons the aerial parts may die, but the roots 
remain alive. Some perennials produce flowers and 
seeds during their first year and annually there- 
after. .Some, such as the apple, bear no flowers until 
their fourth or fifth year but bloom each year there- 
after. Other perennials, as ihe agave, bear no flow- 
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ers before they become 10 or more years old, and 
then, after flowering, the plants usually die. See 
Plant. | p.d.s. ] 

Pericycle 

The pericycle is commonly defined as the outer 
boundeiy of the stele of plants (sec Stell). Origi- 
nally it was interpreted as a band of cells between 
the phloem and the innermost layer (endodermis) 
of the cortex. Such pericycle is commonly found in 
roots and, in lowtjr vascular plants, also in stems. In 
higher vascular plants, however, a distinct layer of 
cells may not be present between the phloem and 
the cortex. The homogeneous groups of fibers lo- 
cat(?d on the outer boundary of the i)rimary phloem 
in many sterns arc not peric'yclir in origin but de- 
velop in the earliest part of the phloem, whose re- 
maining cells are obliterated. The pericycle, if 
present, may lie composed of parenchyma or scle- 
rem hyma ( ells with lelativelv thin or heavily tliick- 
ened walls. It rna* lie one to several layers in radial 
dimensions ( Fig. 1 ) . 

Prirnordia ol branch repots (‘oinmonly arise in the 
pericycle in seed plants, most frequently outside 
the xvleni ridges (Fig 2). The first c(>rk cainhium 
may al-o arise in th^ pericvcl<! of those roots that 



Fig. 1. (o) Part of tronsection of root of Actaeo alba 

Mill., including xylem and phloem. Pericycle thin- 
walled and one cell in radial dimension, (fa) Part of 
transection of root of Srnilax herbacea L. including 
phloem Pericycle thick-walled and 4-5 cells :n radial 
dimension (bracket). 



pericycle 

Fig. 2. Vertical section of a root showing progressive 
stages in development of □ secondary root from the 
pericycle, and growth through the cortex of the 
primary root. (From G. M. Smith, A Textbook of 
General Botany, Sth ed., Macmillan, 1953) 


have secondary vascular- tissues. In roots, a part of 
the va.scular cambium itself (that outside the pri- 
mary xylem ridges ) originates from pericycle cells. 
See CoKTEX. plant; Endodermis; Meristem, lat- 
eral; Parenchyma; Phloem; Root (botany); 
ScLERENCHYM A ; Stem (botany) ; Xylem ; see also 
Plant tissue sy.stems. fv.i.c.] 

Periderm 

The protective tissue system of .stems and roots 
composed of the cork cambium (phellogen) and 
its derivatives cork (phellem) and phelloderm (pa- 
renchyma). Cork occurs on the outside, the jihel- 
loderm on ih^ inside of the cork cambium (Fig. 1). 
Periderm develops typically on woody roots and 
Stems of dicotyledons and gymnosperms. Herba- 
ceous stems, stems of monocotyledons, leaves, and 
even fruits may likewise develop periderm although 
it may be limited in area and thickness. Some woody 
monocdtyletlons develo(» a special kind of periderm, 
(^orklike in striicliire. called storied cork becau.se 
of cell anangement. Corky zones of many herba- 
ceous roots are really siiberized cortex. 

Origin of periderm. Typical periderm origi- 
nates in m(»re or less mature primary tissues, the 
( ells of which resume meristematic activity. The di- 
visions occur parallel with the suiface of the organ, 
that is. in tangential planes. In roots, the cork 
cambium usually arises in llic pericycle and the sub- 
sequent formation of cork causes the sloughing of 
the cortex. In .stems, any living tissue outside the 
va*-' lar cambium may develop a cork cambium. 
Cells jiroduced by this cambium towoird the outside 
differentiate into cork as the cell walls become 
subei ized and the protoplasts disintegrate. Some 
cork cells appear to be emplv. others contain resin- 
ous or lanniiiiferous eigastic substances. The phel- 
loderm ('clIs, which are formed toward the inside, 
remain alive and often resemble the parenchyma 
cells of coilex or phloem. Their radial alignment 
with the cork cambium .and cork provides the evi- 
dence that they a**e part of the periderm. The phel- 
loderm is sometimes called secondary cortex. 

Lenlicels are characteristic of many oeriderms 
(Fig. 2). These structures are lens-.shaped regions 
of periderm where the cork cambium divides more 
frequently than ehsewhere and the derivative cells 
are not as compactly arranged as the cork cells. 
The lenlicels may develop before the rest of the 
periderm; the cork cambium then spreads from 
lenticel regions. The lenticel cells may or may not 
be suberized. All or part of these cells gradually 
separate from one another. In many plants layers 
of loosely arranged cells alternate with compact 
layers, which are ruptured periodically by the pro- 
duction of more cells underneath. The cells in the 
alternating zones are called complementary cells 
and closing cells, respectively. Functionally, len- 
ticcls are considered to be regions of the periderm 
that allow gaseous interchange between the internal 
regions of the plant and the atmosphere. In this 
respect, lenticels seem to be secondary replace- 
ments of the stomata of the epidermis. 
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Cork. Cork may be elastic, smooth, and uniform 
in structure. Or it may also contain sclereids (hard- 
walled cells) distributed in various patterns. Cork 
varies in thickness. Commercial cork is an example 
of a thick cork. Annual rings are known to occur in 



— epidermis 

pheilem (cork) 

phellogen (cork cambium) 
phelloderm (parenchyma) 
cortex 


Fig. 1 . Periderm. Cross section of superficial layer in 
twig of Populus delfoides; the cork cambium arose in 
the outermost cortical cells, and has formed four lay- 
ers of cork cells and one of phelloderm; the cork is 
covered by dead, tannin-filled epidermal cells. (From 
A. J. Fames and L. H. MacDaniels, An Introduction to 
Plant Anatomy, 2d ed., McGraw-Hill, 1947) 



closing ceils 


complementary 
ceils 



phelloderm 


( b) 


Fig. 2. (o) Lenticeis of alder (Alnus incana). The 

stem was 4 in. in diameter (from C. L. Wilson and 
W. E. Loomis, Botany, rev, ed., Dryden, 1957). (b) 
Lenticel of Prunus avium in transverse section of stem. 
A number of successive layers of complementary and 
closing tissue have been formed, and the thick layer 
of phelloderm dips inward into the cortex (from 
A. J. Fames and L. H. MacDaniels, An Introduction to 
Plant Anatomy, 2d ed., McGraw-Hill, 1947). 



Fig. 3. Radial section of periderm of paper birch 
(Betula papyrifera Marsh) showing alternate layers of 
radially narrow ond broad pheilem (cork) cells. 
(Forest Products Laboratory, USDA) 


cork (Fig. 3). Some plants produce corky wings on 
their stems, for example, cork elm and sweetgum. 
Roots and underground stems rarely accumulate 
cork. Exposed portions of roots or rhizomes, on the 
other hand, may accumulate cork (or rhytidome) 
in much the same way as aerial stems. 

Corky zones develop regularly as spots on some 
fruits, for example, apple and pear, in the styles of 
pineapple, and as ridges on Circaea fruits. Tn some 
aquatic or marsh plants, cork cells become 
T-shaped, so that the tissue encloses large air 
spaces. Such tissue is an example of the so-called 
aerenchyma. Cork which forms in response to 
wounding is similar to normal cork. Periderm often 
develops in connection with abscission of leaves and 
other structures; it may precede this phenomenon 
or it may develop as a wound cover after abscission. 
See Bark; Cortex, plant; Epidermis, plant; 
Fruit (botany); Leaf (botany); Parenchyma; 
Pericycle; Phloem; Root (botany); Sc.leren- 
cuyma; Stem (botany). | h.w.bl.J 

Peridotite 

A dark-colored, phaneritic (visibly crystalline) ig- 
neous rock composed largely of olivine with smaller 
amounts of pyroxene or hornblende. It is one of a 
group of essentially feldspa^free rocks called ul- 
tramafites (meaning extremely rich in mafic or 
dark-colored minerals). As feldspar (calcic plagio- 
clase) increases, the rock passes into olivine gah- 
hro; as pyroxene increases at the expense of oli- 
vine. the rtK'k passes inlo pyroxenite. As hornblende 
becomes the dominant mafic, the rock becomes a 
hornhlendite. Fresh pt^riodotite is one of the heavi- 
est (specific gravity 3.3 rb ) igneous rocks. 

Composition. Olivine is generally magnesium- 
rich and forms rounded to irregular grains. It is 
essentially the only mineral in the green, sugary- 
looking rock called dunite. Orthopyroxene is gen- 
erally magnesium-rich (enstalite), and the clino- 
pyroxene may be diopside, augite, <»r rarely 
titaniferous augite. Amphiholc is brown or green 
hornblende and less commonly barkevikite. Mica is 
rnagnesium-rich (phlogopite) and colorless to red- 
brown. Accessory minerals include chromite, mag- 
netite, ilmenite, spinel, apatite, and garnet. A va- 
riety of mica peridotite called kimberlite occurs in 
pipelike bodies near Kimberly, South Africa, and 
carries small quantities of diamond. Other perido- 
tite.s are platinum-bearing. Peridotite is usually 
more or less altered to serpentine, chlorite, carbon- 
ate, talc, and actinolite. 

Texture and structure. Most peridotites are 
even-grained except a few which show large, ir- 
regular pyroxene grains enclosing smaller grains 
of olivine and magnetite. Certain minerals may be 
segregated to form banded and layered structures. 
In some rocks elongate olivine grains in subparallel 
orientation produce a flow structure. In others 
the texture suggests extensive movement and granu- 
lation of olivine crystals. 

Occurrence. Peridotites are found as thin sheets 
or lenses interlayered with gabbro, pyroxenite, and 
anorthosite. Here they appear to have diflerenti- 
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ated from gabbroic magma (rock melt). Fine exam- 
ples include those of the Stillwater complex in 
Montana and the Transvaal, South Africa. Where 
formed as pipes, plugs, and dikes, peridotite ap- 
pears to have had little thermal effect upon the en- 
closing rocks. This suggests the material was in- 
jected as a relatively cool crystal mush rather than 
a complete melt (magma). Many serpentine masses 
in fold-mountain chains may represent altered peri- 
dotitc intrusives. Perhaps many such bodies, how- 
ever, represent products of metamorphism and 
metasomatism. See Gabbro; Igneous rocks; 
Metamorphism; Metasomatism; Petrographic 
province; Pyroxenite. [c.v.ca.I 

Perigee 

The point nearest the Earth in the orbit of the 
Moon or of an artificial satellite. At perigee the 
Moon is 5V2% closer to Earth than at its mean dis- 
tance, the orbital eccentricity being O-OSS. Because, 
on the average, the Moon and Sun subtend nearly 
equal angles, a solar eclipse near perigee lasts 
about ,S min; an eclipse near apogee is annular. 
Tbc line porigee-Earth-apogee is the major axis of 
the orbital ellipse or the line t»f apsides. The dif- 
ferential attraction of the Sun on Earth and Moon 
causes the line of apsides of the Moon to move for- 
ward in the orbital plane with a period of 8.8.S 
years. See Moon; Pebihemon. [g.p.k.] 

Perihelion 

In astronomy, that point at one extremity of the 
major axis of the elliptical, parabolic, oi hyper- 
bolic orbit of a planet < r comet about the Sun, 
where the planet or comet is clo.sest to the Sun. The 
instant when a planet or comet is at perihelion is 
referred to as the lime of periheli* ^ passage. For 
Earth this occurs about the third of January, at 
which time Earth is ''<*me 1.550,000 miles closer to 
the Sun than its mean distance of 92.900,000 miles. 
See Ceiestial mechanics; Orbital motion. 

[r L.D.l 

Period (periodic phenomena) 

The time inlerval of a single repetitn i of a varying 
quantity of a motion or phenomenon which repeats 
itself regularly. The period is the reciprocal of the 
frequency. See Frequency (wave motion). 

Waves which have regularly repeated time-vary- 
ing quantities are teimed periodic (see Periodic 
motion). Tn general, any complex periodic wave 
can be described by a Fourier analysis as the sum 
of a series of sine and cosine partial waves whose 
periods are integral multiples of a single period 
known as the fundamental period of the complex 
wave. See Wave motion. [w.j.c.] 

Periodate 

A salt which contains iodine in the 7-1- oxida- 
tion state and which is derived from periodic acid. 
Periodic acid is known in three forms ; meta- 
periodic acid, HIOi; dimesoperiodic acid, H 4 I 2 O 9 ; 
and paraperiodic acid, H5I06- The corresponding 
salts are also known. 


Only the periodates of sodium and potassium are 
important. Sodium meta periodate, NaI 04 , and po- 
tassium metaperiodate, KI 04 , arc used as oxidizing 
agents in analytical chemistry. See Iodine. 

[e.e.wr.] 

Periodic motion 

Any motion that repeats itself identically at regular 
intervals. If x(t) represents the displacement of 
any coordinate of the system at time a periodic 
motion has the property that 

x{t -f- T) = x{t) 

for every value of the variable time t. The fixed 
time interval T between repetitions, or the duration 
of a cycle, is known as the period of the motion. 
Frequency is the number of repeating cycles per 
unit lime, and is numerically equal to the reciprocal 
of the period T. 

The motion of the escapement mechanism of a 
watch, the motion of the. earth about the sun, and 
the more complicated motion of the crankshaft, 
piston rods, and pistons in an engine running at 
uniform speed are all examples of periodic motion. 

The vibration of a piano string after it is struck 
is a damped periodic motion, not strictly periodic 
according to the definition. Although the motion 
very nearly repeats itself, and with a fixed repeti- 
tion time, each succt^ssive cycle has a slightly 
smaller amplitude. See Damping. 

Any periodic motion can be expressed as a Fou- 
rier eu’ies — a sum of sine and cosine terms whose 
frequencies are integral multiples of the frequency 
/ of the periodic motion. Thus 

x{t) - Ao + I>nAn cos (27rn/0 -h sin {27rnft) 

where the As and Bs are constant coefficients, and 
the sums may be taken over all positive integer 
values of n. For the special case in which the coeffi- 
cienta all vanish for n > 1, see Harmonic motion ; 
see also Fourier series am) integrals. 

Many systems with more than one degree of free- 
dom, whose motion is not simply periodic, are mul- 
tiply periodic. The motion may be resolved into 
parts (for example, horizontal and vertical com- 
ponents, radial and tangential components) each of 
which is periodic, but with periods that are not 
commensurate. One example is the vibration of a 
hell, whose overtone frequencies .are not simply re- 
lated to the fundamental frequency. The motion of 
the solar system is multiply periodic because it 
never exactly repeats itself, even though each 
planet moves periodically. See Vibration; Wave 

MOTION. fj.M.KE.] 

Periodic table 

A table of the elements, written in sequence in the 
order of atomic number or atomic weight and ar- 
ranged in horizontal rows (periods) and vertical 
columns (groups) to illustrate the occurrence of 
similarities in the properties of the elements as a 
periodic function of the sequence. 

Although the principle of the periodic arrange^ 
ment was firmly established nearly a century ago. 
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there has been niurli debate as to ihe^ most suitable 
form of display. A widely accepted modern ar- 
rangement is presented in the accomi)an\ ing table, 
which is commonly referred to as a “long"’ table. 

Each element, represented by its symbol, oc(’U“ 
pies a separate square of the table, together witlV^ts 
atomic’ number and atomic weight. The se(|uential 
arrangement is in the order of atomic number. 

The table divides the elements into nine groups, 
designated bv numerical column headings, and 
seven periods. Se\en of the nine groups are further 
divided into a and 1) catc’gories. the a elements of- 
ten being classified as main group and the b as sub- 
group elements. Two r(»ws of elements (the lan- 
thanide. c»r rare-earth, series and the actinide series } 
which on the wlicde are best classified as members 
of group 111a occufiy special positions outside the 
main bodv of the table, as they cannot be included 
conveniently in periods six and seven. 

The following sections serve to illustrate some of 
the correlative features of periodicity. 

Valence. In general, elements in the same group 
display a similar valence, which is numerically 
equal to the group number. The rule holds most 
firmly for the main groups I through V, less so for 
the subgroup elements, and still less for the ele- 
ments of groups VI, VII, and VIII. Among these 
latter, the group number valence is more readily 
achieved by the heavier, as compared with the 
lighter, elements. (Group 0 elements are distin- 
guished by an almost complete lack of chemical 
reactivity and hence show zero valence.) 

Metals and nonmetals. The periodic table ef- 
fects a natural division of the elements in their ele- 
mental or uncombined state into metals and non- 
metals. The nonmetals are confined to the lighter 
elements of groups IVa through Vila. Between the 
area occupied by the typically metallic elements 


and that occupied b> the nonmctals there is a some- 
what ill-defined borderland»of elements (germanium 
(tc, arsenic As, aniiniony Sb, tellurium Te, and 
polonium Po ) whose ])r()pertie^ arc transitional be- 
tween the riietullic and nonmelallic elements. 

Acid-base properties of the oxides of the ele- 
ments. Associated in a general way with the de- 
gree of metallic charactei of an element is a prop- 
erty called electropositivity, which expresses the 
tendency of an element to form positive ions by 
I<»sing electnuis. 'Fhis properly is exhibited in high- 
est degree by the heaviest elements of group 1 and 
diminishes generally on proceeding to elements 
which lie above and lo the light of this position. 
Highly electropositive elements form oxides or hy- 
droxides whic’h are strong bases. Potassium hy- 
droxide (caustic potash) is a familiar example. 
The nonmetals, such as sulfur, attract electrons 
and hence are termed electronegative. Solutions of 
the oxides of these elements in water yield acids. 
Sulfur trioxide, for example, reacts with water to 
form sulfuri(‘ acid. 

Atomic volumes. The volume occupied by 1 
gram-atomic weight of an element in the solid state 
is called its atomic volume. If this property is 
plotted against atomic number, the resultant curve 
exhibits periodic maxima and minima, the former 
being due principally to the metals of group I and 
the latter to the metals of group VIII. 

Other properties. The preceding sections afford 
only a limited illustration of the immense correla- 
tive power of the periodic arrangement. Other prop- 
erties which have been shown to exhibit analogous 
trends and periodicities include oxidation potential, 
heat of formation of type compounds, electrical 
conductivity, melting point, boiling point, ionic 
radius, ionization potential, electron affinity, optical 
spectrum, and magnetic behavior. 
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First ionization potentials of the elements plotted as functions of atomic number. 


Althoii^fi .some mentioii lias been made of the 
lack of a^ieement with lespccl to details of the 
periodic arranf 4 (‘ment, it rnu.st not be imagined that 
its broad svsleniizalions are more dependent upon 
one form of table than another. 

The periodic lalile wa developed and largely 
perfected by Dmitri Mendeleev in the mid-nine- 
teenth century as an empirical correlation between 
the chemical properties of the elc lenta and their 
atomic weights. In the light of modern knowledge, 
no such correlation is to be expected, since the 
atomic weight is determined alrn<ist entiielv by the 
mass of the atomic nucleus which plays only an 
insignificant role in chemical reactions. 

With few exceptions, however, the sequence of 
elements according to atomic weif,ht is identical 
with that ai cording to atomic nuint)t'i Thi.s latter 
quantity is numerically equal to the number of 
extranuclear electrons in the neutral, or uncharged, 
atom of an element. It is the electrons, particularly 
those furthest removed from the nucleus, which de- 
termine chemical behavior. The laws of atomic 
jarchitecture, discovered in the early part of the 
present century, require that in a sequence of atoms 
:of regularly increasing atomic nuipber, there should 
jbe a periodic recurrence in the number and type of 
Jelectrons in the outermost electronic shell. This 
: forms the true basis of the periodic variation of the 
ipropertie.^ of the elements. 

^ Few systemizations in the history of science can 
rival the periodic concept as a broad revelation of 
the order of the physical world. In the rhythmic 
pattern of the properties of the elements, the 
architectural units of the universe, no aspect of 


their behavior changes in a capricious or wholly 
novel way. Whatever new elements may be dis- 
covered in the future, it is certain they will find a 
pla( «. m the periodic system, conforming to its or- 
der and exhibiting the proper familial character- 
istics. 

See Atomic stkijCtdre and spectra; Valence. 

f B.H.CU.J 

Bihliof'raphy : J. H. Hildebrand and R. E. 
Powell, Principles of Chemistry, 6th rev. ed.. 1952; 
T. Moeller, Inorganic Chemistry, 1952; L. Pauling, 
College Chemistry, 2d ed., 1955; C. T. Seaborg and 
K. C. Valens, Elements of Universe, 1958. 

Periodicity in organisms 

Characteristic rhythm*- or cycles of living phenom- 
ena. Collectively, living organisms display u broad 
spectrum of period lengths ranging from such high 
frequencies a.s those of brain waves (a complex of 
electrical-potential rhythms in the brain with many 
cycles per second) and heart beat, to the several- 
year cycles of abundance of various species. How- 
ever, periodicity in organisms shall here he arbitrar- 
ily interpreted to include only a limited group of 
periods, those related to the natural physical ones 
of the earth, namely days, lunar tides, months, and 
years. These periodicities commonly comprise im- 
portant adaptations of the organisms to the normal 
fluctuations of such obvious environmental factors 
as illumination, temperature, and the ocean tides. 
These rhythms, which in organisms in nature are 
usually quite precisely of the natural geophysical 
frequencies, have certain peculiar properties in 
common which tend to set them apart from other 
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biological periodisms and support the view that 
they arc utilized very importantly as “clocks” and 
“calendars,” to enable living things to live more 
harmoniously with their rhythmic physical envi- 
ronment. See Ecology. 

Examples of solar-day (24-hoiir) rhythmic phe- 
nomena, related to the rotation of the earth relative 
to the sun, are the sleep movement of plant leaves 
and petals, change in skin color of crabs, emer- 
gence of fruitflies from pupal < ases, wakefulness 
and spontaneous activity of animals, body tempera- 
ture. hormone titers in the blood, and susceptibility 
to drugs and toxic agents. Lunar-day (24.8-hour) 
rhythms, related to the rotation of the earth rela- 
tive to the moon, are characteristic of many activi- 
ties of animals dwelling on the seashores, 
subjected continuously to the moon-dominated 
ocean tides. The rhythmic daily and tidal patterns 
of organismic change are adjusted to the physical 
environmental cycles so as to he of optimal survival 
value. The synodic month of 29.5 days is the period 
between two successive synchronizations of solar 
and lunar “noons," or the average period separat- 
ing two consecuti\e new moons. Of this average pe- 
riod are. for example, the reproductive cycles of 
many marine animals and plants, and the human 
menstrual periods. Annual periodicities in organ- 
isms are most evident at latitudes distant from the 
F'(fuator, hut strangely enough, they may also «)ccur 
in organisms in the annual constancy of equato- 
rial regions. Familiar examples of annual rhythms 
are those of reproduction in animals and of growth, 
flowering, and fruiting in plants. See Body 
rhythm; Estrms; Gestation period; Plant 

PHYSIOLOGY. 

Persistence of the rhythms. Although in the 
natural environment the observed cycles clearly de- 
pend in good measure upon organismic responses 
to the cyclic patterns of such factors as light, tem- 
perature. and the ocean tides, it is comnionlv found 
that when the organisms are removed from their 
habitat and placed in conditions constant with re- 
spect to these factors, the organism not only may 
continue to exhibit the same rhythmic fluctuations 
with closely the same periods, but may retain in 
the daily or tidal cycles even detailed characteris- 
tics of the environmentally impressed adaptive pat- 
tern. The organism therefore possesses some means 
for timing these cycle periods which does not de- 
pend upon the rhythms of the obvious environmen- 
tal factors which normally determine the form of 
pattern of the cyclic fluctuation. Furthermore, this 
whole pattern of the persistently recurring cycles 
can be abruptly shifted to bear any arbitrarily se- 
lected phase relationship to the natural external 
day-night cycles by appropriately adjusting the 
time of day of occurrence of changes in such fac- 
tors as light or temperature in artificially admin- 
istered 24-hour cycles of the.se factors. Once 
shifted, the cycles may persist in the constant labo- 
ratory conditions with the newly impressed rela- 
tionships relative to the time of day by the clock. It 
is also known that even in constant conditions of 


light and temperature, the phases of the recurring 
fluctuations may display a spontaneous small daily 
shift to yield observed regular periods which are 
longer or shorter than the natural ones. 

The rhythms persisting in con.stant conditions 
are timed by a mechanism well adapted for retain- 
ing temporal precision. If timing were dependent 
exclusively on a clock of a conventional metabolic 
' type, the periods would shorten at higher tempera- 
tures and lengthen at lower ones. Drugs modifying 
metabolic rate would similarly give timing inac- 
curacie.s. However, numerous experiments have 
shown the organismic timer to be es.sentially inde- 
pendent of such alterations in metabolii- rate. 
Color-change cycles with accurate solar and lunar 
periods continiAc over a 20C‘’ temperature range in 
fiddler crabs in constant conditions. Plants con- 
tinue to show daily sleep movements of their leaves, 
or other rhythmic activities, with relatively little 
change in period, although they may be subjected 
to wide ranges of constant temperatures or follow- 
ing application of metabolic depressants. Seeds ex- 
hibit an annual rhythm of germinating capacity 
when stf)red in constant conditions, whether at 
— 22°C or 4-4*'>°C, or even in the continuous pres- 
ence of toxic agents or absence of oxygen. See 
Chromatochoke ; Protegtivk (.OLORATION. 

There is substantial evidence jhat certain per- 
.si.stent solar-day and lunar day rhythms comprise 
timing systems enabling animals such as birds and 
arthropods, which navigate using sun ar moon, to 
cQrrect continuously for the earth’s r(»tation, in or- 
der to maintain straight compass directions. There 
are also reasons to believe that solar-day rhythms 
serve as timers underlying the well-known organ- 
ismic response to seasonal changes in day length or 
photoperiod. See Photoperiodism in plants. 

Mechanism of persistent rhythms. From the 
preceding it is evident, on the one hand, that the 
“clocks” underlying organismic periodicities are 
remarkably stable and accuratt* in period length 
and yet, on the other hand, that the cyclic patterns 
of change are quite labile and plastic as the organ- 
isms adaptively use these basic clocks to adjust 
themselves readily to changing demands of the en- 
vironment. Tn brief, these rhythms comprise one of 
the most remarkable illustrations ol organismic 
adaptation to their physical environment. 

Two basic hypotheses exist for the nature of the 
organismic timing system. One of these is that the 
organism po.ssesses. quite independently of its 
physical environment, natural periods of biochem- 
ical oscillation matching closely all the natural 
geophysical frequencies. The periods are believed 
to have reached their present lengths with the aid 
of natural selection and now to be passed on geneti- 
cally. The major difficulty for this hypothesis is the 
problem of conceiving an organismic oscillator 
with such long periods as the geophysical ones, and 
of the extraordinary stability of period. Also, proof 
for the existence of such a fully autonomous clock 
.system must await demonstration of persistence of 
these same periods in organisms in space and away 
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from all possibly effertive geophysical periodisms. 

The other hypothesis is that the organismic pe- 
riods depend upon a continuing response of the 
organism to pervasive geojihysical rhythms. It has 
now been fully established that periodisms of all 
the natural geophysical frecpiencies actually do oc- 
cur in living things as a response to their physical 
environment, even under conditions constant with 
respect to all the factors formerly c onsidered able 
to influence them. It has also been possible to ac- 
count tpjite raticmally for all the unusual observed 
properties of physiological rhythms in terms of 
such exogenous timing, together with known prop- 
erties of adaptive phasing of the rhythms by light 
and temperature. This hypothesis also accounts for 
the extraordinary temperature- and dnig-indepeiid- 
enc e of the rhythm periods. [ f.a.u. | 

Bibliography: F. A Brown. Jr.. The rhythmic 
nature of animals and plants, Arn. Scientist, 47(2) ; 
!47 168. 19.S9; J. F. blarkcr. Diurnal rhythms in 
the animal kingdom. Biol. Revs., 62. 19.68: 

H. M. Wehb and F. A. Brown, Jr.. Timing long-cy- 
cie physiological rhythms. Physiol. Revs., 39(1): 
127 161,19.59. 

Perischoechinoidea 

A siiix las.- of Echinoidea lacking stability in the 
nMinhc.*r c»f c-olurnns of plates ccunprisirig the am- 
bulacra and interanilmlacra. The amhuJacral col- 
umns vary from 2 to 20. the ifitci anihiilacral from 
1 to 14. Of the four included orders, ihrc'c* arc cx- 
ciusivclv Paleozoic; the other, Cidaroida. includes 
both Paleozoic and extant members and is prc:)b- 
aldv ancestral to all other surviving echinoids. See 
Bormnof lUARoiDA : Cidahoida; Iv niNtuYSTi- 
T(uda; EcffiNoiDKA ; Pai.ak^ incuda. lii.n.F.] 

Periscope 

An optical instrument that permits view>.:g along a 
displaced or deflected axis, providing an observer 
with the view from a po.sttion which may be in- 
accessible or dangerous. Periscopes range in com- 



Fig. 1. Simple tank peri- Fig. 2. Tank periscope 
scope with parallel re- with terrestrial tele- 
fleeting surfaces. scope. 



Fig. 3. Simple periscope Fig. 4. Rear-sighting peri- 
with mirrors at right an- scope with inverting tele- 
gles. Observer views an scope. The image is rein- 
inverted image. verted. 



Fig. 5. Panoramic sight. 


plexity from the simple unit-power tank periscope 
to the complex multielement submarine peri- 
scope. 

Tank periscope. This device, intended to protect 
the user from bullets, employs a pair of plane, 
parallel, reflecting surfaces (either mirrors or 
prisms), so arranged in a mount that^ the path of 
light through the instiument forms a crude letter 
Z (Fig. 1). If powers greater than unity are de- 
sired or if the periscope is to be used for sighting, 
a terrestrial tele.scope can be added to the peri- 
scope, either as a simple, internally contained sys- 
tem (Fig. 2) or entirely in front of or behind the 
periscope itself, as desired. The reflecting elements 
of the system which are responsible for deflect- 
ing the optical axis are independent of the refract- 
ing (telescope) elements which provide the optical 
power. See Telescope. 

It is also possible to arrange the two mirrors of a 
periscope at right angles to each other (Fig. 3), in 
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Fig. 6. Periscopic relay Fig. 7. Submarine peri- 
train, showing lenses L, scope, a pair of facing 
inversions /, and angle of telescopes with a relay 
view B. train between. 

whirh < ase the observer views an inverted image 
with his back to the direct i<m from which light 
enters the instrument. By adding an inverting (as- 
tronomical tyi)e) telescope to this system (Fig. 
the image is reinverted. See Telkscopk, astro- 

NOMW AL. 

Periscopes c»f this type cannot be used for scan- 
ning the horizon by rotating the upjier mirror be- 
cause of the image rotation which accom]janies 
such movement. In the panoramic sight (Fig. 5), 
this difficulty is overcome by providing the system 
with a dove jirism which rotates at half the angular 
speed of the right-angle prism through the action of 
a differential gear linkage. The combined inversions 
of the dove prism and the amici prism at the bottom 
(‘ompletely compensate for those of the telescope 
system, while the relative motions of the right-angle 
prism and the dove prism maintain the image erect 
during scanning. See Prism, optical. 

Submarine periscope. In this device, it is neces- 
sary to employ a telescope system having a wide 
field of view and uniform illumination across the 
field which can be fitted into a long, narrow tube 
whose length-to-diameter ratio may be SO or greater. 
This is achieved by utilizing a plurality of lenses 
so spaced along the length of the tube as to cause 
the incoming principal rays from the edge of the 
field to be deviated from side to side within the 
tube. In general, the greater the number of lenses, 
the wider the field of view. One example of the 
periscopic relay train is shown in Fig. 6 and em- 
ploys six lenses with three inversions. The typical 
submarine perisc'ope (Fig. 7) may be considered to 
be a pair of telescopes facing each other, with such 
a relay train between. The usual magnification of 


submarine periscopes is 6, although some U.S. Navy 
periscopes have dual magnifications of 6 and l.S, 
the latter being achieved by inserting an inverted 
Galilean telescope into the optical path before the 
fop objective. 

The submarine periscope can be provided with a 
built-in rangefinder for fire-control purposes. A 
conventional coincidence or sy3lit-field type of 
rangefinder may be attached either vertically or 
horizontally to the upj>er end of the periscope, the 
objective of which receives an image from each 
of the entrance windows of the rangefinder. See 
Kanckkindkr, opticat.; .Slum ARiNL. 

Other types. Various modifications of the basic 
optical systems described liere are employed as 
viewing p(.‘risc opes in military aircraft and as view- 
ing devices in paiticle accelerators and nuc lear 
reac tors. The cy sloscope and cuidosc.opfvare slender, 
sometimes mechanically flexible, periscopes used 
for visual examination and photography of body 
c avities inac cessible to direct observation. 

I I.K.K. I 

njhliof'raphv : C. II. v. llofe, Fernoptik, 1^)41 ; 
1). 11. .1 acobs. F undarnentftls oj Optical Fnizinrerinf', 
l^H.'l; A. Kc)iiig, Die Fernrohie and Fjfit jemuti^s- 
messer, : L. ('. Marlin. Technical ()pti(s, vol. 2. 
I%0. 

Perissodactyla * 

An order of hoofed mammals in which the axis of 
the* foot passes through the middle tocL olten called 
the odd-toed ungulates. 'I'hc ordc*r includes the 
liorses, tapirs, rhinoceroses, and their extinct r(‘la- 
tives. Peris.sodactvls first apy^cared in the* early 
Eocene, reacdied the height of their eyolut ionary 
history in the Oligoc'ene whc’u thev were the domi- 
nant ungulates in most of the world, and have* been 
on the decline ever sinc e. The order is repie^entc'd 
by two |>rincipal evolutionary lines. The Hi|)]>o- 
nic>ry)ha include the horses and three other groups 
now extinct: the palec^thercs, titanotheres. and 
c'halicotheres. The Ceratomorpha include the ta- 
pirs, rhinoceroses, and several families that became 
extinct in the late Eocene and Oligocene: the 
isectolophids, loyihiodontids, helaletids. hyra- 
chyids, hyracodontids, and aniynodonts. See Eti- 
tukria; Perissodac.tyla fossils. | n.D.n.] 

Perissodactyla fossils 

The odd-toed ungulates, hciofed herbivores reyire- 
sented today by the horse, tapir, and rhinoceros 
families, have a fos.sil record that includes nine ad- 
ditional families. This record forms one of the most 
completely known chapters in the history of the 
Mammalia. Horses in particular y^rovide a record 
that in richness of detail has produced the most 
compelling paleontological evidence for evolution 
as a natural process. The origin of the perissodac- 
tyls, however, is still obscure, although it is clear 
that the Condylarthra provide ideal structural an- 
tecedents. Perissodactyls first appear in the early 
Eocene of North America and Europe and evolve 



Fig. 1. The odd-toed, or mesoxonic, foot of the peris- 
sodoctyls. The left hind foot of Merychippus sefuncfus, 
a late Miocene horse, showing the astragalus vshaded) 
with its single pulleylike joint. (After H. Osborn, 1918) 

rjpidly. rearhinji a peak of divor.sil y l)v late Eo- 
cene lime. Their laler evolution, possibly <*ondi- 
iioiKvl rising arlioda<t>I eonipelilion. invcdve*' 
deer(‘asirif>: diversifv and emphasis on eertain of 
the hrtler-adapled lines. .SV"- Airi iodac r \ la ros- 

Sll.s; (]<)M)YT. AIM HKA : EvorJ’ ll^)^, ORCANIC, 

The order is eha racier i/ed fry empfiasis on the 
third dij^it as the prin(i]»al weight heart ; I he first 
is always and the fifth is usually suppicssed with 
varying collateral reduclitm of the second and 
fourth digits yielding tetra-. Iri-, and rnonodat tyl 
conditions. The astragalus has a single pullevlike 
joint articulating with the tibia ( Eig. 1 ). The tarsal 
artit Illation is flat; the femur has a third trochan- 
ter. The cusps of the cheek te(*th tend ti. !»•* loined 
hv ridges (lophoilonly ) and the prernolais heroine 
progiessively molar ihirrii. 

Twm) suborders have been rerogni/ed: the Hip- 
fioinorpha. including the horses, rhinoceroslike 
bront(»theres and the peculiar, clawed chalico- 
theres; and the Ceraloniorpha, including the ta|Mrs 
and rhinoceroses. Both suborders diverged from a 
common, but as yet unknown, ancestry in the later 
Ealeocene. After the early Eocene thefr evolution 
proceeded along separate lines. 'Idie hipponiorphs 
favored the development of a W-shaped ecloloph 
and strong styles on the upper cheek teeth 
(Eig. 2a), while the ceratomorphs retained a sim- 
|)le linear ectoloph and imcmspicnous styles 
(Eig. 2h). Horses and rhinoceroses evolved high- 
crowned teeth in the late Tertiary, apparently in 
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response to the spread of grassland environments 
at that time. 

Hippomorpha. Horses (North America and Eu- 
rope) and their close allies, the palaeotheres (Eu- 
rope), a])peared in the early EiM'ene, while their 
contemporaries the hiontolheres seem to have been 
restricted to North America. The rapid evolution 
of the hrontolheres was remarkahle. for by late Eo- 
cene time, this group had reached its greatest di- 
versity, prfidm ing some of the largest land mam- 
mals then known. No more horses reached Europe 
until the Mio<-ene, hut hrontotheres apparo'iilly 
reached both Fairor*^ and Asia hv late Eocene time 
and lingered theie until the middle Oligoceiie. Ex- 
tinction of tlie hronfolher(*s had already taken 
place in Noith America by the close of the early 
Oligocene. 1'hc chalicolheres first at)t)eared in 
North America and Euraslcc in the late Eocene hut 
did ncU survive the middh* Mioc ene in North Amer- 
ica. They apparently reached Africa in the latest 
Onozoic and survived there sometime after their 
extinction in the IMioccne of Eurasia. The main 
stream of lior-'C evolution Mcarlv took place in 
North America from which Miocene. IMioecne. and 
Pleistocene invasions of Eurasia were launched. 
.South America was invaded more than once hv 
horses and tapirs in the late Ceriozoic*. 

Ceratomorpha. Primitive taiiiroids were common 
in the Efx ene of Fhirasia and Norlli Americ a, hut 
the modern fainilv did not enter the record until 
Oligc'cciu' rime. Although they inhabited the North- 
ern Hemistihere until the cdose of tlie Pleistocene, 
tapirs smvive today only in the* Old and New World 
tropics The rhinocerevses first appeared in the 
earlv Eex erie of North America anci by Oligoc'rne 
time* inhabited the whede of the Northern Hemi- 
sphere. At that time they seem to have attained 
their maximum develoimicnt. prcYducing suc*h 
giants as l^ararcrathvrium, the largest terrestrial 
marnmal known. Bv Miocene time tiie Eocene lines 



Fig. 2. The first upper molar of representative peris- 
sodactyls. (o) A late Miocene hippomorph, the horse 
Merychippus sejunctus (from H. Osborn, 1918). (b) An 
early Miocene ceratomorph, the rhinoceros Dicerafhe- 
rium annectens. 
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had become extinct and only the modern family re- 
mained. At that time the rhinos had reached Africa, 
and by the close of the Pleistocene they were re- 
stricted to that continent and southeast Asia, hav- 
ing vacated their North American birthplace as 
early as the middle Pliocene. [r.ii.t.] 

Peritoneum 

The membranous lining of the abdominal cavity, 
composed mainly of flattened epithelial cells that 
produce a small amount of watery, or serous, fluid. 
In the embryo the interior body wall is covered with 
this membrane whi<:h continues over the developing 
tubular viscera, so that they are suspended and 
supported by the reflected peritoneum, y^rincipally 
from the posterior body wall. See Epituki.ium. 

As the organs develop, enlarge, and assume their 
adult form and arrangement, the supporting peri- 
toneum becomes modified, some being lost and other 
portions becoming thickened, twisted, or otherwise 
adapting to normal growth. After development is 
completed those portions which line the interior 
body wall are called the parietal peritoneum, and 
the supporting sheets are known collectively as 
mesentery, although many areas have received 
specific names. The remaining peritoneum which 
covers most of the organs is called the visceral 
peritoneum and this forms the outer layer, or 
serosa, of the walls of portions of the gastrointesti- 
nal tract. 

The remaining spare, eontaining a small amount 
of fluid, between the serosa and the jiarietal peri- 
toneum is the remnant of the t^oelom, or body 
cavity. 

In lower vertebrates there is less complexity of 
development of the viscera, so that the jieriloneum 
in fishes, for example, remains a fairly straight 
suspensory structure which supports the tiihulai 
digestive tract and continues around the body 
cavity to line the inner walls. [e.c.ST.] 

Peritonitis 

Inflammation of the peritoneum, the serous mem- 
brane which lines the abdominal cavity and sur- 
rounds most of the abdominal f)rgans. The condi- 
tion may be caused by infectious organisms or 


Contamination of the abdominal cavity may oc- 
cur from penetration of the abdominal wall during 
an accident f»r following a wound. Bile, blood, or 
fluid from a ruptured abdominal cyst or ectopic 
pregnancy may also induce a peritoneal inflamma- 
tion. 

Where peritonitis occurs, the normally glisten- 
ing peritoneum becomes dull, the blood vessels en- 
gorge, and a fibrin- containing exudate is produced 
which may later lead to adhesions. A tendency for 
localization is apparent, with loops of intestine or 
other organs forming pockets of inflammation. 

The clinical course is quite variable, depending 
on the agent involved, the type and severity of reac- 
tion, and con(*oiiiitant disease. See Amebiasis; Bac- 
illary dysentery; (^aeehi. adder ; Peptic iteckr; 
Pneumonia; Pregnancy, disorders oi- ; Tubercu- 
losis. [e.g.st.] 

Peritrichida 

An order of the Holotricha composed of a group of 
unusual-looking ciliates that has excited the curi- 
ositv of micr()s(‘opisls for nearly 300 years. IVIanv 
arc sessile and stalked while some lorm c()h)nics 
which may reach a large size. A mini her are at- 
tached, as eeloeommensals, to a variety of animals 
and plants. A 1 ree-swimming stage in the life cvcie, 
indispensable lor distriJ)ulion. is known as the lelo- 
troch. It is a small, mouthless fTum tafuiptied with 
a single girdle of posteriorly located loe«)motoi 
cilia. This is quite unlike the morphology of the 
^lature, sedentary form which is an invt'rted hell 
*'form atop a long stalk. The h(»dy is naked of < ilia- 
ture except for conspicuous wreaths of buccal 
ciliary organelles at the oral end. Much is made, 
by many protozoologists, of the fact that the adoral 
zone of mcmhranelles, in this instance, winds coun- 
terclockwise toward llie mouth. Actually, this is ol 
little real importance, although convenient in taxo- 
nomic keys. Vorticel/a {a of illustration) and 
Epistylis are probably the best-known stalked forms. 
The former is a solitary ciliatc. the latter a col- 
ony-builder. Trichodina {h of illustration) belongs 



foreign substances introduced into the abdominal 
cavity. The small amount of serous fluid normally 
present as a lubricant acts as an excellent culture 
medium for bacterial growth and also as a means 
of spreading invading materials. The source of such 
substances or organisms is commonly a gastroin- 
testinal inflammation, especially if perforation has 
occurred. Appendicitis, peptic ulcer, cancer of the 
bowel, gallbla<ider disease, and dysentery are com- 
mon sources of infection that may produce perito- 
nitis, as well as blood-borne forms of tuberculosis 
and pneumonia. 

Infection may also stem from snf^^d of bacler/ia^. 
organisms from the female orgai kidneys, 

the pancreas. Each form of pivi^nitis may show 
both common and specific featuils^j^i ( V S ^ 





I eritrichida. (a) Vorticef/a 
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(b) 


, a stalked peritrich. (b) Trich- 
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to the group of mobile peritrichs. Fis species are 
associated with a wide variety of invertebrate and 
vertebrate hosts on which its actions range from 
those of a harmless commensal to a pathogenic 
parasite. See Holotriciia. Ij.o.c.] 

Periwinkle 

A name applied to various land, fresh-water, and 
marine snails, but propc‘rly denoting the small ma- 
rine snail, LIftorina littorea, the typical species of 
the family Littorinidae. class (Gastropoda, jdiyliiin 
Mollusca. 

The periwinkle is a native of Europe, where it is 
a staple food animal, thousands of tons are sold 
annually in England alone. It has been introduced 
at various points along the Atlantic CGoast of North 
America, and i.s now abundant from Labradoi 
southward to (^ape May, New Jersev. There is a 
limited use o,l it for food in the l^niled .States. 

This animal is also of some imfiortance as a fish 
food, and is sorttelimes used for fisfi bait. It lias be- 
(M)me especially abundant along the Maine coa.^t, 
wliere large number.^^ are exposed by low tide on 
rncks. wdia,rves, seaweeds, marsh grass, or in dit< h<*s 
and tide pools. 

This snail may grow to 1 in. in length and has a 
\aiious|\ colored, roughened shell, broad and 
ro.inded with 6 or 7 whorls and an acut(' ajii'x. 'Fhe 
outside of llie shell is glossy and is marked with 
dark bands (ui a background of yellow, brown, 
olive, red. or black. The inside of the shell varies 
from white to brown. The f^eriwinkle’s foot is di 
vided hmgitiidinallv, so that it swings from side to 
side as it moves. Its head projects Irom llie shell 
and is ecpiipped with two conical tentacles, with 
eyes at their l)ases. llie slu ! is erpiipped with a 
luu riy f>percu]um. 

Other species of the genus lAttoriva^ all com- 
rnonlv called ficriwdnkles, occur on all * oasfs of rhe 
Hnited .States. 

In fresh water any small, abundant snail is likely 
to be called periwinkle. The name is also an ac- 
cepted common name for a plant. Vinca minor, 
whi( h is gn»wn widely as a ground cover. See (Gas- 
tropoda; SlXAIL. [j.D.B.l 

Perlite 

A natural glass with abundant spherical or convi»- 
lute cracks which cau.se it to break into small pearl- 
like nia.s.ses or “pebbles/’ usually less than a centi- 
meter across. Tt is commonly grav oi green with a 
pearly lu.ster due to reflections from the thin air 
films formed along the perlitic fractures. Perlitic 
eraeks are not necessarily confined to perlite but 
appear sporadically in most natural glasses. (Glass 
is formed by rapid cooling of molten rock material 
(lava), and the cracks are generally believed to de- 
velop by contraction during cooling. The water con- 
tent of perlite is commonly by weight. Most 

of this moisture is believed to have been absorbed 
by the glass from its surroundings. Some studies 
suggest that perlitic cracks may form in response to 
this hydration. 


Under heat treatment (about 1S0(>“2()00°F) the 
contained moisture forms tiny steam bubbles in the 
softened glass, and the perlite is “popped” or ex- 
ploded to roughly I.S or 20 times its original vol- 
ume. Thus, the material is excellent for light-weight 
aggregate, insulation, fillers, and filters. Notable 
deposits are worked in California and New Mexico. 
Perlite may <-onstitute major portions of lava 
flows or oc(’ur in small intrusions (dikes). See 
Ignkou.s ROCKS, Lava ; Volcanic GLASS. | c.a.ca.] 

Permafrost 

Perennially frozen ground occurring wherever the 
temperature remains below 0*^0 for several years 
whether the ground is actually consolidated by ice 
or not and regardless of the nature of the rock and 
.soil particles ol which the earth is compo.sed. Per- 
hai»s 25 of the total laud area of the earth con- 
tains permafrost; it is continuous in the p«dar re- 
gions and becomes disrontinnou.*^ and sporadic 
toward the equator. During glacial times perma- 
frost extended hundreds of miles south of its pres- 
ent limits in the Northern Hemisphere. 

Permafrost is thickest in that part of the con- 
tinmms zoru* that has not been glaciated. The 
maximum reported thickness, about 620 rn, is at 
Nordvik in northern Siberia. Average maximum 
thicknesses are 275 400 m in northern Ala.ska and 
30t) 5(h) m in northern Siberia. In Ala.ska the gen- 
eral range of lliickne.ss in the discontinuou.s zone i.s 
50 150 m and in the sporadic zone less than 30 m. 
See (Glacial ki^och. 

3>m|'?‘f afnre of permafrost at the depth of no 
annual change, about 10 30 m, generally is below 
— 5'^(G in the continuous zone, between —1 and 
— 5^‘C in the discontiiiuous zone, and above — 1®C 
in rhe sporadic* zone. Temperature gradients vary 
horizontally and vertically from place to place and 
from time to lime. 

Ice is one of the most important components of 
permafrost, being especially important where it 
exceeds pore spac'P. Physical properties of perma- 
fro.st vary widely from lho.se ol ice to lho.se of nor- 
mal rock tyjie.s. The cold reserve, that is, the num- 
ber of calories required to bring the material to 
the melting point and melt the contained ice, is 
determined largely by moisture content. Ice occurs 
as individual crystals ranging in size from less than 
0.1 mm to at least 70 cm in diameter. Aggregates of 
ice crystals are common in dikes, layer.s, irregular 
masses, and ice wcdge.v. These forms are derived 
in many wavs. Ice wedge.s characterize fine-grained 
sediments in continuous permafro.st and Join to out- 
line polygons. Micro.s<*opic .study of thin sections 
of wedges reveals complex structures of which 
some reflect accumulation of ire in seasonal con- 
traction cracks. 

Permafrost develops today where the net heat 
balance of the .surface of the earth is negative for 
several years. Much permafrost was formed thou- 
sands of years ago but remains in equilibrium with 
present climate.s. Permafrost eliminates most 
ground-water movement, preserves organic remains. 
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restricts or inhibits plant growlh. and aids frost 
action ; it is also one of the most important fart(»rs 
in engineering problems in the polar regions. See 
Frost action ; Mass wasting; Somfliiction. 

[ R.F.B.] 

Bibliofiraphy'. R. F. Black, Permafrost — A re- 
view, liulL Geol. Sor. Am.. 6^:839-8^6. 19S4; S. W. 
Muller, Permafrost. lIS(iS and ILS. (]orps of En- 
gineers, Strategic engineering study, St>ec. Rept. 
62, 1945 (reprint 1947). 

Permalloy 

An alloy of iron and nickel, with or without small 
or moderate additions of other elements, l^ermalloy 
is of scientific and te<‘hnical interest l)e<*ause it has 
unusually high magnetic permeabilit\ . 

The nickel content varies from about 40 to 80 . 
The most comrnonlv added element is molvhdenum 
f4~5'"'M, but similar amounts of chromium and 
copper are also used; these increase both the [ler- 
meability and the resistivity. The highest ]»erme- 
ability is obtained in Su permalloy, in which are 
combined the beneficial effeits of alloy addition 
(5^^ Mo), high purity (aide<l bv heat-treatment in 
pure Indrogen at I.IOO ’C). and optimum cooling 
rate (1 5C° min) through the critical temperature 
of ordering ( about 500 '"“C ) . 

The binary alloys containing from .50 to 80 
nickel arc susceptible to magnetic anneal: that is. 
th«*ir magnetic tuoperlies are drastically changed 
if th<*y are cooled from about 600 to 400 in tiu' 
[uesence of a magnetic field of a b'w oersteds. Tin* 
maxiinuTn permeability is thereby raised and the 
hysteresis looji bec<unes rectangular in form. 

For the compositions and prof)erti(*s of the most 
used permalloys, see Magnetic m\teri\ls; see 
also PeKMLAHN.ITY. MA<.NE!TC. | R.M.IK). | 

Permanganate 

The deep fuirfile anion, MnOj , which is derived 
from tieimanganic acid, lIMnOi. Altlnnigh the ]iai- 
ent acid is stable only in dilute aqueous solution, 
the salts are well charn<terized. The permanga- 
nates resemble the perchlorates in their oxidizing 
properties and solubility of both the heavy metal 
and alkaline-earth metal salts. 

Potassium permanganate, the most common per- 
manganate, is firoduced from a mixture of potas- 
sium hydroxide and manganese dioxide which has 
been oxidized by potassium chlorate, chlorine, or 
ozone. Permanganates are used as disinfectants, 
oxidizing agents, wood preservatives, and bleach- 
ing agents. See Manganese compound; Oxidiz- 
ing AGENT. [ E.E.WR. J 

Permeability, magnetic 

A factor, characteristic of a material, that is pro- 
portional to the magnetic flux density (magnetic 
induction ) /? produced in the material by a mag- 
netic field divided by the intensity of the field H. 
Permeability is usually represented by the (rreek 
letter /i. 

Absolute permeability. Consider a solenoid that 
has been bent into a circular form so that the ends 



Fig. 1 . A solenoid wound in the form of a toroid. 


are joined together. This winding is called a toroid 
(Fig. 1 ). For a closely wound toroid, almost all the 
flux is in the interior. The intensity of the magnetic 
field inside the toroid is 


where / is the rtu'an circumlertuKe of the toroid 
and / is the current in the toroid coil. See MA(,\KTrc 
FIEIJ). 

The flux density B within tfie Toroid is found 
from Ampere's law to he 

R * 

liu = Mo -- 


if the toroid is in einj>ty spa(7‘ (.see Ampere’s 
i^W' ) . Then 

B, 

MO - „ 


If a medium takes the [dace n\ the emijtv space 
within the toroid, the value of B changes for the 
same value of H. The ratio ot B l(> H is (*alled tfie 
absolute permeahility c)f the medium. 



Since the inks unit of B is the weher pei scpiare 
meter, and the corresponding unit of H is the am- 
pere f)er meter, the mks unit of permeahility is the 
weher jrer ampere meter. A second unit is the 
henry per meter. That these tw'o units are equiva- 
lent is seen from the relationshit) L = Since 

the inductance L is in henrys when the flux is in 
yvehers and / is in amperes, the henry is a w*eber 
per ampere. Thus, a henry per meter is the same as 
a weher per ampere-meter. See Inductance. 

Relative permeability. It is convenient to define 
another quantity, called the relative permeahility, 
ju,/, as the ratio of the permeability /j. of the material 
to the permeability /lo of empty space. 

M 

Mr 

Mo 


Relative permeability is a pure number, and inde- 
pendent of the system of units used. The perme- 
ability of free space has the numerical value of 
47r X 10 ' henry per meter. .See Electrical units. 
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Materials may be classified in terms of their rel- 
ative permeabilities. Diamagnetic materials have 
values of /-l, a little less than unity; paramagnetic 
materials have fi, a little greater than unitv. Fer- 
romagnetic tnaterials are those that have relative 
permeabilities considerably greater than unity, 
which are variable, depending {i\)on the value of // 
ami the previous magnetic history. For some ferro- 
magnetic maierials, the maximum value of may 
be in the thousands (Fig. 2). .See MAOisi/rif iviatk- 
RiAt.s; see also Dtam agnktism ; Ft:RR()ivi agnktism ; 
Fam\m A(,rVKt iSM. 



Fig, 2. Permeability of wrougfit iron as a function of 
magnetic field strength. 


Permeability measurement. The toroidal coil 
ni.i\ be us(‘d to irieasiire the |)(‘rmeal)ilit\ of a nia- 
lerial if the material is used as flie core of the ring. 
Sijcli a ring is ‘ ailed a Howland ring. A seciuid 
small coil, called a seanh coil, is wound around 
])iiH of the ring and connecleo o a ballistic galva- 
nometer (.see (i \I.\ ANOMI/I J H ; .SkaIU 11 I.OIL ) . 
When the current in the ring is ri'verscd. there is a 
change in flux of 2<l>. The deflection t»l »iie galva 
nometer gives a measure of The value of // iv 
then loiind bv dividing <b by the cros^-seetional 
area of th(‘ ring. The value of II is bnind by tlie use 
of the relation li = N! /, and o. is (Oin puled. The 
Howland ring is used for this mea.su renieni because 
in the ring, tlie flux is all in one material that is 
being tested; thus, there* are no pedes, amt 'e ' mag- 
netic intensity H is that due to the cuirenf alone. 
Other devices for measurement of permeability are 
called pejnnearneters. They are ba.se'd on the .same 
principle a.^’ the Rowland ring, but allow more 
rapid and convenient operation. See Indirtion. 
magnktic; Magni/ik: hklp. [k.v.m.] 

Bibliography : W. C. Mie'hels. Fleet rival Meas- 
urements^ 8d cd.. 1957; F. W. Sears. Principles of 
Physics, vol. 2, 1951. 

Permian 

A peiiod of geologic time and a corresponding sys- 
tem of rocks, the younge.st in the Paleozoic Era. It 
was defined by R. I. Murchison in 1841 and was 
based upon the Permian Basin west of the Urals. 
As presently understood, it includes five stages as 
indicated in Fig. 1. .See Palkozoic; see also 
Stratigraphic nomknci.atitre. 


The Russian Permian. The base of the Permian 
System was originally drawn* at the base of the 
Kunguriaii. A. P. Karpinsky (1889) later demon- 
strated the Permian age of the underlying detrital 
formations on the basis of ammonites, and more 
reeenfiv. Soviet geologi.sts have shown that the 
limestones of the Ufa Plateau are an equivalent 
facies. The present ollieiaJ usage of the (ieole»gieaJ 
Survey of the Soviet Union is therefore as shown in 
Fig. 1. The upper boundary of the Permian System 
falls within the Tatarian stage of the older litera- 
ture. including only the low^er two of five faunal 
^'ones. 

The detiltal facie.^- of the Sukruarian and Artin- 
skan stages is confined to the flank of the Urals; 
the calcareous facies so well displave^d in the IJta 
Plateau extends far to the wt‘st over the Huvsian 
Platform and comes to the surface at the Samara 
Bend of the Volga, near Kuihv^hev I Fig. 2). 

During the* Kiingutian age* the sea withdrew' into 
the gc*osv nc line where, iindc^r cxtremelv arid condi- 
tions. vast deposits ol anhydrite and halite were 
prec ipitatc'd. In the vic inity of Scrlikanisk these de- 
posits include important h*nses oj the potash salts, 
•-vlvije and carnallitc*. Kiingiirian f.atinas arc’ verv 
reslric tcMl and include* no fiisulines. 

T he* Ka/anian Stage is represented hv barren red 
sanclstone in the flanks of tlie Urals lint grades 
westward thioiigh hrac kish-wmteo* dcfioviis into ma- 
rine* limestone and calcarc*oiis sfiale at Kazan. The* 
change of facies with cleep inlertonguing of marine 
and nonmaiine units is well displaved in the* bluffs 
of the K ima River. The* marine faunas im iude 
hryozoan'. and hrachio|)ods. hut fiisulines and am- 
monites are absent. 



The Tatarian redbeds are widely spread aero.ss 
the Russian Platform, where they have yielded fos- 
sil vertebrates and plants, hut no marine equiva- 
lents are known in the Permian Basin. 

The American Permian. Piohahly the finest Per- 
mian section known is that in the basin of Trans 
Pecos Texas and southeastern New Mexico. There 
the Permian sequence reaches a thickne.ss of more 
than 12,000 ft. The rocks of the lower 7500 ft are 
of marine origin and are highly fossiliferous. Al- 
though a few fossils from this region were de- 
scribed in 1858. this occurrence lemaitied virtually 
unknown until 1909 when C. H. Girty published his 
monograph. The Guadalupian Faunas, Intensive 
study followed the discovery of oil in the region 
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Fig. 1. East-west section of the Permian System in its type region. 


about 1920, and it has now become the standard 
section f(»r North America and, to a considerable 
degree, for the world. It is now divided into four 
series as follows: Ochoan series, about 4500 ft; 
(riiadalupian series, about 3000 ft; l.eonardian ser- 
ies, about 3000 ft; and Wolfc.ampian series, 
1500-h ft. 

The Wolfcainpian correlates closely with the 
Sakmarian stage of the type section in Hussia and, 
like the latter, is the Zone of PseudosrhwagrrUia ; 
the Leonardian correlates with the Artinskan but 
has a larger and more varied fauna; the Giiadalup- 
ian cannot be correlated in detail with the upper 
part of the Russian section, because the latter is 
largely unfossiliferous. The Ochoan is entirely un- 
fossiliferous except for a thin zone near the top (in 
the Rustler dolostone) which contain.s productid 
(brachiopods) and a few other types of Paleozoic 
invertebrates. 

Leonardian time. Facies changes in this region 
are spectacular. During Early Permian time fWolf- 
campian Epoch), the region was a hroad, shallow 
marine basin in which a rich and varied fauna 
thrived. By Leonardian time three distinct basins 
(Fig. 3) were subsiding more rapidly than the sur- 
rounding area, which became a broad shelf occu- 
pied by wide shallow lagoons. Light-colored, fos- 
siliferous limestones (Victorio Peak limestone) 
then accumulated on the shelves, while black lime- 
stone and black shale accumulated in the basins. 
Evidently the threshold to the basins, which was 
somewhere in Mexico, was then so shallow that wa- 



Fig. 2. Idealized section showing relations of the 
Artinsk detritals to the limestones of the Ufa Plateau. 



King) 

ter in the basins was densily-stratibed and the bot- 
tom was stagnant and foul, so that almost no ben- 
thonic organisms could survive. The Bone Spring 
black limestone is generally barren of fos.sils. 

Guadalupian time. During Guadalupian time the 
basins continued to deepen, and as the climate be- 
came strongly arid, surface water flowed radially 
out of the basins onto the platform to replace the 
water lost by evaporation in the shallow lagoons. 
As a result, a narrow limy bank grew up ahmg the 
margins of the basin to form the great Capitan 
Reef. With this development, three strongly con- 
trasted facies accumulated simultaneou.sly : (1) ba- 
sin or politic deposits under normal marine condi- 
tions, (2) reef and reef talus, and (3) back-reef or 
lagoonal deposits. Figure 4 shows the complex re- 
lations within the Leonardian and Guadalupian de- 
posits along the face of the Guadalupe Mountains. 
Massive deposits of reef talus were derived from 
the growing front of the reef. These dip steeply 
into the basin, become finer down dip, and grade 
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Sea level at end of reef building 



J 2 3 4 5 

miles 


Fig. 4. Section across the Capiton Reef Complex. (After P. B. King) 


out into thin tongues of calt aronite. 'I’he bark-reef 
depohifs are ealrareous for distanees varying from 
1 ro 5 miles. The depo-^its then grade rapidly into 
gv psiferoii.s shales and anhydrite. Gray sands in- 
tertongue from the landward margins of the la- 
go(»n. Farther hack the sands pass int<» redbeds. 

Orhoan time. P’inally. during 0< hoan lime the 
marine water withdrew entirely into the basins and, 
under intensely arid conditions, became a dead sea 
in which enormous deposits of anhvdtite and, 
later, of halite were precipitated, fnlerbedded with 
the salt in the center of the Delaware Basin are 
several lenses of potash salts sylvite, carnallitc, 
and polyhalite. 

Frobably no other great reef complex is so well 
exposed or has been so inten^ ' ely studied as that 
of Capitan Keef. Cenozoic faulting uplifted the 
(iuadalupe Mountains, but immediately to the west 
it produced the .Salt Flat graben. Thas, a i^reat nat- 
ural se( tion across the reef complex wa.. expo.sed. 
The Capitan Reef was essentially a slender limy 
bank along th(‘ margin of the platform, and min-h 
of tile carbonate may have been precipitated bio- 
chemically. Much of it is sparingly fossiliferoiis. 
but in plac es it is filled with fossils which locally 
accumulated in a typical reef environment. 

From study of deep well cores, the West Texas 
formations are known to extend eastward under 
the Staked Plains to central Texas where they re- 
appear at the surface. Thence their outcrops 
stretch northeastward across Oklahoma and Kan- 
sas. The Wolfcrarnp equivalents are largely of ma- 
rine origin in central Texas and Kansas, Marine 
conditions persisted well into F.eonardian time in 
central Texas, but in Kansas a very lafge salt de- 
|>osit (in the Wellington shale) is followed by a 
thick redhed secpience. By Guadaliipian lime most 
of the deposits in central Texas were nonraarine 
redheds with several thin marine dolostones inter- 
tonguing from the west. In Oklahoma all but the 
lower part of the Wolfcampian is in the redbed 
facies because of the local influence of the Okla- 
homa mountains. 


Other regions. Permian deposits are thick and 
widespread in many other parts of the world, par- 
ticularly in Soulh Africa, Australia, India. China, 
Indochina, and Japan, and probably also in South 
America. 

South Africa. The Permian of South Afiica is 
entirely nonmarine and is notable for its extensive 
glacial defiosits as well as its fossil rei)tiles. Here 
the i.eclion begins with the widespread Dwyka til- 
lite, followed by the Ecca series and the lf»wer part 
of the Beaufort sejies. Tbes<! three constitute the 
lower part of the Karoo System. I'he Dwyka tillite 
is di.scusscd below under Permian glaciation. 

Both the Ecca and Btaufort series are very thick 
in the old geosync line which paralleled the south- 
ern coast of Cape Cob»iJv, but each thins northward 
and spreads widely over the southern part of Af- 
rica. rhe Ecca series consists of dark shales and 
sandstones and includes the Coal Measures of Af- 
rica. The Beaufort .series was spread over the Ecca 
serie.s after an interval of erosion. It differs fr(»m 
the Ecca serie.s in having interbedded yellowi.sh 
sandstones, some members of rvd shale, and dis- 
trict ive reptilian faunas. 

Australia. The Australian continent was largely 
emergent during Permian time except for a series 
of marginal basins along both the western and east- 
ern coasts. These basins subsided independently ; 
although tlie Permian deposits are thick, it is im- 
possible to treat them adequately witlpn the limits 
of this article. The most significant fact is that the 
Permian here, as in South Africa, begins with wide- 
spread glacial deposits. In the Gascoyne Basin of 
northwest Australia these include tillite which rep- 
resents a ground moraine resting on an old erosion 
surface. In most of western Australia, however, the 
glacial deposits appear as boulder beds interca- 
lated in marine sandstone or shale^ a clear indica- 
tion th.it the boulders were dropped from floating 
ice. In the western basins, interbedded marine 
zones in the Lyons sandstone bear the ammonite 
Metalefioceras jacksoni which dates the deposits 
as Sakmarian or early Artinskan. After deposition 
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of thick glacio-marine deposits of this sort, each of 
the western basins was occupied by a warmer ma- 
rine incursion in which widespread and fossilifer- 
ous, but rather thin, calcareous formations accu- 
mulated (Fossil Cliff limestone of Irwin River Ba- 
sin, Callytharra limestone of (rascoyne and Minilya 
basins, and Nura Nura limestone of the Kimberley 
District). Their faunas are of Artinskan age. In 
both the Irwin River and (»ascoyne basins, glacial 
erratics recur for some distance above this lime- 
stone horizon, which proves that glaciation per- 
sisted here at least into early Artinskan time. 

In sfuitheastern Australia where Permian rocks 
are very thick they have been subdivided into four 
major units, a lowf?r and an u|)f)er marine unit and 
Lower and Upper Coal Measures. Clacial erratics 
occur in both of the marine units. 

The Permian strata in (rcrmanv comprise two 
major units. The lower is the Rothliegendes sand- 
stone, consisting of nonmarim* rcdbeds: the upper 
is the Zechstein formation consisting of marine 
limestones and shales which grade upward into 
salt and gypsum. The potash deposits at .Stassfurt 
lie within the upper |)art of the Z(‘chsiein. The 
magnesian limestone of England is a thin west- 
ern tongue of the Ze<-listein limestone. 

Permian glaciation. Earlv in Permian time, 
large areas in the soutluTn continents were cov(‘red 
by glacial ice. The widespread Dwyka tillite indi- 
cates that most of Africa south of latitude 23"S 
was ice-covered. It includes abundant striated boul- 
ders and in t)laccs rests on a sfiectacularlv grooved 
and striated floor. In its northern out<‘ro])s (north- 
ern Karoo. Natal, and Zululand). it is a typical 
ground moraine resting on an undulating pre- 
Permian surface: but farther south it thickens 
greatly and grades into a glacio-inarine deposit 
furmed of material dropped from floating icebergs. 
Orientatii)n of glacial striae and distribution of 
boulders from known source areas indicate that 
the ice moved westward into the province of South 
Africa and generally south from the Transvaal. 
N. Routakoff (PMO) has retjorted that tillite (pre- 
sumably Dwyka ) is widespread in the Congo Basin, 
even within 4^^ of the Equator. 

(da(‘ial deposits are also wides])read in western 
and southern Australia and in Tasmania. In west- 
ern Australia sinh deposits originally <()vered an 
area (»f about 2()0.()0(^ square miles. Locally, in the 
(banning Basin the glacial deposits are tyt)ical 
ground moraine resting on a striated floor, but for 
the most t)art they are glacio-fluvial in western 
Australia and occur within a thick marine se(|uence 
(the Lyons formation of the Irwin and Canning 
Basins, and the Kungangie and (^rant Range for- 
mations of the Kimberley District). 

Permian glacial deposits are also widespread in 
South America (in Uruguay, in the Precordillera 
of northern Argentina and Bolivia, and in southern 
Bra/ll). An extensive ice sheet in India is recorded 
by the I'alchir tillite of the Salt Range and central 
India (Rewah Province). The ice sheet is believed 
to have stretched for some 600 miles from east to 


west and 1000 miles from south to north and to 
have moved northward into the Salt Range region. 

Curiously, no glaciation is known to have oc- 
curred elsewhere in the Northern Hemisphere. 

Date of ice age. In each of the regions mentioned 
above, the glacial deposits are at the base of the 
Permian section and the immediately overlying fos- 
siliferous formations are of Artinskan age; hence 
it appears that the glaciation occurred early in the 
period, during either Sakmarian or early Artinskan 
time. In India the 'Palchir tillite is overlain by the 
Lower Productus limestone which bears a prolific 
marine fauna including fusulines of Artinskan age. 
In .South Africa the tillite is succeeded by the Ecca 
formation which bears vertebrate fossils of mid- 
Permian age. and in western Australia the glacio- 
marine deposits include th(‘ amiiKmile. Meta! ego- 
ceras jacksoni, which is (orrelated with the Lower 
Permian or early Artinskan faunas of Timor. 

The leptiles in the Ecca lormation (»f .South Af- 
rica indicate a mild climate, as dt> the marin(‘ fau- 
nas of the Lowei Prodm tus limestone of India. It 
appears tlierefnre that the glacial ef)isode occupied 
but a relatively short part of P(*rmian time. The 
glacial dei)osiis of South America are not well 
dated by fossils and have been classified by most 
.South Arneiican geologists as Upiier Carbonifer- 
ous; but because their occ’uirence so closely re- 
sembles that of Australian jflacial deposits, it 
seems highly t)robable that they are of Early Per- 
mian age. 

The (rlossoptens fJitra. Throughout the glaciated 
i^regi(»ns of the Southern Hemisph(*re the nonmarine 
Permian formations are commonly characterized 
by the tongue ferns, Glossoptcris and Gangarnup- 
ten.s. In .South Africa Glossoptcris has been found 
between the glaciated floor and the Dwyka tillite. 
and in numerous places in India, .South Africa, 
and Australia its distinctive spore-^ have hf*en found 
in the tillite. It is tfnjrefore believed to have; been 
adapted to a cold climate. Unfortunately, the bio- 
logic relations of lhe.se peerrliar plants are still ern- 
certain. 

Permian deserts. Desert conditions {rrobablv 
were more widespread in the Permian than at any 
other time before the late Cenozoic. 1'he vast de- 
posits of salt and anhydrite in the Permian Basin 
of West Texas and New Mexico, the salt of Kansas, 
and the extensive deposits of dune sand in the east- 
ern part of the Colorado Plateau indicate a great 
arid basin in the west-central part of the United 
States. Ralph King has estimated that, if it required 
d00,000 years to precipitate the salines of the Och- 
oan .series, the rate of evaporation over the entire 
basin must have averaged 9.5 ft per year, which is 
only about 2 ft less than it is in the modern 
Death Valley of California. 

Similar conditions must have obtained during 
deposition of the Kungurian .salts in the Permian 
Basin of the Soviet Union. Western Europe was 
also the scene of great aridity, as indicated by the 
thick salt deposits at .Sla8.sfurt, Germany, and by 
widespread dune sands in Germany and England. 
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The three greatest known deposits of potash salts 
lie within the Permian System, one in west Texas, 
one about Solikamsk in the Permian Basin of the 
Soviet Union and one about Stassfurt, (Germany. 
Although these l)asins were of regional extent, they 
were local in the world s<‘ene, and in some regi(»ns 
(m>tably South Afri< a. Australia, and st)iirh China) 
the P(?rmian vSysteni includes much coal and abun- 
dant evidence of humid cf)ndilions. 

Permian orogeny. The Permian was a time of 
continental uplift and of widespread orogen>. At 
this time the Af)palachian Mountain was 

formed and the I Italian geosyncline of the Soviet 
I Inion was folded and uplifted into a great moun- 
tain chain. In Kurope the Variscan Alfis siretch<*d 
from southern Kngland a<ross (entral (iermanv 
ami from Normandv into tlie central Massif <»f 
France and thence nor th<*astw'ard through the area 
(*f the modern Schwart/wald and northeastward 
through tin* hlr/gebitgc* to be\ond Vienna. The lold- 
ing of the Variscan Mountains occurred in thr<*e 
stages, the first in the Lower Carboniferous, the 
second in the Ilfttrer Carbonifcu'ous. and the final 
fn(»\ement in Permian time. '^Fheie was Permian 
orogenv also in the area of the modern Kuen-Liio 
Barigt* in the northern flank erf the ]limala>as. In 
none of these regions is the uplift within tin* Per- 
mian < losel\ dated, but before tbe (‘ud of the ]>eiiod 
th(‘ continents w(*re almost com|)letelv emerg<*nt ; 
the youngest known Permian deposits arc* g(‘nerallv 
mmmarine. 1'his iiiav, in part at least, account for 
the* profound c*hange in so man^ grout)s ,)f animals 
and plants at the close of the l^ileo/oic Fra. Sre 
OinXrKX Y. 

Permian life. Tin* invertc*brate faunas c»f the 
]*erniian developecj from tine, cd the Pennsylva- 
nian with gradual change and marked speciali/.a- 
tion. Brac hioi)c>ds, bryo/oans. and fu-i lines and 
goniatites cemtinued to dornirrate the famias. but at 
the cicjse cd the period each of these groups suf- 
Je red a great d(*cline. Among the hrac hiopods the 
Prodiictidae were '‘spec ialJv varied and gave rise 
to highly specialized offshoots suc'h as the lepto- 
dids. the riehtofenids. and the scacc hinellids, ait 
of which were associated with reef facie^-. Bv the 
end of the jreriod all the prccductids wci. < xlinc t. 
Tlie bryozoans wc'ie iindific and highly varic^d. but 
by tbe close of the pcric»d two of (be chief Palec)- 
zoic orders, tbe Tretrostomata and the Crvptosto- 
mata, were extinct. Tbe fusulines and ncoscdiwa- 
gerines were extraordinarily abundant until near 
the end of Permian time and reached their maxi- 
mutn si^e. but none survived bevond this period, 
(roniatites expanded rapidly into sc*veral families, 
in some of whic h complex sutures reached the typi- 
cal ammonitic stage; hut late in the period they 
suffered near extinction; only a few genera of two 
families survived to start a strectacular new evolu- 
tion in the succeeding Triassic Period. Sre Trias- 
sic. 

On land the insec'ts showed a great advance over 
those of the Coal Measures, and several of the mod- 
ern orders emerged, among them the Mecoptera, 


Odonata. Hemiptera, CoptJgnathia, Hymenoptera, 
and Coleoptera. Extensive insect faunas have been 
found in the Lower IVrmian rocks of Kansas and 
Oklahoma, the Permian Basin c)f the Soviet Union, 
and the lfppc*r Permian of Australia. See Insecta 
FrrssiLs. 

Lanci plants displayed a! first a gradual, and 
evenluallv a predound. c hange as the dominant low- 
land j)lants the lepidodendrons. sigillarias, and 
cordaits of the moist coal swarnj»s declined, and 
the cemifers advanced to a dominant position. 

Of tlie vertehicites. the laliv rinthodont amphib- 
ians were common and varied, but the refililes 
showed the most significant advances. H(‘r)tiles 
liave been found in abundanc e in the lower half of 
the system in Texas, throughout most of the system 
in the Permian Basm of thf* Soviet Union, and in 
the Karoo series of South Africa. Nearly aH of the 
Permian rc*ptiles were ^hort-leggc'd sprawleis. Of 
several ordc*rs, the most significant were the Tlieri- 
odonta or mammal-like rc'ptiies that foreshadowed 
the adv(*nt of the mammals. These refitiles carried 
their l)c»dic‘s off the ground and walked or ran like a 
mammal instead of sjirawling. Their teeth liecame 
specialized inc isors, c anines, and |aw teeth as in 
the* mammals and all the elements of the lower 
jaw excc'pt the mandibles shcewed progiessive re- 
du<‘tion. Most of the known theriodonts are from 
South Alrica and the Soviet Uniem, but a few typi- 
cal gen(*ra have* he‘en found in Pe*rmian he*ds of the 
Cordilleran rc'gion in North Atrierica. See TitERAU- 
SIDA; ser also Bl.ACK siiALE; Evaporite (sa- 
t.iNE): F\ IKS (ckolcx.y); Gt-f^sYNc i ink ; Hedbeij. 

I C..O.I).l 

fiihh'of^raphv: A. L. DiiToit. Geoloffy of South 
Africa, .'Id ed.. 19.S-1: Geolof'irheskor Sttoerile, 
USSH, L.f4.S .-^72. 10r)8; V B. King. Geo/opy oj 
the Southern G aada! ape Mountains, Texas, 1 ISGS 
Prof. Paoer 21,'"). 1948; N. D. Newell et ab. The 
Permian Reef Complex of the Guadalupe Moun- 
tains Rrfiion, Tr'xas and New Mexico, 19S3; 
K. Teirheit. Upper ]\ijeozc>ic' c,f western Australia: 
correlation and f)aIeogec>gra))hy . Hull. Am. Assoc. 
Petrol. Geologist!., 2.S:371 4ir), 1941. 

Permittivity 

The permittivity t of a material medium is related 
to tfie permittivity co of empty spac e by the equa- 
tion c = /ffn where /r is the relative dielectric con- 
stant of the medium. The permittivrty of empty 
space to has the value 8.8.5 X 10 cciulomb'“/new- 
ton-mct(*r‘'. See Capacitor; Coulomb’s law; Di- 
electric constant; Flectricjal units, [r.p.wi.] 

Perovskite 

A mineral with composition CaTiO.^. Morphologi- 
cally. perovskite crystals are isornetUc but the in- 
ternal symmetry is lower, probably monoclinic. The 
hardness is 5.5 (Mohs scale) and the specific grav- 
ity is 4.0 or higher in some varieties because of the 
presence of cerium or columbiuni. The luster is 
metallic in black material but adamantine in red- 
to-yellow varieties. Perovskite oecurs as an aeces- 
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Peroxide 


sory inineraJ in basic igneous rocks, particularly 
those containing nepheline or leucite. It is also 
found in basic pegmatites and in limestone at the 
contacts of basic or alkaline intrusions. F^erovskite 
may form as an alteration product of sphene and 
ilmcnite. Sre Ilmenitk; Spiieni*:; Titanium. 

Barium titanatc, which is structurally similar to 
perovskile, is important as a component in modern 
electronic equipment, such as transducers. See 
Barium TiTANATE. [c.s.nu. | 

Peroxide 

A chemical compound which contains the peroxy 
( - O — O — ) group, which may be considered to F)e 
a derivative of hydrogen peroxide ( HOOH }. An or- 
ganic (or inorganic) peroxide i*^ one in whicFi 
some organic (or inorganic) substituent has re- 
placed one or both hydrogens. Peroxides are used 
in such diverse reactions as oxidation, synthesis, 
polymerization, and oxygen generation. Inr)rganic 
peroxides include [lersulfates, hydrogen ])croxide 
(H-Oo). s<)dium peroxide, bivalent metal perox- 
ides. and HjOj addition com|)ounds. Organic per- 
oxides include per ( oxv ) acetic ac id, dihenzoyl per- 
oxidt;, and ( iinicne peroxide. 

Inorganic peroxides. IVroxvdisul fates, famil- 
iarly called persulfates, are f)n»duced by electr(»- 
lylic oxidation of aqueous sulfuric acid or ammo- 
nium hisuJfate. FVrsnlfuric acid (I1;>S;.0 k) is not 
used commercially as such. Ammonium persulfate, 
a white solid, is used as a polvmerization (alaKsi. 
dyestuff oxidant, metal etchant, and laboratory oxi- 
dant. The potassium salt is used extensively in the 
manufacture of styrene-hutadienc synthetic* nih- 
her; smaller quantities are used in hair bleaches. 

Peroxyrnonosulfales, aUo called rnonopersul- 
fates. are salts of peroxyinonosulfuric acid (Caro’s 
acid). The latter, made from HjO- and sulfuric* 
acid, is a powerful oxidant and bleach; thc'^e prop- 
erties are shared hv the salts. 'I’he acid can l^e used 
for making wool resistant to shrinkage; the salts 
are effective bleaching agents for domestic launder- 
ing. 

Peroxydiphosphales, analogous to peroxvdisul- 
fates. have been t)ret)ared by elec trolytic oxidation 
of concentrated phosphate solutions; no ma)or 
technic al iise?^ have Fieen reported. T’eroxydicarFio- 
nates have also been made elect rolytically. 

Hydrogen peroxide. The most widely used per- 
oxy compound is hydrogen peroxide, a waterlike 
liquid manufactured as aqueous solutions of 3S-- 
90% by weight; essentially anhydrous Hi»Oj 

has recently become commercially available. An- 
nual production in the United States exceeds 
50,000.000 Ih (100% basis). Selling price in com- 
mercial quantities is about 50 cents i)er Ih c.>f con- 
tained H 20 ij. H 2 O 2 is not comhustihle ; water is a 
safe diluent and coolant. With organic compounds, 
H 2 O 2 can form detonahle mixtures; indu.strial 
processes guard against their generation. Direc- 
tion.s for safe handling and storage of H 2 O 2 are 
available from producers, government agencies, 
and trade a.ssociations. 


Hydrogen peroxide is manufactured by electro- 
lytic and organic oxidation processes. The former 
involves electrolytic production of iFie peroxydisul- 
fate intermediate, followed by steam hydrolysis to 
H 2 O 2 , with regeneration of the original sulfuric 
acid or ammonium bisulfate raw materials. One or- 
ganic process uses an anihraquinone dissolved in 
organic solvents. The quinone is catalylically hy- 
drogenated to the hydroquinone; subsequent aera- 
tion of the latter regenerates the quinone, with 
simultaneous formation of H 2 O 2 . TFie H 2 O 2 is wa- 
ter-extracted and concentrated ; the quinone is re- 
cycled for reconversion to hydroquinone. A second 
organic process uses liquid isopropyl alcohol, 
wFiich is oxidized al moderate temperatures and 
pressures to W 2 O 2 and accltme (‘oproducts. After 
distillation of the acetone and unreacted alcohol, 
the residual H 2 O 2 is concentrated. 

Hydrogen peroxide applications include com- 
mercial bleaching, dye oxidation, manufaclurc of 
organir* and t)er()xy chemicals, and power gt'iiera- 
tion. fileat'hirig outlets consume more than onc- 
half of the IIjOj t)roduced. riiese outh*ts include 
t(‘xlile mill ]>leachiTig of practically all wool and 
cclliilosic fibers, as well as <>i inapu' (|iiantities of 
synthetics, and patier and jujlt) mill lih'aching of 
gronndwood and chemical juilps (.vcc BlkA( iltxcr ) . 
Organii* afiplications ini lndc manufacture of epox- 
ides and gly(‘ols from unsat iirafed petroleum hv- 
drocarhons, terpenes, and natural fatty oils. The 
resultant prodin'ts art* valualilc plasticizers, stabi- 
lizers, diluents, and solvents ior vinvl plastii s and 
firotective coating formulations. Production of ton- 
nage organic chemi(*als may become feasible via 
low-cost HjO'j; synthetic givcerol prodiu'tion. us- 
ing captive H 2 O 2 . has been jilanned by one H 2 O 2 
producer. lUOj outlets for manufacture of iierox- 
ides include inorganic compounds such as sodium 
perborate, and organic compounds suc h as perace- 
tic acid and dihenzoyl piToxide. Orlain peroxides, 
such as that of sodium, are more economically ino- 
duced by air oxidation. Power generation ayiplica- 
tions include use in specialized propulsion units for 
aircraft, missiles, torpedoes, and submarines. 'Fhe 
Fiot oxvgen-steam mixture from calalytically de- 
composed H 2 O 2 powers the feed pumfis of many 
large licfuid-propellant rockets. 

Metal peroxides. Sodium peroxide (NaOONa), a 
yellowisFi powder, is the peroxide produced in sec- 
ond largest amount for direct sale. Annual produc- 
tion in the United States is aliout 12,000,000 Ih. 
Manufacture is via a two-stage reaction of the ele- 
ments. The sodium monoxide first formed from the 
reaction of liquid or solid sodium and dried air in 
rotary steel burners is converted to the peroxide by 
additional reaction at 250-400°C. Selling price is 
about 20 cents per Ih. From their respective ac- 
tive oxygen contents, Na 202 and H 2 O 2 are competi- 
tive in pric e. Aqueous solutions of Na202 are es- 
sentially equivalent to a mixture of caustic soda 
and H 2 O 2 . Contact of the powder with skin or com- 
bustibles must be avoided to minimize the danger 
of burns or fire. In event of fire, salt or sand in- 
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stead of water must be used. Major uses of Nai>02, 
as with H 2 O 2 , are in bleaching processes in the tex- 
tile and in the pulp and paper industries. In cer- 
tain areas, the two chemicals are competitive: in 
others, the choice is dictated by the particular ap- 
pli(\ition. 

Bivalent metal peroxides that are commercially 
available include those of barium, calcium, magne- 
sium, strontium, and zinc. Those of barium and 
strontium can be obtained by roasting the metal in 
air or oxygen; the others are best made bv reac- 
tion with HjOj of a solution of a salt or a slurry of 
oxide or hydroxide. Large-scale commercial uses 
have not been developed. The barium and strontium 
comj)ounds are used for coloring flames in |>\ro- 
tcchnics. Calcium peroxide is used as a dough con- 
ditioner in the baking industry; magne‘-ium ami 
zinc t»eroxides are used cosmetically as deodorants 
a. id antii)erspiraiils. 

Inorganic pert^xy anion compounds are readily 
synthesized from fL(Lj and solutions of various 
metal anions ( jrerf ilanates, perchromates) . Their 
importance is cfiiefly in the analytical area; some 
ha\(* imt)ortanct' as catalysts 

II> drnperoxidatps are s(did addition com()oimds 
of ir.O-. with f)lher materials. S<»djiini perh(#rate 
“tctialndrate” ( NaBO-'H-.-Oi.-dlLjO ) and “rnono- 
Indratr ’' (NaBO, 11,00 are convenient sources of 
fl_0, when dis',<dved in water. Manufacture is h\ 
react iems of l)orax, caustic soda, and H,0,. Per- 
hoiates ar(‘ used in sizable amounts in hoiiseliold 
|)owdeTed bleaches for the home laundrv. and in the 
lextilf* industry for oxidation of vat and ->ullur d\es 
on cotton and rayon. The hydroperoxidales of so- 
dium carbonate, sodium pvro(diosphat(‘. and urea 
arc also avilable. Fields of use for the latter com- 
pound include cosmetics and photography. 

Organic peroxides. \s a gnuip, orga uc perox- 
ides are more hazardous than the inorganic ])ernx' 
ides, Manv of the former are flamrnahle or deloiia- 
f>le, thus restricting their availability. Sorn< are 
exceptionally stable ( di-/er/-butyl peroxide). Man- 
ufacture is chiefly through reaction of the organic* 
substrate with air oxidation is also used 

when feasible. 

Peracetic acid | CH : ( C- O ) OOH |, prepared 
from acetic acid and H,Oj, is the onI> organic per- 
acid offered cornmerciallv (iO^( ]>v weight in ace- 
tic ac'id). A manufacturing process involving air 
oxidation of acetaldehyde has been devel(»ped. Per- 
acelie acid, as well as performic or perpropionir, 
may also be generated at the site from HjOy, or- 
ganic arid, and catalyst. Major applications of per- 
acetic, acid are in the synthesis of epoxidized and 
hydroxylated compounds and as a bacrericide, fun- 
gicide, and sterilizing agent for processing equip- 
ment. 

Oibenzoyl peroxide, the most important aromatic 
acyl peroxide, is a white powder, stable at room 
temperature and explosible with heating. If is man- 
ufactured by reaction of benzoyl chloride and al- 
kaline Hii02. Major uses include polymer manufac- 
ture {0.1-0.2% in the monomer to initiate the poly- 


P«rpetual motion 

merization) and flour bleaching (when mixed with 
phosphates and other ingredients meeting stand- 
ards for flour-treating formulations). 

Cumene hydroperoxide | CBHftCfCH.O-iOOH], a 
colorless i(» pale \ellow ]i(]uid. produced by air oxi- 
dation (»f isopropyl benzene, is no longer used ex- 
tensively as a polymr-rizalion catalyst. However, its 
read\ cleavage in acid solution to phenol and ace- 
tone ha-^ rendered it a recent tonnage intermediate 
in the commercial production of phenol. Sec Elec- 
TRornKMicAL I’KocKss ; Oxidation process; Oxi- 
I) \TI0N-RFDT)CT10N : OxiDlZINC AGENT; OXYGEN. 

[S.S.N.J 

Bih/io^raphy: W. C. Seliurnb, C. N. Satterfield, 
and H. I.. Went worth. Hydrogen Peroxide^ lyS.'S; 
A. V. Tob(»|sky and R. B. Mesrobian, Organic Per- 
oxides. 1954. 

Perpetual motion 

riie historic plirase perpetual motion, or per- 
pctiiuni rrudnic. entails three concepts, the !no.st 
<'ommon of wliicli i.s f»erpetual motion of the first 
kind. 

IVrpc'tnal rncUion ol the first kind refers to any 
rnec fianism that, once set in motiim, will continue 
to do useful work without drawing on any exter- 
nal soun e of energy or that, in every cycle of its 
(►peration, wull firoduc e more energy than it absorbs. 
AIth(»ugli the cpjest lor a machiii'^' or engine with an 
efficiem y exceeding 100*^^’ ha.s olten l>een cited as 
cme oi the classic follies of science, most seienti.sts 
from the sixteenth century on regarded it as futile, 
espeeially ui.sofar as mechanical devices were con- 
cerned. However, it wa^ only with the establi.shment 
of the general princii)le of conservation of energy, 
in the middle of the nineteenth century, that the 
possibility of obtaining perpetual motion of the 
first kind r:onld be completely ruled out. Of the 
many att^^mpls made to achieve tierp^etual motion 
of the first kind (for iiislance, Fig.s. 1 and 2), a 
numlier are of historical interest because they 
added materially to empiri(’al knowledge or served 
to c larify puzzling phenomena. 

Perpetual motion of the second kind refers to 
any cmgine that wdll convert heat rompletely into 
othei forms of c'liergy, thus making it possible, for 
instance, to draw on the enormous .store of internal 
energy in tlie atmosphere or sea and convert it 
completely into useful work. The impossibility of 



Fig. 1. A perpetual-motion device based on the 
hydrostatic paradox. The water supposedly would flow 
continuously because the weight of it in the large ves- 
sel exceeds that in the tube. 
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Perseus 



Fig. 2. A seventeenth century proposal for perpetual 
motion, based on the notion that the torques about the 
axle, due to the balls rolling in the grooved spokes, 
will be larger on the descending side of the wheel 
than on the other side. 

having such an berarru; evident with the 

esialjlishtnent, near the middle <tf the nineteenth 
eentiirv. ol the second law of thermodynamics. It 
is this principle and not the principle of ccmser- 
vation of ener^v that rules out frerpetual motion of 
the second kind, for there is nothing in the energy 
principle that denies the possiliiliiy of converting 
heat comtrlelely into work. 

Th(‘ term perpetual motion of the third kind is 
sometimes used to ref(*r to the continuous motion 
that a mechanism would have if it were **omplelely 
freed from the action of all noru'onservalive forces, 
that is, forces such as those of friction which ex* 
trjict energy irreversibly from a mechanical system. 
Experience shows that su<‘h forces can be rt^duced, 
as by lubrication in the case of friction, but can 
never be eliminated. If they could, < ontinuous mo- 
tion of a mechanism would be possible without vio- 
lation of either the jirinciple of conservation of en- 
ergy or the second law of thermodynamics. Ser 
CoNSKin ATION Ol- 'rilKHMODYNAMK. I'RIN- 

( lei.Ks. I n.K.R.] 

Bih/in^japhy: H. Dircks, Perpetuurn Mobile^ 2 
vols., 1861 1870; M. W. Zemansky, Hvnt and 
Thermodynamics, 4lh ed., 19S7. 

Perseus 

A compact circumpolar constellaticm of the north- 
ern skv. like its neighbor. (^a*^siopeia, on the east. 
Both constellations lie in a brilliant jiarl of the 
Milky Way. The ])rominent stars in FVrseus form 
the capital script letter A. This group is repre- 
sented by the figure of the hero, Perseus. Accord- 
ing to legend he dutifully follows his mother-in- 
law, Cassiopeia, in her circle about the heavens. 
The conspicuous curved arc of stars, bright and 
easy to identify, is commonly known as the Seg- 
ment of Perseus. Mirfak, a navigational star, lies 
in the right shoulder. The constellation is noted for 
its clusters of stars. Just above the head are the 
famous double clusters in fVrseus. Algol, the De- 
mon Star, which is an eclipsing variable, is located 
in this constellation. See Cassiopkia; Constella- 
tion. 

[l.s.y.J 


Persian melon 

A long-keeping variety of mu.skmelon, Cucumis 
melo, of the plant order Campanulales. The fruit is 
large (6 8 lb), globular, and without sutures; it has 
dark green skin and thin, abundant netting; the 
flesh is firm, thick, orange-colored, and sweet, with 
mild but distinctive flavor. Persian melons require 
a long warm season, and are highly susceptible to 
diseases, which are intensified by rain or high 
humidity. Except in the great central valley of 
California, the Persian melon is little grown in the 
United States. The average annual farm value in 
the United States for the jieriod 1949-1957 was 
about $1,0()0,()()0. .Sec Campanulales; Melon 
GROW iNc; Muskmelon. [v.r.b. I 

Personality theory 

Pcrsunality as a technical (‘oncept is inferred from 
consistencies m ihe behavior of the individual in 
different situations and over exlt'nded periods of 
lirnt! and growth. These consistencies in behavior 
are usually of three kinds. The firs! relates Id the 
goals the person striv(*s for and the' situations he 
finds rewarding or threatening. A second form of 
consistency is the characteristic style with whi('h a 
tierson carries out his goal-direcied prises — 

his persistency, his manner of learning and think- 
ing, the manner in whitdi he hiftidles obstaebis and 
frn.strations, and how In* resolves conflicts of need 
and interest. Finally, there is a eonsisieney in the 
expression of affect —a j^erson's intensity of fet'l- 
^^ing, his mo(»d swings, his energy level, the degree 
to which h(‘ is strongly driven toward goaU. and 
the extent to which he is sensitive to internal as 
coinfiared to external stimulation and demands. 
Behavior consistencies. To account for these 

consistencies, psych«)logy postulates certain prof- 
esses a'^sumed to be operating in the individual in 
interaction with the environment in which be lives. 

Goal striving. To account for consistencies in 
goal striving, for example, various versions of the 
concept of need, drive, or interest are employed. 
When thf* trerson is found to be striving consist- 
ently and persistently for certain end siale^' that 
appear to bring cycles of Irehavior to a temporary 
close once they are attained, one infers that there 
is a need f<»r the attainment of that end state, 
whether or not the irerson can pul this nerd into 
wwds. The various needs that are inferred from 
the behavior of any single individual are not as- 
sumed to he independent of ime another and are 
related in certain characteristic ways, for example, 
when the attainment of one goal is blocked and the 
person characteristically substitutes another form 
of goal striving in its place (displacement or sub- 
stitution). Or needs may cfmflict with each other 
so that the behavior related to the attainment of 
one goal precludes behavior necessary for attain- 
ment of another, for example, the conflict between 
behavior directed toward flight under conditions of 
fear arousal and the behavior involved in gratify- 


inp sexual need, where the arousal of the former 
renders neiirologically impossible the latter activ- 
ity. The individiiars reciuiremenls are such that vir- 
tually any set of needs can get into a state of con- 
flict should there he overemphasis in the amount of 
lime and activity given to any single one of them, 
and in consequence the problem of regulation of 
needs becomes a central one in any theory of per- 
sonality. 

Style of f'onl .striving*. The second set of postu- 
lated characteristics of personality arc tliose hav- 
ing to do with the style or manner in which people 
carry out their goal-directed activity. In essence, 
these postulated ( haracteristics are a set of princi- 
ples having to do with ihe regulation and s>nthesis 
of various goal-striving activities, smh as the ca- 
pacity to delay gratification of one need for the 
sake of maintaining integration, for examt)le, when 
hostile im|)ulses are put aside in the interest of a 
longer-term need to maintain amicable six ial rela- 
tions within a group. It is also generally assumed 
that there is a cost fa< lor in such need regulation 

eschewal of one need for gratification of others 
invobe*^ a price in terms of energy extrcnditiire or 
resultant malaise on the part of the jrerson. In a 
later section (Ui the concept of defense, the econ- 
ornv of need regulation will be further elaborated. 

In addition to these more motivational aspects of 
regulation and Hynthesis. other features of person 
alit> are usuallv taken into account that have to 
do with the person’s manner of coping with th<* 
p7()blems that arise in goal striving. An example is 
the handling of frustration whether it is followed 
bv aggrcssi<»n. by letreat. by realistic problem solv- 
ing. or bv substitution of (ithc*^ nioic success-assur- 
ing activities. Relevant here as well arc the skills 
and techniques rfiat the individual has learned to 
use in the course of development in the .utcrest of 
attaining his goals. These are generallv t.eated less 
as spec'ific skills than as <»r lent at ions toward pndv 
lem solving, for example, the tendency towanl 
quick perceptual comi^letion of ambiguous siiua- 
tions, tendencies to be more dependent upon exter 
nal cues in a situation than upon inner oneis. Such 
‘►rientations are inferred either from fact rj ■] stud- 
ies of specific behavior (discussed later f or bv 
more informal technirpies for inferring consistency 
in the utilization of experience to rcgulatr? problem 
solving. 

Affective reactions. The third feature of person- 
ality deals with the characteristic affective reai- 
tiems of the person; this area is less highly devel- 
opt'd from the point of view (d research than the 
other two. Traditionally, this i.s taken* to he the 
problem of temperament and it is closely, but not 
oxi'lusively, linked to emphasi.s upon constitutional 
factors. Because inner affective states do not lend 
them.selves to precise measurement, but depend to 
a large degree on subjective report, temperamental 
and affective characteristics of the individual are 
not easily investigated. In consequence, many in- 
direct physiological methods have been developed 
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for the study of emotional slates which do not yield 
metrics that readily lend themselves to dire<*t trans- 
lation of the suhjective conditions producing them. 
The classical approach to the problem has been in 
terms of certain typologies of temperament, such 
as the one pro|)osed centuries ago hy Hippocrates 
in terms of the sanguine, the melancholic, the chol- 
eric, and the phlegmatic, each assumed to be re- 
lated to the stale of the body fluids of human be- 
ings. More modern theories, such as lho.se of 
E. Krciscliiner and W. H. Sheldon, are rnerre sophis- 
ticated in their use of measurement of bodily in- 
dices but use essentially the same mode of infer- 
ence in arriving at over-all temperamental types. 
Th(‘se will be discussed later. 

Study approaches. 'J’he following airpronehes to 
personality study arr* selected as representative of 
some of tire* major twenlicMli-centiiry treiids: the 
psv< liodynamic approach, the cultural approach, 
the approach via learning theory, the organismic 
and self-c'oucept ajrproachcs, the factorial trait 
approach, and the tvpologmai-c'onslif ul ional ap- 
proach. 

Psychodynarnic approach . The* basic tenet of the 
psvchodvnamic approach is that the individiiars 
goal striving and motivations are the cerre from 
wliic'h pei’.snnalitv theory rnusl be built. The etiol- 
ogy of motives, their development and transforma- 
tion. aruf the resulting consequ#^ncps for the indi- 
vidual comprise the basic area of tiersonalitv study. 
In general, these theories begin with the conr-ept 
of the child as driven bv a basic* physiological nu- 
cleus of cMuerging and c hanging needs which he at- 
tempts to act out within the family constellation. 
The child attempts to attain direct and immediate 
impulse gratification, and the parents operate as 
.socializing agents. 'I’hc c-hild's reactions to parental 
and other soc iaii/ing agents are seen as the foimda- 
ticui of all later growth. The familv unit and the 
larnilv interrelationship arc thus tlie basic arena 
for developing feelings and im.rges about the self 
and modes of handling needs, and constitute the 
foundations of the later life style. 

In adjusting to the demands ot parents acting as 
vicars of society, certain ot the child’s needs are 
barred from expressing lliernselves, for example, 
certain sexual and hostile impulses. One of the 
ways in which the growing child deals with these 
unacceptable needs is through the mechanisms of 
dedal or repression (discussed later in this arti- 
cle), often transforming the original needs into 
forms that are more acceptable. When such repres- 
sion and transformation occur, an area of sensitiv- 
ity develops in which subsequent temptation may 
arouse the repressed impulse and create anxiety 
and avoidance behavior. Needs that have undergone 
such repressive transformation are referred to as 
iinconsf ions, in the .sense that they are inadmissible 
and unavailable to the person. .Around such re- 
pres^sed unconscious needs there may grow charac- 
ter structures that may later turn out to be the nu- 
cleus of neurotic symptoms, such as an exaggerated 
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conr.ern for sexiia] morality in a person who has 
severely repressed his own sexual impulses early 
in development. In the sense noted here, psyr.hody- 
namic theories make a continuum between normal 
growth and neurotic reactions, the latter being ex- 
aggerated versions of usual patterns of growth sur- 
rounded by an excess of inhibition and defense. 
See Neurosis. 

In such theories, particularly in recent years, a 
more prominent place has been given to the role of 
ego function, the comp<ising of <;onfli<'ts in a man- 
ner that avoids the danger of neurosis. This de- 
velopment in theory comes in part as a reaction 
against the criticism that psy<*hodynamic theories 
were loo closely modeled upon the observation of 
neurotic symptoms in clinical prac tice with an at- 
tendant failure to consider in detail the processes 
of muinal growth. Closer study <jf normal growth 
has indicated that there are patterns of coping that 
seem to be relatively independent of early difficul- 
ties suffered by the child in his first stages of sc)- 
('ialization. Here, too, there is a reaction against 
the early excessively genetic-historical, family-cen- 
tered approach of the psych(»dynamic theories. In 
any case, the early statement of t)&y<'hodynamic 
th(?ory, notably bv Sigmund Freud and his follow- 
ers, had in its turn tended to overreact to the nine- 
teenth-century view of rational voluntarism and 
substituted an overly rigid conception of determin- 
ism (.see Frei/'dianism ) . The trend since 1940 has 
been in the direction of reconsidering some of these 
views better to deal with the evidently creative as- 
pects of growth and with the conditions that pro- 
duc e them. Among such studies are those that are 
designed to determine the kinds of family atmos- 
plieres that lead to healthy ego development, such 
as the development of flexible attitudes, egalitarian 
orientation toward others, and so on. 

Cultural approach. Tlie psychodynamic ajiproach 
to tK!rsonalily has stimulated the interests of an- 
thropologists working on early childhood socializa- 
tion and has led to sttidies of the relationship 
between personality and culture. The (original em- 
phasis of these studies, as stimulated by Freud’s 
insights and by the approach of the psychoanalyti- 
cally oriented anthropologists such as R. Linton, 
A. Kardiner. and C. DuBois, was again upon the 
early development of basic personality structure. 
The central assumption was that certain allegedly 
invariant features of childhood discipline, such as 
mode of weaning and independence training, had 
the effect of creating a basic personality structure 
unique to a culture, and later experience and train- 
ing only elaborated upon this structure. From the 
point of view of culture, the underlying axiom was 
that institutional forms, rituals, and myths were 
projective systems that grew out of or, in any event, 
matched the basic personality patterns create'd in 
the ciiiture. 

Just as in psychodynamic theory in general, in 
the studies of personality and culture there has 
been a shift away from the deterministic genelicism 
that placed so much emphasis upon the early ef- 


fects of family life on the life pattern of the per- 
son. One finds today more emphasis upon the per- 
sonality-forming effect of the roles and positions 
that a person fills in a society, including roles oc- 
cupied during adult life, and there is at present 
considerable interest in the topic of adult socializa- 
tion, particularly in the effects on personality pro- 
duced by occupational life. Typical of such studies 
are the observations of N. Miller and G. R. Swanson 
showing the manner in which entrepreneurial fam- 
ilies and bureaucratic families, defined in terms j>f 
the organization in which the father works, place 
differential emphasis upon spontaneity vs. adjust- 
ment to social requirements in the group. So. too. 
in the work ol I). Riesman. r]. Rrikson, T. Parsons, 
and others, mtich more account is taken ot the con- 
tinuing scuializution of the individual after lie has 
entered a life of his own away from his family 
of origin. Rriks<»n, for examph*, speaks of the stages 
of develo[)ment of man, each representing a set 
of problems to be solved, pointing out that fail- 
ure to solve the t>rohlen\s of an f'arliei stage makes 
it difficult to cope with problems of a latru siuge. 
Thus if the child docs not deal siicce‘'sfiilU with 
the problems ol <‘oming t<> trust otluTs as an infant, 
it is highly likedy that there will lx* a r(*curreut cri- 
sis in dealing with tlie prohl(*ms ol a<hieving a 
sense of autonomy later. And j^ven tin* failuie of 
these two stages, the difficulties ol lealizing a sense 
of competence still later are compounded. But 
where there is a relative degree of succ'ess at each 
^«tage, the growing (hild or adolescent becomes in- 
crea.singly free to he influemed by the mMiad ol 
social lorces that may ot)erate upon him Irom the 
society. 

Learning theory approach. 1'he woik ol learning 
theorists who have turned their attention to })(*r- 
sonality, smh as N. E. Miller, J. Dollard, and 
O. Mowrer, has bet*n strongly influenced by IVeud 
and shares many ol his basic postulates. Miller and 
Dollard particularly have attempted a fusion of 
some fundamental features of the psychodynamic 
approa< h with h^arning theory and with experimen- 
tation in the area of the psychoh'gy of learning 
(the work of C. I.. Hull). Drive, response, cue, 
and reinforcement are coiicef)lualized by them as 
the four fundamentals of learning. The i)roc- 
esses by which behavior patterns, including neu- 
rotic symptoms, are a<‘quired and relinquished are 
analyzed in terms of the details of the learning 
process. The development of personality (Consists of 
the learning of generalization, discrimination, and 
labeling responses so that the person may adjust to 
his environment in terms of the distinctions and 
equivalences that are relevant to drive reduction 
{see Learning theories). Much of their theory of 
neurosis and p.sychotherapy bears analogous fea- 
tures to the earlier work of the Freudians but dif- 
fers in applying experimental laboratory proce- 
dures, including the use of lower animals, for 
testing hypotheses about problems such as confiict 
and repression. Application of various models of 
learning (C. Hull, E. C. Tolman. and coworkers) 



to the study of personality appears as a relatively 
current and seemingly continuous trend and is in- 
dicative of psychologists’ efforts to bring such 
study increasingly into the realm of experimenta- 
tion. 

Organismir approach. Another important series 
of variations in theory which are largely compati- 
ble with the psychodynamic approach, referred to 
under the rubric organismic theory, lias l)(*en pro- 
pj»scd in quite different forms by K. (bildsteiii, 
A. Angyal. A. H. Maslow. (i. Murphy, and W. .Stern. 
The organismic point of view is closely related to 
the gestalt movement as initiated around 1910 by 
psychologists such as M. Wertheimer, K. Koffka, 
and W. Kohler, in the area of perception {sec ]*kh- 
(tnioN). Organismic theorists share witli gestalt 
psychologists the objection against the piecemeal 
analysis of behavior anfl they extend some of the 
basic principles from the area of per<'ep!ion to the 
S(udy of the organism as a whole, (roldstein, for 
example, comept uali/ed the organism as always 
behaving as a unified, integrated, coherent whole, 
not as a series of diffe? i nliated parts. 'Flic organism 
is considered a single unity; what happens in a 
part affects the whole. Further, the individual is 
seen as motivated by one <lominant or sovereign 
dtive. scll-actiializat ion or self realization, rather 
lluui by a mullit?jde of dri^^•s. Man strives c'ontinu- 
to actualize his inherent p<aenl iaiities b> 
whatever channels are available to him; he does 
what he <‘an do in the process of coming to terms 
with the world, and this single major striving gives 
umtv. dir<‘ction. and meaning to life. 

Self ‘Concept approach. .Self-coru‘ept theories of 
taTsonalily are analogous in many rcspe< ts to the 
organismic theories (for [»le, C. R. Rogers, 

n. Snvgg and A. W. Combs, and P. Lecky). The 
basic tenet of these theories i^, phenomenological 
m inqiorr, that is, the <*oncept of the experienced 
self, a concept derived in some measuie from the 
theories of William James and the (ierrnan phe- 
nomenologists of the turn of the century. The as- 
sumption is that the striving and coping of the in- 
dividual are summarized and integrated in tbr 
concetit or image of the self, and that this conceju 
or image serves as a regulatory y)ro< ess .c guiding 
llu‘ growth and actualization of the fier.son. (irowth 
and actualization, in turn, are reflected in change*' 
in the person’s self-concept, as he moves in the di- 
rection of having an image of himself that is con- 
gruent with consistencies in his own actions and 
with the images that he creates in others- -two as- 
pects of insight. The person, then, strives for self- 
consistency. and action is hypothe.si/.ed to this end. 
The individual achieves a mature self-concept when 
this concept is consistent with his experienced life 
pattern so that the experiences with which he must 
deal are not .seen as alien and threatening to the 
self. Under these conditions, the person can use 
experience for further growth and self-actualiza- 
tion. 

Factorial trait approach. In contrast to the above 
approaches, which are largely clinical and observa- 
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tional in method, the trait-factorial approach is 
based on a psychometric premise. The premise i.s 
basically taxonomic in its import, seeking a mini- 
mal set of underlying dimensions or latent struc- 
tures that will describe a variety of test scores. 
Among the princ ipal exponents and users of this 
technique of personality resea^^ h arc H. J. Eysenck 
in England and J. P. (iuilford in the United States. 
Included in the general response tendencies con- 
firmed hv this work are such trail clusters a.s in- 
troversion and exlraversion, general neijroti<‘isin, 
and so on. In recent years, an attempt has been 
made, particularly Eysenck's group, to relate 
trait clusters or factors to rertain traditional ex- 
perimental variables and it has been found, for ex- 
aiiqile, that introversion lends to be correlated with 
ea.se of sensory adaptation and with ability to be- 
come conditioned. 

Typological constitutional approach. The typo- 
logical-constitutional approach is perhaps best rep 
re.sented in terms of two difTe‘rent sources. The one 
stems from the continuing interest in the role of 
bodily functioning as a determinant of tempera- 
nuMit. Tlic humoral approach of HippocTates, al- 
leadv merit ionc'd. continued in forc'e throughout the 
medieval pt'riod. In addition, there has been a sec- 
ond continuing interest which is refashioned pe- 
riodieallv a*' new (‘oncepts emerge. In its earliest 
form It was rc'presented by the materialist doc- 
trines of the .Stoics and Pq)ic*urcans who held there 
to be a neutral afT(*cti\e state from which people 
tended to diverge as a function of the state of their 
c irc ulator \ system, for example, vasodilation lead- 
ing to a state of euphoria or pleasure, vasoconstric- 
tion to depression or un pleasure. There is on ic;cord 
a usage of this principle- as a diagnostic devi(‘e by 
the Alexandrian sc hool of medic ine, a certain ca- 
liph’s distress being attributed to his relations with 
the members of his harem. Members of the harem 
were brought before him and his pulse rale re- 
corded in order to discover the upsetting lady. In 
the modern period, N. Malebianche has adopted 
the older concept in new garb to account for the 
perturbations of emotion. 

A similar strain of thought runs through history 
in the effort to relate temperamental c haracterislii- 
to body type: the sluggish and indolent fat man. 
the long, lean, and hungry look of Cassius, and 
so on. Perhaps the most modern exemplification of 
the view is found in the work of W. Sheldon and 
ccdlahorators. By a careful metrical analysis, they 
have separated hcidy types into three components, 
rated on a 7- point scale, each person showing a dif- 
ferential loading of each component, with one of 
them usually dominant. The compc>nent body types 
are the endomorph (the round physique), the 
ectomorph (the narrow thin physioue), and the 
mesomorph (the rather square athletic build). As- 
sociated with endomorphy, ectomorphy, and meso- 
morphy are certain temperamental traits and certain 
differential tendencies toward mood and mental ill- 
ness. According to this theory the mesomorph tends 
toward overt muscular action and acting out of 
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Sheldon's system of body types. Extremes in ecto- 
morphy, mesomorphy, and endomorphy are shown, 
as well as the average individual who has about 
equal proportions of all three components. (From 
C. T. Morgan, L T. Alexander et al.. Introduction 
to Psychology, McGraw-Hill, 1956) 


his problem.s (somatotonia) , while the ectomorph 
tends toward formal and theoretical formulations 
and intellectualization of problems (cerebrotonia ) . 
The endomorph tends to be geared more toward 
feeling and is relatively passive with respect both 
to action and cognitive activit> ( viscertotonia ) . 
.Suggestive correlational results have been obtained 
by this method, perhaps indicating that certain 
constitutional origins of personality functioning 
have been overlooked by the psychodynaniic ap- 
pr(»a(‘ii. 

Another approach to the typological studv of 
|)ersonality comes out of the German Romantic 
tradition, te|)n*senling a development of the ideal 
types approach of such thinkers as W. Oil they and 
the anliscientific pr<)ponenls of the Geistrswis’ 
srnsrhajt, the scit*nc(' of mind. A tvi)ical approach 
is that of E. Sj)ranger, whose typological analysis 
of value orientations has provided the basis for one 
of the most widely used and productive personality 
tests of the present time, the Allport-Vernon- 
l.ind/ey .Study of Values. Spranger's six ideal value 
tyt)es were the social, religious, econotni<-. theoreti- 
cal. esthetic, and yrolilii'al. and the Studv of Values 
altemipts to assign a set of possible points among 
them, on the basis ot a choir e of multiple t espouses 
to (piestions relating t(> preference for various 
activities and re‘wards. To a t ertain degree. C. G 
.lung also represents this approtieh in his formula- 
tion of types that are polar opposites: introversion- 
extra version. sensation-intuition, thin king- feeling, 
.lung introduces a provo(‘alive but largely untested 
ylotion of comi)lementary lunctioning that is rather 
different from most theories: that the exercise oi 
one extreme on a continuum set:- up tensions for 
moving in tlie direction ot the oiIkt extir'inc so that 
the ext raver! is likelv to become more introverted 
as he goes on in life. 

Personality assessment. The general purpose 
in individual [rersonality assessment is to deter- 
mine as accurately and elheiently as t)ossil)le what 
a particular person is like with res])ect to some 
criteria. The theoretical assumptions made about 
the nature of personality determine both the frame- 
work in which this general question is east and the 
operations selected in seeking answers. For exam- 
ple. if unconscious aspects of f)ersonality are con- 
sidered the vital determinant.s of behavior, the vari- 
ables and methods selected for personality study 
and assessment will focus on these. Or if the em- 
phasis is on self-concept, the assessment emphasis 
is likely to be on phenomenological self-descrip- 
tion. The specific purposes of the assessment, the 
decisions which must be made on the basis of the 
assessment procedure (for example, selection for 
executive training, for group psychotherapy, for 
admission to or release from a mental hospital), 
further constrain the procedures employed. Thus, 
assessment procedures are used both for research 
and applied purposes depending upon the choice of 
criterion. Tn the former the aim is to discover valid 
and generalizable relationships between various 
aspects of personality functioning and other factors 



(for example, social class, culture, group interac- 
tion, and so on). In the latter, the aim is to reach 
specific decisions about individuals in industrial, 
military, educational, and clinical settings, and the 
methods tend to be as varied as the settings. 

Broad personality procedure. In a broad person- 
ality assessment procedure, as t\piealh used in 
clinical settings, the atlem})t is made to gain in- 
formation about ail of the three kinds oi lonsist- 
encies in individual behavior previously discussed. 
The individual’s basic goals and needs, his char- 
acteristic style of attaining goals, and liis dominant 
affective states are all sought throiigfi the clinician’s 
interpretation of the individual’s responses and 
theii interrelarion'>hips, as eli<iied bv various 
assessment lechnitpies. 'I'hese lechni([ii(*s. (^r tests, 
in which the task stimulus is structured aTtibigu- 
ousl\ so as to allow' maximal freedoin (»f re^sponse 
(Tor examt)le, a Rors<-liacli inkblot card is shown 
and the person is asked what it might look like, 
what it might be) are termed [)rojective. This is in 
contrast to those clearly structured task stimuli 
(“objective" tests) in which the number o| pos- 
sible aptudtiriate responses is min h more limited 
by the instructions. Projectivi* techniipies, «uch a-> 
th(‘ Korschai'h. Thematic A t)t)erc(*j)t iof« Test, draw'- 
ing, or w'ord association, s(‘(*k to elicit a picture of 
ifie consistent, enduring aspect^ ol (he indiMclual’s 
inner lile (lantasy. wishes, dreads, and so on) 
which h<* himself cannot vei bali/e oi ^i’ 

rci’tly because of both s(»cial ])ressure w'ilbin the 
testing situation and unconsiious tiersonal distor- 
tion and refiression. The assumption underlying 
this indirect or piojective procedure is that psv- 
(liodynamic fiatlerns are not direi'tlv aci'essible to 
the person being tested so tlu^i it is necessary to 
elicit behavior that will permit a reconstruction of 
his internal dynamics bv the diagnosing clinician. 
The price of this indiieit teihniiiue tliat plates 
such heavy ernjihasi.s uptin the inferem es drawn by 
the clinician is that protective testing tends to 
\ield relatively low interobserver leliabililies and 
this in turn makes the task of validating such pro- 
cedures very dillicult. 

The task of validation is rendered the more diffi- 
cult by the fact that a criterion for vali Idiion is 
djfficult to establish within the jisychodynamic 
framework by virtue of the emphasis on inner dy- 
namics rather than on external, clearlv spei'ifiahle 
performance. There is continuing debate* in the 
field between those who prot)ose a clinical criterion 
for such assessment, in which the clinicians’ experi- 
ence and judgment provide the basis for both 
inference and validation, and those who adhere to 
the actuarial approach which proposes that re- 
sponses be rigorously categorized and checked out 
against an objective criterion that is consensually 
accepted. 

Standardized test use. Another approach to per- 
sonality assessment is through the use of stand- 
ardized tests such as the Minnesota Multiphasic 
Personality Inventory, the Guilford GAMIN pro- 
cedure, and R. B. Cattell’s 16 P-F Test. This ap- 
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proach is closely linked with the trait-factorial 
approach to personality assess*rnent. The procedure 
employed is to construct distribulively adequate 
test items first on an intuitive basis, then to reduce 
th e set of items bv a formal <»r informal factorial 
method that gels at independent latent structures 
undcrlvitig res|)onses to these itein.s, then to select 
l)v I<‘( hniipjes of item analysis those (juestions that 
rc'present tlic best expression cd the various factors 
or clusters. The various trait clusters that can be 
te.sted by this method are many. Keliabilitv is 
assured by this method, although the same firob- 
lerns of validity exi-l here as in the actuarial ap- 
j)roa<h to projective l(‘sfs, that is, finding an 
agreed-upon performance measure against which 
to t>i! response scores. Intelligence tests and their 
component factors it*present hut (»n(‘ examf)le of 
this approach to asi^ossmenl which, because of the 
pressures of practical a|)plicalM>n. tend t(» be seen 
t rroneously as a different approach to assessment. 
1’lie principal criticisms leveled against this ap- 
jiroacb are that it i*- lacking in a theoretical Irarnc- 
work predictive of the psychodvnarnic aspects of 
personality, and that it is empiric allv too taxonomic 
in spifit jind insufficiently conc erned with explana- 
tion. 

Kiitinft and rankinfi methods. Rating and ranking 
mc'fbods arc closely akin to the psychometric* test- 
ing approac h. Here a set of judges is armed with a 
criterion and askc‘d to rank oi rate a group of 
tc'slcc s on the liasis of some products pr<>duced by 
these tc*stecs (for example, ojunions, attitudes, and 
c'xpressjvw movements) in terms of the c*riterion. 
Reliabilitv is determintd by intrajudge and inter- 
|iidg(‘ consistency, although there are special prob- 
lems of errors in ludgment such as the halo effect 
to be controlled, and the problem of validity is as 
great here as in the i>sychometri(' testing methcjd. 
Specialized vcTsions of this procedure, sueh as 
sociomelJ ic teclmujues and the Q-sort, that have 
been devised in rec*ent vears incr(*ase the discrimi- 
nating ))ower of ranking and ralmg methods. 

Naturalistie approach. I'lie term psychoineiric 
as It has be(!n used in the preceding paragraphs, in 
c-onlrast to the projec tive te< liniques. refers to a set 
of assumptions having to do with the distribution 
of individual differences in human performance, the 
assumptions of normality of distribution, of the 
f»redic*tahle distrihutiem of error of measurc*menl, 
and of various notions concerning ihe^ scalar prop- 
er lies of responses to test items. The concejit is 
thus inh<‘rently actuarial or distributional in nature, 
placing the individual performance in relation to 
an array of performances made by others rather 
than treating it in terms of the economy of the in- 
dividual’s psychodynainic's. It is in terms of this 
distinction that G. Allport has differentiated the 
idiographic (individual) approach to the individual 
versus the nomothetic (universal) approach to 
generalized human functioning in which the in- 
dividual represents a position or a di.strihution. 

The naturalistic or field approach to personality 
assessment is well represented by the daily activity 
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of the field anthropologist or the diagnosing physi- 
cian. It consists in drawing inferences from ob- 
servable consistencies in behavior in lifelike situa- 
tions. By the interposition either of formalized 
projec.tive tests or of psychometric test devices, it 
can be converted into either of these approaches. 
It is the Urmethode of personality assessment. 

Physiolofiicnl techniques. Physiological tech- 
niques of personality assessment increasingly com- 
ing into use are mostly concerned with obtaining 
measures of autonomic reactivity under conditions 
of emotional arousal and stress. These methods 
are divisible into three classes: those that record 
electrical activity in the cortex (by use of the 
electroencephalograph ), seeking anomalies in brain 
functioning; those that use a variety of measures 
having to do with circulation, respiration, muscular 
tension, skin responses, and blood chemistry; and 
those related to the physique of the person being 
tested. The second of these approaches is designed 
to obtain measures of motility of the autonomic 
nervous system and endocrinal responsiveness. This 
work lias been strongly influenced by the theories 
of W. B. Cannon and, more recently, by the work 
of H. Selye. The emphasis of the third approach 
has been discussed previously in connection with 
the constitutional-typological theories of person- 
ality. See Electroencf:f^hal(h;raphy. 

Personality research. The great bulk of per- 
sonality theory is based upon clinical observation 
of patients in mental clinics and hos])iials and child 
, guidance clinics. Over the 2S years since PJ.SS, 
although such observali<»n has become increasingly 
systematic and codified, it still falls considerably 
short of the canons of rigor that one would demand 
of experimental research. This is partly in the 
nature of the material to be dealt with since human 
growth does not lend itself readilv to lahoratr)rv 
experiment save in certain indirect ways which 
will be referred to shortly. The greater part of the 
research on which theories of personality are based 
can be called reconstructive in its intent, an effort 
on the basis of necessarily limited clinical observa- 
tion to reconstruct the origins and dynamics of cer- 
tain consistencies in functioning. Because of the 
technical problems involved, there are relativelv 
few comprehensive longitudinal studies of person- 
ality which have followed the same individuals from 
early childhood into adulthood. The principal 
studies of this type are those being carried out by 
the Fels Institute and the Institute of Child Wel- 
fare of the University of California. As for other 
types of personality research, their approaches have 
already been described in connection with the dis- 
cussion of personality assessment. 

Another approach to personality research is 
through the study of those regulatory mechanisms 
that are nece^ssary for adequate functioning — learn- 
ing, perception, motivation, emotion, and the like. 
Reference has already been made to the work link- 
ing learning proce.sses and personality processes. 

Similar work has been done in connection with 
the contribution of other forms of functioning to 
growth and maintenance. Included in this work is 


the study of perceptual and cognitive processes and 
of the manner in which these enter into the psy- 
chodynamics of the person as instruments of de- 
fense and coping. Thus H. A. Witkin and his co- 
workers have distinguished between people who 
are dependent principally upon the external visual 
field and those who depend upon internal bodily 
cues in maintaining the upright perceptually, and 
they show the differences in personality that are 
related to these orientations, the former being 
generally more dependent than the latter. 
H. Werner has shown the manner in which sensori- 
tonic sensitivity operates in determining growth. 
G. S. Klein and his coworkers have shown the 
continuity between modes of regulation in per- 
ceptual orgarqzation and in dealing with internal 
drives. J. S. Bruner and his coworkers have at- 
tempted to show the manner in which perceptual 
selectivity serves the motivational requirement*^ of 
organisms as well as their reality demands. In sum. 
this work has attempted since 1950 to establish a 
continiiilv between general psychological theory 
and personality theory l)y em[)hasizing the instru- 
mental properties of thinking. per»-eiving. iiidging. 
and the like. This work has, on the whole, been 
closely linked with psychodynamic api)roaches to 
personality. 

A similar account may be given of exr>erimcnlal 
work on specific motives. StennTning from H. A. 
Murray’s c>riginal taxonomv of needs. thcTc has 
been considerable studv of the ac hievement motive 
n ach) by 1). C. McClelland and his collaborators. 
ach being measured by the controlled use of 
cpiestionnaires and projec tive tec hniejues. This work 
has revealed that ac'hievement striving is related 
to cultural milieu, to early training, and to the 
characteristic expression of anxiety in the person. 
nc>tably fear of failure and desire for success. 
Similar work is being done with dependency needs, 
affiliative needs, and nec*d for power. A closely 
related line of work is illustrated by the researches 
of F. Frenekl-Brunswik on the authoritarian per- 
scmality and the kinds of mechanisms that support 
such an orientation toward the social world, namely, 
intolerance of ambiguity as a cognitive and motiva- 
tional characteristic. 

The field of personality research is growing at 
suf'.h a rate that it is difficult to foretell what shape 
it will take in the ftiture. Cc:rtainly there is a 
tendenc y for the different approaches to assessment 
to be joined together in more comprehensive pro- 
grams of assessment (as, for example, at the Cali- 
fornia Institute for Personality Assessment). It is 
clear, too, that there is an increasing tendency for 
theories of personality to be less ad hoc and more 
closely linked to principles of general psy ethology 
established in more controlled experimentation 
(for example, objective studies of psychoanalytic 
mechanisms on the psychodynamic side, the work 
of jG. Kelly on the side of transformation of subjec- 
tive experience by cognitive processes, bv the wmrk 
of J. Piaget on child development, and by the work 
of N. E. Miller and of F. A. Beach on basic drive 
mechanisms). Finally, it seems evident that, rather 



than being a special topic in psychology, the psy- 
chology of personality is rapidly becoming a central 
focus of general psychology concerned with over- 
all regulatory processes that determine more seg- 
mental forms of functioning. Sec Abnormal be- 
havior; Behavior and heredity; Behavior, on- 
togeny of; Psychology, physiological and 
experimental; Reproductive behavior. 

[.l.s.B.; w.ms.] 

Bibliography: (t. W. Allport, Personality : A 
Psychological Interpretation, 1937; C. S. Hall and 
G. Lindzey, Theories of Personality, 1957; J. McV. 
Hfint ( ed. ) , Personality and the Behavior Disorders, 
2 vols., 1944; R. L. Miinroe, Schools of Psycho- 
analytic Thought, 1955; G. Murphy, Personality : 
A Biosocial Approach to Origins and Structure, 
1947. 

Persulfate 

A group of compounds more correctly known as 
peroxysiiltales. Persulfates are salts of ihe two 
peroxv acids of sulfur, |)ernxymonosiilluric acid 
(HjSOrO and perttxydisulfuric acid (lljS-jOs). All 
tliesc compounds contain sulfur in an oxidation 
•^tatc of 6 I , the same as in sulfates. 'Fhe unusual 
thing about their struct lire is the piesence of the 
peroxy group, - 0 0--. as folbiws: 
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Ainmoniiim peroxydisulfate is produced by the 
electrolytic oxidation of ammonium bisclfate solu- 
ti(»n. It is used as an oxidizing agent and a bleach, 
and is converted to other salts, such as potassium 
peroxydisulfate which is used as a polymerization 
promoter. See Peroxide; Sulfi'r. | e.e.wr.1 

Perthite 

A parallel-to-subparallel intergrowth of potassium 
and .sodium feldspar. With increasing .si . of the 
intergrowths, cryptoperthites, microperthites, and 
perthites may be distinguished. In microperthites 
and perthites the potassium feldspar is usually 
present as normal orthoclase to microcline, and 
the sodium feldspar exhibits its most ordered form 
as albite. In cryptoperthite.*- the potassium feldspar 
is usually present as sanidine to normal orthoclase. 
and the sodium feldspar is present as small do- 
main.s approximating analbitc or albite. Connected 
with the small domain size in cryptoperthites a 
beautiful blue-to-whitisli luster may be developed 
Gnoonslone). Sec Feldsfar; Gem: see also Al- 
BITE; Microcline; Orthoclase. [f.la.] 

Perturbation (astronomy) 

Departure of a celestial body from the trajectory 
it would follow if moving only under the action of 
a single central force. Perturbations may be caused 
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by either gravitational or nongravitational forces. 

Corrections to elliptic orbits. In the solar sys- 
tem, orbits of planets may be adequately repre- 
sented by mean elliptical elements to which are 
added small corrections due to the mutual plane- 
tary attractions. Although such motion is referred 
to as disturbed, it is as much a conseapience of the 
law of gravitation as is undisturbed elliptic motion, 
although it is much more complex. 

Another method of representing perturbed mo- 
tion is to augment the position derived from the 
mean ellipse bv the actual di.splacernents in the co- 
;>rdinatps due to th: disturbing forces. These per- 
turbations of the elements, and perturbations of 
the coordinates, are represented by infinite .series; 
usually many terms are required to represent the 
disturf)ed motion accurately. These analytical ex- 
[)iessi(ms are referred to as general perturbations 
and, witli their as.sociated mean elements, form a 
general iheory of the motion. Tn some inst.'unces, 
such as the orbit of an outer satellite of Jupiter or 
the motion of a comet moving with nearly para- 
bolic velocity, the analytical expressions represent- 
ing I he perturbing function he(‘ome so involved 
(mainly l)e<’ausc of la<‘k of convergence of the Fou- 
rier .series) that general perturbations are not at- 
tempted. In.stead, the perturbed positions are com- 
puted from a step-by-step numerical integration of 
the e(]uations of m<*ti(m ; this is known as the 
method of special perturbations. 

Loiig- and short-term disturbances. Planetary 
orbits are subject to two classes of di.sturhances, 
secular, . long-term, perturbations; and the pe- 
riodic, or relatively shrvrt-terni. perturbations. Sec- 
ular perturbations, so called because they are ei- 
ther pnrgressive or have excessively long periods, 
arise heiause of the relative orientation of the or 
bits in space. They cause slow oscillatory changes 
of eccentricities and inclinations about their mean 
values with accompanying changes in the motions 
of the nodes and perihelia. The pieriods «>f time in- 
volved in these oscillations ma> extend from 50.000 
to 2,000.000 vears. Periods and major axes of orbits 
are not affeeted by secular changes. For the orbit 
(»f the Earth. I he present inidination to the invari- 
able plane is 1 °35'. This will diminish to a mini 
mum of 47' in approximately 20.000 years. The 
eccentricity, presently 0.017, is diminishing also 
and will reach a minimum of 0.003 in about 24,000 
years. 

Periodic perturbations arise from the relative 
positions of the planets in their orbits. When the 
di.stiirhed and disturbing planets are aligned on the 
same side of the Sun, the perturbation reaches a 
inaxunum, and reduces to minimum when align- 
ment is reached on opposite sides of the Sun. The 
size of a periodic perturbation is a function of the 
mas^ of the disturbing body and of the length of 
time the two planets remain near the point of clos- 
est approach. Periodic perturbations continually 
shift a planet away from the position it would oc- 
cupy in undisturbed motion, moving it above or be- 
low the orbital plane, nearer to or farther from the 
Sun, and forward or backward in the orbit. 
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Commensurable motions. If thc> mean motion 

of the disturbed planet were exactly a submuJliple, 
say V&, of the mean motion of the disturbing; 
planet, the maximum perturbation produced by 
their close approach would always occur in the 
same part of the disturbed orbit. The displacement 
in position <»f the disturbed planet would increase 
with each coincidence until the character of the 
orbit became modified to the point where exact 
commensurability of the mean motions would cease 
to exist. 

Because the solar system is middle-aged, cosmi- 
cally speaking, few examples of (ommensurahilily 
of mean motions exist today. None is found in the 
motions of the major planets. Ceases of near com- 
rnensurability exist which give rise to long-f)eriod 
fieriodic terms of large amplitude. As an example, 
the periods of Jupiter and Saturn are nearly in the 
ratio of 2:5. Thus, after nearly 5 i evolutions o( 
Jupiter, the two planets return to apfiroximalely 
the same juxtaposition. Their lim* ol coincidence, 
Imwever, sw'<^ep-^ slowly around Jufiiter’s orbit, 
completing a circuit in about 85(1 years and thus 
producing a perturbation of this jieriod. 

Among the four inner |danets. the periodic per- 
turhations are small, amounting in orbital longi- 
tude at most to '25 for Mercury, ^5 for Venus, 
T for Earth, and 2' for Mars. fVriodi<‘ j)errurha- 
tions of the outer filanets are larger, reaching in 
the case of the long-period terms to 50' for Jupiier, 
70' for Saturn, 60' for Uranus, and 35' for Nep- 
tune. 

Becau.se the amplitude of a periodic perturba- 
tion depends on the mass of the disturliing planet, 
observational measurement of this amplitude af- 
fords a method of determining tlie disturbing mass. 
For the planets Mercury. Venus, and Pluto, which 
do not have satellites, this the only method of 
determining the mass. As a consc(fuenc<! of the mu- 
tual perturbations of the planets, the distance of a 
planet from the Siin is on the average, decreased 
by the action of planets closer to the Sun, and in- 
creased by planets farther from the Sun; this mean 
efTei t represents a pertiirliation of the radin.s vector 
with a constant value. 

The orbits of the minor planets are affected in 
varying degree by the attractions of the major plan- 
ets. Those orbits passing close to Jupiter suffer 
large pertu^hation'^ which, if the mean motions 
were comniensurahic with that of Jupiter, would 
he augmented at each close approach until the tra- 
ject(»ries were sufficiently altered to reduce the 
cornmensurabiliry. In the over-all distribution of 
mean motions of the minor planets there are notice- 
able gaps at the points where the period would be 
nearly an exact submultiple (M*. %, %, . . .) of 
the period of Jupiter. In cases of near coniinensu- 
rahilify, observational determination of the ampli- 
ttide of the long- period perturbation affords a 
method for measuring the mass of Jupiter. A small 
gnuip of minor planets, called the Trojan a.steroid.s, 
has been so completely captured by Jupiter that 
they oscillate about the 60^ points which form 


equilateral triangles with Jupiter and the Sun. .See 
Trojan planets. 

Effect on comets. Planetary perturbations also 
affect the orbits of comets. Studies of the motion of 
Halley’s comet indicate that the time from one 
perihelion passage to the next has varied by almost 
five years because of perturbations. Most comet.s 
approach the Sun at nearby y)araholic sjjeeds in 
randcunly oriented orbits, but if a cornet at^- 
proaches dose to cme of the mote massive major 
planets, ifie planet may so alter ifie trajectory that 
the comet pursues an ellijttic'al orbit thereafter. A 
number of short-y)eriod comets whose orbits agree 
only in that they ail pass dose to Jupiter illustrate 
the perturbing effect of this jilanct on com(*tary or- 
bits. 

Nongravitational causes. Material forming the 
tails of c-omets is subject tci a nongravitational type 
of perl urhal ion. This rarefied matter given off by 
ihc' head of ihc comc-t i^ forced into a trajectory 
away from the Sun by the prc'ssijfc ol solar radia- 
licm. 

Associatc'd with man\ of the* periodic comets are 
sw^arms o| sniallc'r partidc's winch appt*ar as mete- 
ors uj)ou collision with the upper atmosphere ol 
the Earth (.see Ml. ri-OH). The densit\ ol th(*se 
sw'arius is so tenuous that ificv cannot liold ihcin- 
se|vf‘s togetli(*r }>v theii <»v\n gravitation, and plaric'- 
tarv perlurfrations of speed and dircMiion somi 
spread the c’omponenis i-omph'ldN around the or- 
bit. The annual imMeor showers, such as lh(‘ Per- 
/ .seids. refha l lliis disjx^rsal of parlirdes almig the 
orbit. The eff»M t of the Earth's attraction on a im*- 
teor trajer'lotv depmids on the relative velocity; 
that is. whether the Earth is overtaking the meteor 
or meeting it hearl on. Once tlie mel(*(jr enters lht‘ 
upper reaches of lire Earth's alrnosyiherc its motion 
is suhje<‘t to a nongravitational perturbation caused 
by atrnosplierir drag. This resistance li> tlie passage 
ol the parlidr* is evidenced by the trail of incandes- 
cent gas and vajior which forms until the particle is 
consumed or continues in its trajectory greatly de- 
celerated. 

Perturbations of satellite orbits. The m(»tions 
of planetary satellites, natural and artificial, re- 
flect both gravitational and nongravitational per- 
turbations. The centrifugal force arising from the 
rotation of a planet causes a delorination or oblate- 
ne.ss of figure. In such a case the cenl^'a! mass does 
not attract as if it were concentrated at its center. 
For a dose satellite the principal perturbation 
arises from the attraction of this equatorial bulge. 
The effect of this attraction on an otherwise undis- 
turbed satellite orbit is a gradual regression of the 
line of nodes on the equatorial plane and a rota- 
tion on the line of apsides. Both rotations vary with 
the inclination of the satellite orbit. Nearer to the 
primary, the tidal forces may become so great that 
a satellite would be literally torn to pieces. For a 
fluid .satellite of the same density as the planet, the 
limit within which this disruptive perturbation oc- 
curs i.s about two and one-half time.s the radius of 
the planet (see Saturn). 
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SateJIite motions are also disturbed by the direct 
attraction of other satellites, the Sun, and, to a 
lesser amount, by other planets. Observation of the 
orbital displacements caused by the muttial pertur- 
bations of satellites in the svstems of Jupiter and 
.Saturn makes possible the determination of the 
masses of these satellites, 'j'he st)lar attraction is 
significant in the orbits of the outer satellites of 
Jupiter and Saturn, reaching to one-ninth the plan- 
et’s attraction for the eight fi satellite of Jupiter. Si> 
greatly disturbed is this satellite that it is not pos. 
sible to derive a general theory for motion. 

J’be orbit of the Moon is disturbed mainlv bv the 
Sun, with some changes in motion due to the ob- 
lateness of the Earth, the figure of tlie Moon, and 
smaller perturbations <‘aused bv the planets. The 
attraction of the Sun on the Moon is more than 
twice the Earth’s Httra<ti(»n. but because both the 
Fiirlli and Moon are free to move it is only their 
relative ac<'eleratiorr with r<‘spect to the Sun wJiich 
determines the motion. This relative acceleration 
toward the Sun is always less than of tlie ac- 
<eleralion of the Moon toward the Earth. The 
<‘ccentricil V and inclination of tin* Moon's orbit 
oscillate slowly about their mean values, while the 
hue of apsides advances with an average period of 
almost 9 years and the nodes regress through one 
nwolulion in I8.(> >ears. 

The o}>served motion of the lunar node and 
pcrig<‘e affords one means (»f measuring tlie oblate- 
ness of the Eartli; the lunar theory which best 
i(‘f)reserits this motion in<*or[)orates the value bMn. 
The value of the flattening of tlie Earth adofited 
for the International Hebucnce Ellipsoid, on the 
ha^is of geodetic and gravimelt ic measurements, is 
‘ii'.n. Hcccritly. measures of lh( motion of the nodes 
and apsides of arlifieial Eartli satellites have in 
di('ated a value of the oblateness of Lunar 

and solar perturbations of artificial Eaiih satellite 
orbits are minor fur orbit** miles above the sur- 
ta»'e blit grow with increasing distance from the 
Earth. Atmostiheric drag perturbations are signifi- 
<anl at this altitude, however, and de<uease with 
; increasing altitude. .See Ci’.i.t stiai, m K(.ii amcs. 

I [h.l.I) I 

j HLbliofiraphy: J. A. Van Allen fed.), ' { imtlfir 
I Uses of Earth SntcUitrs, 2d cd., 1958. 

I Perturbation (mathematics) 

I A modification in the mathematical .stnu tiire of a 
s I»roblem changing the problem from one that can 
be solved exactly, the unperturbed problem, to one, 
the perturbed problem. fr»r which it is usually pos- 
sible to obtain only an approximate solution. The 
methods employed for this jiurpose form perturba- 
tion theory. These methods attempt to express the 
solution of the perturl)ed problem in terms of the 
properties of the solutions of the unperturbed 
problem. 

Examples. Examples of perturbatimi problem.s 
can be found in nearly every branch of mathematics 
and physics, and in astronomy. For the latter, see 
Pkrturbation (astronomy). The simplest case 


occurs in ordinary algelira. Suppose that the roots 
of the equation fix) = 0 are jknown (the iinper- 
turlied pn>blem). and that the roots of the equation 
fix) -h c^(jc) = 0 are to be found (the perturbed 
I»roblem). The parameter c measures the size of 
the perturbation. Another set of examples occurs in 
linear differential equation.'' a»id in particle dy- 
namics. Possible perlnrbations include changes in 
the forces considered to be acting on the particle 
as well as changes in initial conditions. 

Several examples occur in partial differential 
equations. One physical reali/atiem occurs in the 
tluM»rv of wave propa ^ation where the perturbations 
can be cdianges in the index of refraction, change's 
in initial conditions, or cdianges in the nature or 
.sbajie of the surfac es encountered by the waves. AH 
of these changes c an occur separately or concur- 
rent Iv. The first of thc'se changes is called a volume 
pc*rtiirbation, the second a tierturbation of initial 
conditions, the third a f>ertijrbalic»n of boundary 
c'onditioris. Similar example', can be taken from 
quantum mechanic s, where the volume perturbation 
corresponds to a change in rlic* Hamiltonian, and 
perturbation of initial conditions to quantum 
mc'c'banlcal time-dependent pertiirbatic.m theory. 
See PtlMTIIRRA TlON (c,)llANT|iM MKCHANK.S). Ollier 
partial differential ecjualions of physics suc*h as the 
Laplace eejuation. the* diffusion etjuation, and the 
ecjualion*' of hydrodynamics furnish further exam- 
ples. 

As a final illustration of these various tvjies of 
tierliirhation, (‘onsider possible rnodific'ations in an 
equation Lis well as lioundarv and initial condi- 
tions) desc riliing the motion of partic les such as 
neutrons or electrons moving through a medium 
which ran scatter and alisorh them. The equation is 
known as the Lorentz-Holtzmann equation and 
changes in it oc'cur a.-^ a c cmsecjiienc e of modifica- 
tions of the laws of scattering and absorption, that 
is, because of changes in the medium. 

All of these problems are linear and can there- 
fore be cast into an ecjualion of the form Axj/ -- A^, 
where tj/ is tlie unknowm quantity, A is a constant, 
and A is an operator involving among other pos- 
sibilities differentiation and integration. The quan- 
tity if/ may he a sc*alar, vector, or more generally a 
matrix quantity. When solutions ean he obtained 
for only special values of A, the eigenvalues, the 
equation is calh^d the eigenvalue equation, and the 
associated prohlc*m, the eigenvalue problem. The 
o))erator A contains the perturbation; that is, A 
equals Ao H- f/fi, where Aq is the unperturbed 
operator and czli, the perturbing term. 

Iteration method. The method generally em- 
ployed to obtain an approximate solution i.s called 
the iteration method. Rewrite the equation Aip - 
\\p as (/4o“ A)i// = —iAi^. Let the unperturbed 
solution be c/>o, where {A[) — Ao)<j!)() == 0. Then i//]. a 
first aiiproximation to is obtained as a solution 
of (Aq~-\)\P\ - —tAj<f>o. A second approxima- 
tion is the solution of (/fo — A ) ^2 = 

The mh approximation is obtained in terms of tlie 
(n— 1) approximation, from the equation 
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(Ao — \)t//n = —t/iit//n~\- It is assumed that the 
properties of the unperturbed operator, Ao, are 
completely known so that the solution of these 
equations can be obtained. If the sequence (fxu 
\pu .... , converges, it will converge to 

a solution of the problem. For an eigenvalue prob- 
lem, the procedure must be modified. The first 
at)proximation to A is Ao; the nth approximation is 
Aw. Then the equation determining in terms of 
1 is f/fo — A„ i)0w = —^Awpr,- It is important 
ff»r the practicality of lliis procedure that the 
approximation Aw can be expressed in terms of the 
approximation i and the operators yfn and eA\. 

In a related and more familiar formulation both 
\p and A are expanded in a power series in e, that 
is, [j/ — 00 4" €“02 4“ * ‘ * and A = Ao 4~ 

cAi 4- c“A 2 4- * ’ Then the equation = A 0 re- 
duces to a set of equations for 0 ,,. For example, the 
equation for 0 | is (Au ~~ X^^) = ~iA\ “-Ai)0o 

and the equation for 0i* is (/lo — Ao )02 = 

— (Ai — Ai) 0 i -|- A 20 O, and so on. This formula- 
tion is more conifdex, and often yields slower rates 
of c.onvergeiH'e than the method just outlined. 

The iteration method can be generalized in two 
respects. First, it is not necessary to use 0 o as the 
zeroth approximation to tp. If by reason (»f other 
information, a better approximation, say is 
known, the iteration sequence starts with the 
equation (.^()--A) 0 i ~ Second, the it- 

eration method can be employed in the treatment 
of nonlinear as well as the linear problems dis- 
cussed in detail here. / 

Ff»r the iteration method to be at all possible, it 
is necessary for the secpience 0 o. . . . t«> exist 

and to converge. The usefulness of the method in- 
creases with increasing rate of (onvergence. The 
scffuence exists only il the singularities of the 
t)erturbalion are not lf>o strong, or if the initial 
zero afiproximation is pro|)erly (diosen, or both. 
When the seqiience exists, it will converge for a 
range in \ allies of the parameter t. The large.si 
value of f is the radius of convergence. This i.s 
found to be that value of t for which the equation 
A ip = Xip has at least two degenerate solutions, 
that is, solutions with identical values of A. There 
are various methods of increasing the radius of 
convergence. For example, the general te<^hnique.s 
of analytic continuation, such as the Euler trans- 
formation, can often be employed. A clever choice 
of ipo, the zeroth apfiroxiination, will often produce 
the desired effect. The variational method can 
generate the appropriate choice for 0o. A more 
general method was developed by I. Fredholm in 
which the solution of A\p — A0 is given as the 
ratio of two functions, each of which can be ex- 
pressed as a series in c. For a wide class of opera- 
tors 4, each of these series will have an infinite 
radius of convergence. 

The eigenvalue problem can be reduced to the 
problem of the solution of a set of homogeneous 
linear simultaneous equations which i.s generally 
but not always infinite. A nontrivial solution of 
these equations is possible only if the determinant 


of the coefficients is zero. Because the coefficients 
involve the eigenvalue A, this condition yields an 
equation, the secular equation, which determines 
the possible values of A. The determinant is known 
as the secular determinant. An example follows. 
Lei the solutions of the unperturbed problem be 
0^^^ with eigenvalues A^^> ; that is, = 

Moreover, suppose that the set 0^^^ is 
complete, which roughly means that an arbitrary 
function t-an be represented as a linear combi- 
nation of Therefore let ip. the solution of 

the perturbed problem, be Co0<^^ 4- Li0^^^ 4- 
C20^“’ 4- * * * where Cj, arc constants. By sub- 
stituting this expression for tp in the equation 
Alp >= X\p and employing the properties of the set 
0(/» which follow from the nature of the operator 
Afi. rme can obtain a set of cipiations for In a 
typical case these equations have the following 
form: 

Co(A- A^‘») 4-L, 

4 (:‘A(A‘>)2o 4 =0 

( ( .4 1 1 4“ C 1 ( A - -- A ^ ’ M 

(“'lit. A \ ) =0 

6 n ( c /f 1 ) 02 4- L 1 ( 1 4 j ) 1 2 L :> ( A — A ^ M = 0 

and so on. Tin* element^ are numbers 

which depend upon 0^^'’, 0^'^' and the operator 
tA\. The consequent seculai ^Mpialion is oblain(‘d 
by setting the determinant of the eocificients of 
(!,, in this seepjeme ol eipialicms equal to zer<». The 
solution of these simultaneous eipialions for the 
eoeffi<’jenrs Cj, can be obtained liy the iteration 
method. whi(4i yields a particular representation oj 
eacli ol the approximations i//,,. If lh(‘re are only a 
finite number of 6',„ the secular determinant is of 
finite order and reduces to a finitr* |iol\nomiaI in A 
.so that in the finite ease solutions of llie sec ular 
equation van always be obtained without recourse 
to perturbation methods. Oncf‘ the allowed values 
of A are known, the corresponding values of C/, 
can be determined. 

Degenerate perturbation theory. A special tech- 
nique is required when the unperturbed problem is 
degenerate, that is, wlien there are several solu- 
tions of the equation A{i<t> = A0 for a single value 
of the eigenvalue A. The number of such independ- 
ent solutions is the order of the degeneracy. The 
corresponding method is designated degenerate 
perturbation theory. The objective of the special 
method adopted for this case is the determination 
of the appropriate linear combinations of these 
degenerate solutions for use as the initial approxi- 
mation, 0c), in the iterative method. To this end. 
all terms in the equations for Cp are dropped when 
p refers to an unperturbed solution which i.s not 
one of the degenerate solutions under consideration, 
and only those Cp which do refer to these degener- 
ate solutions are retained. The resulting secular 
equation for A has a number of roots equal to the 
order of the degeneracy. For each root there is a 
corresponding set of values for Cp which determine 
a particular linear combination of the degenerate 
unperturbed solutions. Each of these combinations 
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ran be employed as the initial approximation, 
in the iterative method. It is often the case that 
the determination of the possible ipo is sufhcient for 
the evaluation of the major effects of the perturba- 
tion. [h.fe.I 

Bibliography: P. M. Morse and H. Feshbach. 
Methods of Theoretical Physics. 19S3. 

Perturbation (quantum mechanics) 

Perturbation techniques are used in quantum me- 
( hanics. as in astronomy, classical mechanics, and 
other fields, to obtaiti ai)proxirnale solutions to 
problems. The vast majority of quantum mt‘chani- 
cal problems cannot be solved exac tly. The tech- 
niques usc'd are numerous and rnalhematically 
intricate; only a few are described here. For back- 
ground material see Quantum mkc manic s; Qman- 
tI)M theory, NONRELATiviSTFc;. Although the dis- 
cji--ion here is confined to the dc^rnain of 
nonrelativi-.tic‘ cpiantum thec»ry, where c|uantum 
[)erturbatiori thec^ry is concerned almost exclu- 
sively with solutions to Schrddinger’s equation, 
there have been important applications to quantum 
electrodynamics and c]uantiim field theory. See 
(h ANIIM I.I.KC T KODYNAMFC S; QdANIUM HEF.D TllK- 
OKY. 

In nianv proi)l(‘ins, Scliroding(‘r’s e<piation lias th<‘ 
locm llxf/n = (/fo -f Xf - h'n^l'r,: ihc clc'sircd cMgen- 
\alue /i„(X) and eigenfuncti<»n i/'„(X) ar<‘ in I he* dis- 
ci etc sfiectniin; ami the corrc'sponding 
and u,i = sfdving the unfierlurbed eipiation 

li[)U„ = €„//„ are known exaclly. One assumch lliat F,, 
and \l/n can be expanded as power senes m X, suKsti- 
tntes tiicsc series (whose coefhc'ic*nls are still nndeler- 
niim*d) into the Schreidinger equation, ,ind suc c-e.->sivelv 
cqiialc's terms proportional to the same [>ow'er of X, 
starting wifli 'fins procedure successivelv d<*ter- 
iiiines tlie unknown c’oelTicients in terrn^ t e and u 
and appears to converge best when 

XF TiTTii^u ^rn) ^ 1 

wdiere V'nm ^ Sih^V'um are the matrix clcunents of 
V' in llm unperturbed representation. Fhc* function 
Un must be and c*an be cliosen so that V'n„, — 0 whem- 
ever that is, the perturbation mu.st rc»t "'mix” 

originally degenerate state's; this requirement .selects 
the set Un = lirn \pn(X) as X - 0 from the many pos- 

sible degenerate This perturbation method is em- 
ployed, for example, to estimate the level splitting in 
the Zeeman effect; as another illustration of its 
utility, one inft?rs that associating atomic energy 
levels with unique configurations of single-particle 
slates is most likely to be a good approximation, 
that is, is least likely to neglect serious configuration 
mixing, when the single-particle levels are widely 
spaceci. 

A similar expansion in powers of X is u.scid 
iu collision problems. Here ^(E) = u(E) -h 
Ai>(£,A) is sought, where the scattered wave \v 
satisfies an assigned (usually the outgoing) bound- 
ary condition; the energy E is known and lies in 
the continuum where the level spacing is zero, so 
that the previous procedure requires modification. 


The term proportional to X in the series expansion 
of kv yields the first Born approximation to the 
scattering cro.ss .section; the term proportional to 
A" yields the .second Born approximation, etc. The 
sequem e of Born approximations appears to con- 
verge best when XV' /E < < 1, that is, when the in- 
cident kinetic energy is high; exceptions to this 
rule do occur, however, especially in rnany-particle 
collisions. See ScArrERFNc exi’EIMments, atomic 
AM) mofe(i;i.ar; Scattering experiments, nu- 

( LEAK. 

1'he WKB ( Wriitzel-Krarners-Brillouin) method 
sc})siiiulcs 0 ” A » \p {liriW h) into Schrd- 
dinger’.s equation, and assumes A. W are expansi- 
ble in poweM's of h In zeroth afiproximation, as 
0. the phase U satisfies the Harnilton-Jacobi 
e(|uation. dernonstraiing the connection between 
clasmraJ and (iiiantuni mechanics (.sec Hamflton- 
,F \(<)Hi ifieory). The practical utility of the next 
(WKB) approximation, giving the (fuantal correc- 
tions to the classii al limit h “ 0. is almost exclu- 
sivelv confined to one-dimensimial problems; the 
WKH at)i>r()xirnalion is best when r/|A!/djt < < 1, 
where !/\(r)! - h/lp! — /ij2rfi^E— f'! | is the 
magnitude of the local de Broglie wavelength. For 
continuum eigenfum tions the WKB approximation 
vields estimates of the [lenetrabilit v of a barrier 
and of the phase shifts in scattering problems. For 
hound state eigenfunctions the WKB approxima- 
tion yields a collected version of the pre-Schrd- 
dinger quanti/alion rul(\^;> dx == nh. 

The foregoing methods pertain to time-independ- 
ent f>robl< i;is. When the perturbation is a time-de- 
pendent inteiaction V'(,‘). one usually wishes to 
< (mipiite the transitions which V' induces from ini- 
tial stationary slates o, of //,) to final stationary 
slates fi/. The ‘‘sudden approximation” is adapted 
to potentials V'(f) which change during a brief 
interval :lt. and appears to be valid when 
oif,At << 1, where di', = h '(E/~E,) are the 
circular frequencies associated with the possible 
iransjtions / /. This approximation is useful, for 
exain])le, to determine ihe probability that radio- 
active dec ay of a H' atom will yield a doubly ion- 
ized He^ ion. For slowly changing potentials 
{<n/,At>> I). the “adiabatic apiiroximation,” 
which supposes that discrete rjiiantum numbers 
characterizing the initial wave function remain 
constant as the potential changes, often is useful. 
See Perturbation (astronomy); Perturbation 
( mathematics ) . [ e.g.] 

Bibliography: See Quantum me(.han]cs; Quan- 

TlfM THEORY, NONRELA TIV ISTFC. 

Pesticide 

A material used to control insect, disease, and weed 
pests which cause significant losses in agriculture. 
Crop losses in the United States caused by insects, 
disease, and weeds have been e.stiinated to total 
more than $12,000,000,000 annually. This loss rep- 
resents approximately one-third the total annual 
value of agricultural production in the United 
States. See Agricultural chemistry; Agricul- 
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tube; Fumigant; Fungistat and fungicide; 
Herbicide; Insecticide; Miticide; Nematocide; 
Rodenticide. [c.a.h.; o.d.] 

Petrifaction 

One of the most remarkable mechanisms by which 
the remains of extinct organisms are preserved in 
the fossil record is the process of petrifaction. In 
petrifactions, though chiefly in the case of plants 
rather than animals, there is retained relatively 
undeformed the original shape and topography of 
the tissues and occasionally even minute cytologi- 
cal details. 

Fonridtion. The term petrifaction was adopted as 
a scientific term before knowledge existed of the 
geochemical mechanism or processes involved. It 
was formerly widely believed that in the formation 
of a petrifaction the organic matter of the organism 
or tissue involved was replaced molecule by mole- 
cule with mineral material entering in solution in 
percolating ground water. It is now evident that 
what actually happens is that the mineral fills cell 
lumena and the intermicellar interstices of cell 
walls with insoluble salts depositing from solution. 
Petrifaction is hence a form of mineral emplace- 
ment or embedding by which the organic residues 
are filled with solid substance which infiltrate in 
solution. The most common substances involved in 
petrifactions are silica, Si 02 , and calcium car- 
bonate, CaCO;j (calcite). Occasionally phosphate 
minerals, pyrite, and hematite and other less com- 
mon minerals comprise all or part of the petrifac- 
tion matrix. The most perfect preservation of orig- 
inal structure is found in siliceous petrifactions. 
The clear, transparent, or microcrystalline silica 
renders excellent optical properties to thin sections 
of such fossils and makes possible the use of trans- 
mitted light in microscopic study, in much the same 
manner as with recent biological material. 

Calcified types. An unusual type of calcareous 
petrifaction known as coal balls occurs in Carbonif- 
erous coal seams of parts of Europe and North 
America. They comprise nodular, usually spheroidal 
or ovoidal masses of relatively uncompressed plant 
tissues completely permeated with calcite or dolo- 
mite. They represent irregularly spaced and local- 
ized areas of mineral precipitation with resulting 
petrifaction of the coal-forming plant debris. Min- 
eralization occurred while the coal was still in the 
peat stage. After mineralization the plant parts so 
infiltrated failed to compress so that their structure 
and cellular organization are preserved. Much of 
what we know of the internal organization and anat- 
omy of ancient plants and evolution of their organs, 
both vegetative and reproductive, is derived from 
petrifactions, which occur throughout the geo- 
logic record from Frecambrian to recent. Coal 
balls, though limited to the Carboniferous, have 
provided an unusually comprehensive body of 
knowledge on the morphology and anatomy of the 
rich and varied vegetation of this unit of geologic 
time. See Coal balls. 

Silicifldd typos. Despite the widespread abun- 
dance of petrifactions (chiefly of plants but also 


of the hard parts of animals) throughout the geo- 
logic column, there is very little known of the geo- 
chemical mechanisms which induce their formation. 
The problem is particularly baffling in the case of 
silicification, in many examples of which entire 
trunks of trees may become completely mineralized 
with no visible evidence of the sequence of changes 
following sedimentation. The fact that silicified 
plant parts often show virtually no physical dis- 
tortion or compression indicates that the process 
occurs relatively rapidly. On the other hand, the 
amount of silica in ground water (=t 70-100 parts 
per million) is so small that the process must 
proceed with extreme efficiency. It is probable that 
decay processes must have proceeded to at least the 
early stages since tije histology of silicified (also 
calcified) plant tissifes exhibits varying stages of 
degradative alteration to the extremes of nearly 
total loss of structure. The percentage by weight 
of organic matter retained in silicified wood may 
range from a few hundredths of 1% to more than 
1S%. Ordinarily it is only a few per cent. See Fos- 
sil; Pai.eobotany ; Petrified forests. [e.s.b.J 

Petrified forests 

Exposures containing appreciable numbers of pet- 
rified tree trunks, either standing upright or lying 
prostrate in the enclosing sedimentary rocks; some- 
times called “fossil forests.” The best^ known ex- 
amples are the widely known Petrified Forest of 
Arizona, and the fossil forests near Cairo, Egypt; 
near Calistoga, California; near Vantage Bridge. 
Washiijigton ; and in Yellowstone Park, Wyoming. 

The Petrified Forest of Arizona is made up of 
hundreds of prostrate silicified tree trunks, logs, 
and .stumps lying scattered at random like an an- 
cient “log drive.” These are of Triassic age, roughly 
175,000,000 years old, and occur in a portion of the 
“Painted Desert,” which owes its brilliant hues to 



Upright petrified trees. Specimen Ridge, Yellowstone 
National Park, Wyoming. 
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the varicolored layers of the Chinle formation. The 
wood is mainly agatized or changed to chalcedony 
and shows an unusually varied and beautiful colora- 
tion of reds, browns, yellows, and purples. The 
majority of the petrified trees are Conifers (>lraa- 
carioxylon) , distantly related to the araucarian 
“pines” of South America and Australia. One huge 
log over 100 ft long has been left by erosion across 
a ravine about 40 ft wide, forming a natural span 
known as Agate Bridge. Here and there are expo- 
sures of shale beds containing many impressions of 
leaves and seeds representing a humid, subtropical 
forest bordering the streams of a lowland savanna. 

An even more extensive fossil forest lies in the 
northeastern portion of Yellowstone National Park, 
Wyoming. Here the majority of the petrified tree 
trunks are found still standing upright in positions 
of original growth in the enclosing medium of vol- 
canic tuffs and breccia. Even more unusual is the 
occurrence here of not merely a single fossil forest, 
hut a vertical succession of over 20 buried forests 
— one above the other — in a thickness of over 2000 
ft of volcanic debris. The fossilized trees and the 
impressions of leaves, twigs, needles, and cones in 
associated ash layers indicate a forest of over 100 
specie^s of warm temperate to subtropical trees 
typical of a humid, lowland environment. Sep Pa- 
i.fobotany; see also Vegetation zones. [e.d.] 

Petrochemical 

One of a large number of substantially pure chemi- 
cal substances produced commercially from petro- 
leum or natural gas. Ordinarily, the term does not 
include hydrocarbon fuels and lubricants, nor 
cliemicals produced by others than the processor 
handling the petroleum raw material. See Petro- 
leum pRoniJCTS. Organic compounds comprise the 
great bulk, as well as number, of petrochemicals, 
hut several inorganic compounds (ammonia, cai- 
hon black, sulfur, and hydrogen peroxide) also ar*“ 
produced in large amounts. 

Thus, petrochemicals are not to be regarded as a 
particular type or class of chemical, since all of 
them have been, and many still are, made from 
other raw materials; for example, benzene and 
uceivleiie from coal, glycerol from fats, ethyl alco- 
hol from agricultural crops, and sulfur from de- 
p<»sits of the element or from metal ores. 

Some chemicals once made from other raw ma- 
terials are now made entirely, or almost entirely, 
from petroleum or natural gas. Examples are ace- 
tone, originally derived from wood distillation and 
later by fermentation of agricultural products; 
ethyl chloride, originally made from ethyl alcohol 
produced by fermentation; and butadiene, made 
from ethyl alcohol during World War I and, as- a 
stopgap measure, about half from ethyl alcohol dur- 
ing World War II, but since 1946 derived almost 
completely from petroleum. 

Petrochemicals include also many products never 
before known except in laboratory amounts, such 
as isopropyl alcohol, ethylene oxide, glycol ethers, 
allyl chloride, allyl alcohol, epichlorohydrin, methyl 
isobutyl ketone, and acrolein. 
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Fig. 1. Sources of organic chemicals in the United 
States. 

Growth and present size. I'he over- all trend to 
petroleum and natural gas as the predominant 
source of organic chemicals in the United States is 
shown in Fig. 1. Two of the inorganic petrochemi- 
cals (ammonia and carbon black) also dominate 
their respective fields. 

Over 40,000,000,000 lb of petrochemicals are 
produced annually, about 27% of the total chemi- 
cal prodiu'tion in the United States (organic and 
inorganic), and from one-third to over one-half of 
its total dollar value, depending upon the basis 
used. Petrochemicals rnaniifaclured in the United 
States make up over 85 of all aliphatirs. 10% of 
all inorganics, and 54% of all aromatics. About 3% 
of all crude oil used in the United States is used as 
petrochemical feed-stock. 

There were no petrochemicals before 1920 aside 
from carbon black, which has been made in the 
United States from natural gas since 1872. The 
growth of petrochemicals since 1920 (Fig. 2) has 
been most spectacular in the field of aliphatics, 
which account for well over half of the present to- 
tal volume of petrochemicals and by far the largest 
number of the nearly 3000 petrochemical-derived 
compounds now produced. This growth is due 
mainly to the following five factors: 

1. The abundance and relatively low cost of 
crude oil and natural gas. 

2. Advances made in the technology of petro- 
leum refining, spurred especially by the dentand 
for motor gasoline and aviation gasoline. These in- 
clude more efficient fractional distillation and other 
separation processes, particularly for the lower- 
boiling constituents and the development of con- 
version processes to increase gasoline quantity and 
quality, including thermal and catalytic cracking, 
hydrogenation, dehydrogenation, polymerization^ 
isomerization, and alkylation. These separation and 
conversion processes have made available as by- 
products, or have been readily adapted to the in- 
tentional production of, large quantities of individ- 
ual hydrocarbons or simple mixtures quite suitable 
as chemical raw materials. 
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Fig. 2. Growth of petrochemicals production in the 
United States. 

3. A demand for chemicals that in many eases 
could not be supplied in sufficient amounts, or with 
sufficient assurance of a steady supply and price 
.structure, from other sources -coal, wood, or agri- 
cultural products. 

4. Concentration of end uses in the relatively 
young and more rapidly expanding sectors of the 
economy; for example, automotive and aviation 
chemical products such as antifreeze and anti- 
knock compounds, and brake fluids; synthetic fi- 
bers; plastics and resins; and protective coatings. 

5. Research-raindedness, leading to products not 
before known commercially (some of which have 
found extensive use), also to lower-cost processes 
for established products, often greatly expanding 
their application. A special characteristic of petro- 
chemical research has been the development of a 
series of related derivatives from the primary pet- 
rochemicals in order to establi.sh the widest possi- 
ble market. 

Raw materials and products. The major opera- 
tions of the petrochemical industry are summarized 
below for each of the principal raw materials. In 
addition to the products shown, large numbers are 
made in smaller amounts. 

Natural gas varies widely in composition but 
consists predominantly of methane, with succes- 
sively smaller amounts of higher paraffin hydrocar- 
bons. Hydrogen sulfide, c£frbon dioxide, and ni- 
trogen are sometimes present. The principal 
petrochemicals derived from natural gas or its 
methane content are shown in Fig. 3 and Table 1. 

Inorganic petrochemicals. Ammonia is by fax 
the largest volume petrochemical, and natural gas 
methane is by far the largest source of the hydro- 
gen, although hydrogen from refinery sources such 


as catalytic reforming is growing in use. A large 
proportion is converted into ammonium nitrate and 
other ammonium salts and into urea. The largest 
use of these, as of ammonia itself, is as fertilizer. 

Carbon black is made almost entirely by partial 
combustion with insufficient air supply, using natu- 
ral gas in the old channel process and either natu- 
ral gas or highly aromatic petroleum oil in the 
newer furnace process. The latter process (ac- 
counting for about 75% of the carbon black pro- 
duction) gives a product suitable for use in syn- 
thetic rubber. See Carbon black. 

Aliphatic organic compounds. Methane is the 
chief source of methanol and hydrogen cyanide, 
and an important source of chloromethane.s and 
acetylene. 

Paraffin hydrocarbon raw materials heavier than 
methane are mainly ethane, propane, butane, and 
pentane. The first two, especially ethane, are 
cracked thermally in large quantities to produce 
ethylene (and propylene), as discussed below. 
Propane is also nitrated commercially to a mixture 
of nitroparaffins, which have found small-scale use 
as solvents. Propane and butane are oxidized di- 
rectly in fairly large amounts to formaldehyde and 
acetaldehyde, with minor amounts of other oxygen- 
ated hydrocarbons. Small amounts of f)cntanes are 
chlorinated; the chloropcntanes are converted into 
substances such as amyl alcohol^ and amyl ace- 
tates. 

Ethylene is consumed in larger amounts for ali- 
phatic petrochemicals than is any other hydrocar- 
b<i4i (about 4,000,000,000 Ib/year). About half 
comes from refinery thermal and catalytic cracking 
operations conducted primarily to increase the 


Table 1. Petrochemicals from methane 
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Ammonia 
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Agricultural chemicals 

Petroleum aoiirees 
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Industrial explosives, 
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Pigments, metallurgy, 4 

Methanol 
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* latest 6gijrM available. 



Fig. 3. Petrochemicals from methane. 


quantity and quality of gasoline produced, and the 
rest eonie*^ mainly from the cracking of propane 
and ethane. The |)rincipal petrochemicals derived 
from ethylene are shown in F'ig. 4 and Table 2. 

Alternative r<»ute.s from a single petroleum and 
natural gas source to a certain chemi(!al are illus- 
traled in Fig. 3 (carbon black, ammonia, methyl 
chloride) and Fig. 4 (ethylene oxide, ethyl alco- 
hol). Alternative fietroleum sources are illustrated 
there also: vinyl chloride and acrylonitrile cur- 
rently are produced commercially from both acety- 
lene and ethylene. Dovetailing operations are illus- 
Iratf'd in Fig. 3 by the synthesis of urea, using 
caibon dioxide coproduced with the hydrogen re- 
quired for the ammonia, and in Table 2 by the pro- 
duction and simultaneous utilization of hydrogen 
chloride in the manufacture of ethyl chloride and 
of vinyl chloride. 

Propylene is produced in large amounts (about 
20,000,000,000 Ib/year), almost entirely from pe- 
troleum cracking primarily for gasoline, and by far 
the bulk is converted by polymerization or alkyla- 
tion into high-octane gasoline components. Of the 
almost 2.000,000,000 lb of propylene consumed an- 
nually for chemicals, only 6% comes from cracking 
I done specifically for chemical raw material. The 
principal petrochemicals derived from propylene 
are shown in Fig. 5 and Table 3. Of these, isgpro- 
pyl alcohol i.s by far the largest in volume, and, the 
only one approaching in scale the several largest 
ethylene derivatives. 

New large-scale derivatives of propylene include 
polypropylene and hydrogen peroxide. Acrolein, 
produced on a small scale for several years from 
petroleum by indirect routes, can be made by direct 
oxidation of propylene and can be used in part with 


petroleum-derived hydrogen peroxide in a second 
route to synthetic glycerol. The allyl chloride uti- 
lized in the original route, also is employed in mak- 
ing epichlorohydrin for epoxy resins (Figs. 5 
and 6) . 


Table 2. Petrochemicals from ethylene 
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t In one prooeaa, hydrogen chloride from ethane chlorinaUon is 
ua^ as reagent for production of ethyl chloride from ethylene. 


46 


P#fre€hmilcol 



Fig. 4. Petrochemicals from ethylene. 


A striking example of the impact of petrochemi- 
cals on both natural products and other synthetics 
is the capture of more than three-quarters of the 
soap market by synthetic detergents, especially the 


Table 3. Petrochemicals from propylene 
and the butylenes 
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(refinery cracked 


Acrylonitrile-butadiene 

^ gas): (»0% 


rubber. 3 

From butane ad hoc 


Styrene-butadiene 

30% 


paint latex, 3 

Misc. hydrocarbon 


Adi|Njnitrile and hexa- 

cracking: 10% 


mnthylenediumiiie for 
nylon, 2 

Other, 2 

Secondary butyl alcohol 

250 

Mainly methyl ethyl 
ketone 

Oxo alcohols ( via al- 


Delergerita, plasticisers 

dehydes): “isooctyl” 



alcohol 

40 


Butyl rubber (co|>olymer 


Inner tubes, mechanical 

of isobutylene and iso- 


rubber goods 

prene) 

240 


Diisobutyleno 

110 \ 

Mainly detergents. 

Triisobutylene 

Small/ 

plasticizers 

Polyisobutylene 

40 

Adhesives, seolants. 
electric insulation, 
lube oil additives 

Tertiary butyl alcohol 

30 

Solvent 


* Latest ftgurea available. 


sulfonate from propylene tetramer-benzene alky- 
late, with a corresponding drop in the production 
of glycerol as a by-product of .soap manufac;ture. 
The gap in glycerol supplies has been filled by the 
introduction of petna’hemical glycerol. Also, the 
assurance of a steady supply of glycerol from read- 
ily available propylene has been an important fac - 
tor in the growth of alkyd resins. 

The butylenes (butenes) are in strong demand 
for the sy^hesis of high-octane gasoline. Chemical 
uses account for about 2.100,000,000 lb annually, of 
which manufacture of butadiene over shadows all 
others. Source of the butylenes is predominantly 
cracking conducted primarily for gasoline, with ad 
hoc cracking of butane and mist ellaneous hydro- 
carbons a minor but growing factor. The principal 
derivatives (»f the normal butylenes and of isol)uty- 
lene are shown in Fig. 5 and Table 3. 

The 0 X 0 pro(!ess (reaction of olefins with carbon 
monoxide and hydrogen) is used in a few plants. It 
provides aldehydes from olefins of one less carbon 
number, and from these by hydrogenation, the cor- 
responding primary alcohols. Also in one case at 
least (using butyraldehyde from propylene), it 
provides by oxidation the corresponding acid (bu- 
tyric, for cellulose acetate butyrate). The princi- 
pal alcohols obtained are branched chain octyl, 
from the heptene copolymer of propylene and bu- 
tylene (Fig. 5) ; branched chain nonyl, from diiso- 
butylene; and branched chain decyl and tridecyl, 
from propylene trimer and tetramer respectively. 

Cyclic organic compounds. The coal tar industry 
has been the traditional supplier of the cyclic com- 
pounds, but since 1940, petroleum has become the 
chief source of many of them. The principal petro- 
leum-derived cyclics are benzene, toluene, the three 
xylenes, cyclohexane, and their derivatives (Fig. 6 
and Table 4) , together -with two refinery by-product 
mixtures, naphthenic acids and alkyl phenols. Fig- 
ure 6 shows only the more important of the cyclic 
derivatives; thousands of benzene derivatives^ for 
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Fig. 5. Petrochemicals from propylene and the butylenes. 


example, are known, and hundreds are in commer* 
<'ial produrtion. Those shown are all known to be 
derived in substantial tonnage from petroleum. 
High polymers (plastics and resins, fibers, and 
elastomers) comprise the great bulk of the deriva- 
tives, with end products including nylon, polysty- 
rene and styrene rubbers, phenolic resins, epoxy 
resins, polyurethanes from isocyanates, and phthal- 
ale polyesters. The aromatic hydrocarbons also are 
of much importance in direct uses as high anti- 
knock gasoline components and solvents. 

The successful chemical use of petroleum cyclic 
hydrocarbons has depended strongly on the devel- 
opment of separation techniques adequate to pro- 
vide the required purity, since the source materials 
are complex mixtures containing also a variety of 
close-boiling paraffins and naphthenes. These 
techniques include combinations of straight frac- 
tional distillation, azeotropic distillation, extrac- 


tive distillation, solvent extraction, solid adsorp- 
tion, crystallization, and chemical conversion. 

Naphthenic acids are carboxylic acids of substi- 
tuted cyclopentanes and cyclohexanes; they are 
present in crude oils. Commercial naphthenic acids 
lie in the molecular-weight range 180-350. OvCing 
to their oil solubility, naphthenates of appropriate 
metals are used as paint driers, fungicides, and 
lubricant additives. Naphthenic acid production is 
about 16,000,000 lb annually. Alkyl phenols (cre- 
sylic acids) are found in cracked petroleum; the 
lower boiling of the commercial fractions contain 
xylenols and smaller amounts of cresols, ethylphe- 
nols, trimethy] phenols and methylethylphenold. 
They are richer in ortho and para isomers than coal 
tar phenols, which are produced at higher cracking 
temperatures. Their chief uses are in ore flotation 
frothers, disinfectants, oil and gasoline additivM, 
engine and metal cleaners, and phenolic resins. 
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Fig. 6. Cyclic petrochemicals. 


Production from petroleum is about 36,000,000 lb 
annually. 


Table 4. Cyclic petrochemicals 


Baaic products and 
sources 

Pr<Kliicod 
nnnunlly, 
X 10« lb* 

Uses*, % 

Benzene 

From petroleum, 35 % 
From coal, 65 % 

2420 

Styrene, 41 

Phenol via i'linienc 
(delinitcly petro- 
chemical). 4 

Phenol viasulfona- 
tion or chlorination, 1 7 
Synthetic detorgents. 7 
IVtisc. cheiiiicalH and 
other uses, 31 

Toluene 

1420 

Motor and aviation 

From petroleum, 79% 

(of this. 

gasoline, 48 

From coal, 21 % 

50 % for 
non- 
gasoline 
iiaes) 

Explosives, 8 

Toluene diisocynnate. 
viriyltohieiie, other 
chemicals, 11 

Solvent for coatings, 1 1 
Other, 22 

Xylenes 

920 

Coatings and sol- 

From petroleum. 90% 

(70% for 

vents. 48 

From cool, 10% 

non- 

gasoline 

uses) 

Aviation gasoline, 29 
Isomer separuliuii 
(for phthnlic acids), 11 
Other, 12 

Ethylbenzene 

From benzene, 
predominant 

Direct from reformate, 
small 

1260 

Styrene. ~100 

Cyclohexane 

From fhstroleiim 
naphthas, >65% 

From benzene by 

hydrogenation. <35% 

460 

Polyamidesf 
(nylons), -^100 


* LttlMt figuTM available. 

t I'he bexamelhylenediamine required comes mostly from pe- 
troleum via adipic acid nr butadiene. 


Petrochemical sulfur. Sulfur is obtained by the 
oxidation of hydrogen sulfide, which occurs in .some 
natural ^ses and most refinery gases, particu- 
larly in fne off-gas from processes to reduce the 
sulfur content of petroleum liquids (for example, 
hydrodesulfurization). Petrochemical sulfur pro- 
duction is about 1,440,000,000 lb annually (ele- 
mental, from refinery gases, 590,000,000; elemen- 
tal, from natural gas, 660,000,000; recovered as 
sulfuric acid from refinery gases, 190,000,000 on a 
sulfur basis). This is about 8% of all sulfur pro- 
duction in the United States. 

The total production of all petrochemicals shown 
as basic products or basic derivatives in the tables 
and text is about 24,000,000,000 lb. The 40,000,- 
000,000 lb mentioned earlier and shown in Fig. 2 is 
a gross amount, in which, owing to the nature of 
the statistical information, some atoms are counted 
more than once as they appear in successive im- 
portant products. The total effort expended in pet- 
rochemical manufacture is probably better repre- 
sented by this gross amount. See Petkoleum proc- 
essing. fH.c.v.; T.W.E.] 

Bibliography: W. L. Faith, D. B. Keyes, and 
R. L. Clark, Industrial Chemicals^ 2d ed., 1957; 
R. F. Goldstein, The Petroleum Chemicals Indus- 
try, 2d ed., 1958. 

Petrofabric analysis 

A statistical analysis used to determine the ar- 
rangement in space , (orientation) of rock struc- 
tures, bt>th on a large scale in rock masses, such 
as planar and linear structure^ .o In; sedimentary 



rocks, lava flows, igneous intrusions, and stream 
deposits, and also on a small scale in internal con- 
stituents of rocks, such as pebbles, included frag- 
ments, and mineral grains, oriented either by shape 
or by their crystal lattice structure. 

Any movement of a natural object is recorded in 
the position that the object assumes in response 
to the movement. Preferred orientation, which is a 
statistical preference of numerous objects for one 
position in contrast to a random arrangement in 
space, indicates the direction and type of move- 
ment that caused the preferred arrangement. 
Therefore fabric analysis may lead to a recognition 
of the kinematic processes by which rocks are 
formed or deformed. 

Field measurements. In the held all visible 
structures of the exposed rock in a given area are 
measured in as many outcrops as possible. The 
result of these field measurements is a census of 
the trend and inclination of various planar and 
linear structures. These measurements are then 
plotted on a Schmidt net, which is an equal-area 
circular projection net of lO-crn radius. The planar 
structures are plotted as great circles. Linear struc- 
tures (axes of intersecting planes or axes of folds) 
are plotted as points. The statistical significance of 



Petrofabric diagrams, (a) Random arrangement of feld- 
spar grains in an igneous rock, (b) High degree of 
preferred orientation of crystollographic c axes In 
quartz in a sheared granite. Out of 158 c axes in the 
quartz, practically all lie within the contoured area of 
the diagram, the maximum concentration being within 
the black area In the center. (From B. Sander, Gefi/ge- 
kunde der Gesteine, Springer Verlag, 1930) 
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these measurements is emphasized by drawing 
contour lines (isopleths) around the areas of equal 
density of distribution of points (see illustration). 
The pattern of preferred orientation will thus be- 
come evident as areas of maximum concentration. 
Patterns formed by individual sets of measure- 
ments from several parts of one outcrop, or from 
one outcrop to another, are compared to determine 
the uniformity of pattern throughout the area in- 
vestigated. Fabric diagrams that show uniformity 
of pattern are combined into one statistical ag- 
gregate. The resulting fabric diagram is then re- 
duced in size sufficiently to insert it at the correct 
spot on the geologic map of the whole area in or- 
der to show the uniform structure for that part of 
the area. A map thus firepared shows the areas 
that have a similar type of structure in contrast 
with other areas having a different type. 

Superposed structures occur in many regions of 
strongly deformed rocks. These are repiesented by 
diagrams showing different trends of fold axes, 
superposed in one and the same diagram. Such 
superposed structures, known as overprints, can 
then be further studied by a geometrical rotation 
of the diagram by which the inclinations are flat- 
tened out to a horizontal position, a process known 
as unrolling. The rotation is carried out around 
the axis formed by the most recent deforming 
movements. Underlying structures produced by 
earlier movements can then be recognized. 

Study of hand specimens. In regions of obscure 
or complex rock structures, representative hand 
specimens are collected from representative ex- 
posures after the geographic coordinates have been 
marked on the specimens in such a way that each 
specimen can be set up in the laboratory in exactly 
the same position that it had in the field. By the use 
of suitable instriiments, structures can then be meas- 
ured in three dimensions, which in some rocks give 
a more satisfactory structural pattern than that 
obtained from field data, which are. commonly 
two-dimensional. 

Study of thin sections. The study of thin sec- 
tions under the microscope gives .still further valu- 
able information about movements recorded in the 
rock fabric. Arrangement of the rock-making min- 
erals, by shape and also by crystal lattice struc- 
ture, is determined by m^ans of a petrographic 
microscope equipped with a universal stage. Dia- 
grams prepared by this technique give much^ un- 
suspe(‘ted information about the effects of move- 
ment in rock fabric. In rocks too fine-grained to 
study under the microscope, x-ray analysis can 
give the desired information. fE.B.K.] 

Bibliography: H. W. Fairbairn, Structural Pe- 
trology of Deformed Rocks, 2d ed., 1949; E. B. 
Knopf and E. Ingerson, Structural Petrology, CeoL 
Soc. Am. Mem. 6, 1938. 

Petrographic province 

A region in which the igneous rocks, farmed dur- 
ing a limited period, show a certain community ol 
character (chemical, mineralogical, or petre^g- 
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silica, % weight 

igneous rock variation diagram. Representing the calc- 
alkali series of volcanic rocks, from San Francisco 
Mountains, Arizona. 

kal) which distinguishes them from other rocks 
in the area. Rocks of a petrographic province arc 
consanguineous in that they are, theoretically at 
least, derived from a common parental magma. 
A classic province is represented by the highly 
potassic rocks around Rome and Naples. Other 
provinces are characterized by either high or low 
content in other elements (such as sodium and 
titanium) . 

If the chemical analyses of rocks representing a 
genetically related series are plotted on a variation 
diagram, many characteristics of the series may be 
brought out. The accompanying figure shows the 
percentages of oxides in each rock analysis as 
plotted against the silica content of that analysis. 

All points lie on or close to smooth curves 
which represent the variation in composition with 
silica content (or roughly with time because 
younger rocks tend to be more silicic). Note- 
worthy are the positive slopes for potassium oxide 
(K'jO) and sodium oxide (Na^O), the arched 
curve for aluminum oxide (AljOa), and the nega- 
tive slopes for magnesium oxide (MgO), calcium 
oxide (CaO), fernuis oxide (TeO), and ferric oxide 
(Fe^Ort). The combined alkali (Na-^O -f K 2 O) 
curve is seen to cross the CaO curve at 56.5% 
silica. This silica value is known as the lime-alkali 
index for the rock series. On the basis of lime- 
alkali indices, the numerous rock series are arbi- 
trarily divided into groups as follows: alkalic < 51, 
alkali-calcic > 51 < 56, calc-alkalic > 56 < 61, 
and calcic > 61. 

Certain rock series appear related to certain 
types of geological environments. In general the 
more alkalic types occur in regions subjected to 
tension and vertical movement (faulting and subsi- 
dence), whereas more calcic aeries are found in 
compressional regions (fold-mountain belts). 

The olivine basalt-trachyte association. Rocks 
belonging to this association are extremely wide- 
spread. The association is well represented in the 
central Pacific islands (Hawaii, Tahiti, Samoa) ; the 
islands along the mid- Atlantic ridge (Ascension, 


Saint Helena) ; and islands of the Indian Ocean 
(Kerguelen). Both mineralogically and petro- 
graphically the association is relatively simple. 
Primary olivine basalt magma has given rise to the 
following sequence largely through crystallization 
and sinking of heavy minerals. 

Olivine basalt — > basalt — > andesite — > trachyte 

The last two types are not abundant. Locally the 
series may be carried beyond trachyte to quartz 
trachyte (Samoa) or .soda rhyolite (Ascension). 
Elsewhere it may pass through tephrite to phono- 
lite. The extrusion of phonolite may be due to a 
strongly undersaturated (silica-deficient) parent 
magma. The quartz-bearing end products may he 
due in some areas to a saturated parent magma 
and in olht^rs (Ascenf;?it)n) to slight assimilation of 
older granitic rocks. 

The characteristic development of oceanile, 
ankaramite, and limhurgite may be explained bv 
gravitational accumulation of olivine and pyroxene 
at lower levels in the volcanic reservoir. Density 
stratification of this type would permit nearly 
simullaneoiis eruption of highly contrasting lavas 
from neighboring vents. 

The olivine basalt trachyte association is well 
represented on the continents (Otago, New Zea- 
land; Oslo, Norway; East African rifl zone; Mid- 
land Valley of Scotland). Here, howeve^ the laler 
members of the series (trachyte, soda rliyolite. arnl 
phonolite) are relatively more abundant; and leu- 
cile (rare in oceanic* areas) may be locally impor- 
tant. ^ 

In general, the association occurs in regions of 
faulting and marked vertical movement. See 
Magma. 

Flood basalts. These basalts, also known as 
plateau basalts, form thick accumulations of nearlv 
horizontal flows over vast areas (hundreds of 
thousands of square miles). Examples include the 
Columbia-Snake River basalts of Oregon and 
Washington, the Deccan plateau lavas of western 
India, and the Keweenawan lavas of Lake Supe- 
rior. These flows were probably erupted through 
fissures from great deep-seated supplies of basaltic 
magma. 

Rocks of this association are overwhelmingly 
basalts, but rare amounts of rhyolite, trachyte, and 
andesite occur. Some geologists distinguish two 
types of flood basalts, olivine basalt and tholeiitic 
basalt. The former is slightly lower in silica but 
higher in soda, potash, and magnesia than is the 
latter. Both types may occur in the same area. 
They may be derived from different earth shells 
(at different levels), or the tholeiitic type may 
form from olivine basalt by crystal fractionation. 
Other geologists consider the two types merely vari- 
ations of a single primary basalt magma. See Ba- 
salt. 

Intrusive masses (sills and dikes) of basaltic 
material, (diabase) fdrm swarms over tens of thou- 
sands of square miles in many parts of the world. 
Particularly notable are the M^Hy flat sheets of 
diabase in the sediments of Karroo system in 



South Africa and the flat Palisade sill of New 
Jersey. The thick, tabular bodies of magma differ- 
entiated somewhat as they cooled; and olivine ac- 
cumulated in a layer near the sill floors. Pyroxene 
is less abundant and more iron-rich toward the top. 
and plagioclase increases in abundance and soda 
content in the same direction. These relations dem- 
onstrate the control of crystal fractionation and 
settling in the process of differentiation. .See Di- 
abase. 

Basalt-andesite-rhyolite association. The ande- 
site-rhyolite kindred appears on ctmtinents and is 
typical of but not restricted to regions of orogeny 
(fold-mountain belts). Most striking is the circum- 
Pacific belt of volcanoes (many still active) ex- 
tensively devclo[)cd along the western margin of 
North and South America. 

The rocks consist chiefly of andf‘site and rhyolite 
with smaller amounts of basalt. <lacile. latite. and 
quartz latite. Both lavas and tuffs are represente<i. 
The sequence of eruption of rock tvt>es is ex- 
tremely complicated and varies with location as 
well as with time. Basaltic magma may have been 
the parental fluid in most areas. Differentiation of 
this basic melt has operated by fractional crvstal- 
li/ation. but superimposed upon its effects are those 
of assimilation of crustal rocks and mixing of 
partly crystallized magmas (consanguineous) at 
vari<»us stages of differentiation. Possildy much 
rhyolitic and andesitic magma was generated bv 
local melting of the crustal rocks. 

Basic-ultrabasic association. This association 
includes rocks of basic or ultrabasic composition 
and is found in large sheetlike, saucer-shaped, or 
conical bodies commonly injected at shallow 
depths. Examples include the Duluth lopolith of 
Minnesota, the Stillwater complex of Montana, the 
Skaergaard body of east Greenland, and the Bush- 
veld complex of .South Africa. 

The rock types are distributed in flat or some- 
what liasined layers to form sequences thousands 
of feet thick. In general the rocks become heavier 
toward the bottom, hut in detail, thin layers of 
contrasting types may alternate to give a strongly 
handed appearance. Peridotite and pyroxenite are 
most abundant near the base. Upward these give 
way to norite and gabhro with some anorthosite. 
Uppermost rocks may be dioritic to granitic. Oli- 
vine and pyroxene become richer in iron, and 
plagioclase becomes more .sodic from bottom to top 
in these bodies. 

Such distributions suggest that the originally in- 
jected basaltic or basic magma solidified in general 
from the floor upward. Crystals may have initially 
formed in upper regions and may have settled *to 
build up the floor. Convection currents in the m^lt 
may have helped to redistribute and sort the crys- 
tals of different size and density. The abundant 
granitic material commonly found near the roof 
^ay represent, in varying amounts, a late differen- 
tiate of the original basaltic magma, a product of 
assimilation of siliceous rocks (sediments and fel- 
sites) by the magma, or a crystallized secondary 
^<ilt generated by the hot basic intrusion. 
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Granodiorite-granite association. This exten- 
.sivcly developed, coarse-grained plutonic assem- 
blage is re.stricted to continents and may be sub- 
divided into two categories. The first includes the 
smaller masses (stocks, ring-dikes, etc.) commonly 
widely scattered and formed at relatively shallow 
depths. These mas.ses usually transgre.ss the struc- 
ture of surrounding rocks, but some are highly 
concordant and may have spread or domed the ad- 
jacent and overlying rocks. They are usually sur- 
rounded by a melamorphic halo or zone of re- 
crystallization which is generally mo.st conspicuou.s 
where the rocks have not been previously meta- 
morphosed. 

Granite and granodiorite predominate, with mi- 
nor amounts of diorite, gabhro, and syenite present. 
Most bodies have probably formed by crystalliza- 
tion of granite or granodiorite magma. Where mi- 
nor basaltic melts have been involved, crystal frac- 
tionation and assimilation of adjacent rock ma- 
terial may have been operative. .See Atireoi.e, con- 
tact. 

The second category includes immense, deep- 
seated bodies (balholiths) surrounded by meta- 
rnorphic roc ks and restricted to orogenic zones. The 
.Sierra Nevada hatholith of California and the 
Coa.st Range hatholith of British Columbia are 
typi(‘al examples. The predominant rock type is 
granite in those masses of Precambrian age and 
granodiorite in the younger bodies. Quartz diorite 
is somewhat less abundant whereas diorite. gabhro, 
and syenite occur only locally. BatholithvS are gen- 
erally elongate parallel to the orogenic belt, but 
locally they are highly crosscutting. The granitic 
rocks may he massive or foliated (showing parallel 
streaking or layering of minerals) much like the 
adjacent metamorphic rocks into which they may 
appear to grade. Many are characleristically a.s- 
sociated with pegmatites and migmatites. 

Some of these large bodies may form from gra- 
nitic magmas derived by downbuckling and melting 
of the earth’s sialic (granitic) layer. Others may 
represent more or less reconstituted ( metamor- 
phosed) sediments in geosynclines. Still other bod- 
ies may be products of granitization. See Graniti- 
zation; Metamorchic rocks; Metamorphism; 
Migmatite; Pegmatite. 

Leucite basalt-potash trachybasalt. This asso- 
ciation includes a wide variety of silica-poor, 
potash-rich rocks of volcanic and near surface 
origin. The as.sociation is confined to the conti- 
nents. Basic (low in Si, high in Ca, Fe, and Mg) 
and ultrabasic lavas with leucite are dominant in 
many areas. Occurrences are restricted but wide- 
spread (Rome-Naples, Italy; Uganda, east Africa; 
West Kimberley, Western Australia; and Leucite 
Hills, Wyoming). Rock types include leucite ba- 
salt, leucite ba.sanite, potash trachybasalt. ^ and 
melilite basalt. The association appears in regions 
of faulting and marked vertical movement. See 
Leucite rock, 

Spilite-keratophyre association. This associa- 
tion includes volcanic flows and tuffs with minor 
intrusives, intimately associated with sediments in 
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geosynclinal regions. The rocks are soda-rich and 
potash-poor; they are chiefly basaltic (spilites) 
with some soda trachyte (keratophyre). Many ap- 
pear altered (metamorphosed), and some are as- 
sociated with rocks of the basalt-andesite-rhyolite 
suite. See Spilite. 

Ultrabasic rock. The predominantly peridotite 
and serpentine rock in abundant intrusive bodies 
is closely associated with the spilitic suite. To- 
gether the two rock associations constitute the so- 
called ophiolites, generally considered to represent 
the earliest magmatic phenomenon in orogenic re- 
gions. See Peridotite. 

Nepheline syenite association. Nepheline sye- 
nite and associated alkali-rich rocks are wide- 
spread but rare. They are continental rocks and 
commonly appear in areas of subsidence and fault- 
ing. See Nepheline syenite. 

Anorthosite. This rock forms gigantic masses in 
Precambrian terranes and appears associated with 
hypersthene granite and norite. It is composed of 
andesine or labradorite and, therefore, differs 
from the calcium-rich anorthosite associated with 
gabbro in large stratiform sheets. See Gabbro. 

rC.A.CA.] 

Bibliography: T. F. W. Barth, Theoretical Pe- 
trology^ 1952; F. J. Turner and J. Verhoogen, Ig- 
neous and Metamorphic Petrology, 1951. 

Petrography 

A branch of petrology, the study of rocks, that em- 
phasizes the des<Tiption and systematic classifica- 
tion of rocks, especially by the study of thin sections 
under the petrographic microscope, by analysis of 
disaggregated samples, or by analysis of individual 
mineral components. See Petrology. 

The megascopic classification of rocks, bused on 
characteristics observed in field exposures or hand 
specimens, suffices for some purposes; but refined 
description and classification require determina- 
tion of the kinds, sizes, shapes, and space inter- 
relaticmships in the aggregates of original mineral 
components and the changes and alterations that 
have affected rocks or their separate components 
subsequent to their initial formation. 

The petrographic investigation of a rock usually 
entails both an analysis of the rock after disaggre- 
gation into mineral or particle size fractions and 
examination of the rock in thin sections under the 
petrographic microscope. 

Study of disaggregated samples. Techniques 
for study of disaggregated samples differ depend- 
ing upon whether the rock is composed of an ac- 
cumulation of particles and fragments as in sand- 
stone (clastic rock) or consists of interlocking 
mineral grains as in granite (crystajline rock). 

Poorly to moderately indurated, or hardened, 
clastic rocks are disaggregated by crushing or pul- 
verization, by dissolving cementing materials, or 
by using the disrupting effect of salts precipitating 
from saturated solutions with which the rock is im- 
pregnated. After disaggregation the size distribu- 
tion of the clastic particles is ascertained by screen 


to temperature control and 
temperature recording apparatus 
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\ 

thermocouples "Chrome alloy block 

Fig. 1. Idealized diagram showing principal compo- 
nents of sample holder used for differential thermal 
analysis. (From E. E. Wahlstrom, Petrographic Mineral- 
ogy, Wiley, 1955) 

analysis or by liquid or air elutriation; and the 
shapes, roundness, anil surface characteristics of 
the particles are noted under a stereoscopic binoc- 
ular microscope. 

Hard clastic rocks and crystalline rocks, includ- 
ing igneous, metamorphic, and rec-rystallized or 
firmly cemented sedimentary rocks, are disaggre- 
gated by crushing into fragment sizes that will per- 
mit separation into mineral fractions. A variety of 
methods for separation of disaggregated rocks into 
mineral fractions are available. 

Separation of mineral fractions. Commonly 
used methods include hand sorting under the mi- 
croscope, separation in heavy liciuids, magnetic 
separation, and electrostatic separation. 

Heavy-liquid separation. Heavy liquids consist- 
ing of suspensions of ground metals in liquids are 
available yvith densities as high as 7.5 but are in- 
freqiientfy used because of tfie opacity. Widel> 
used transparent liquids are bromoform, which has 
a density near 2.9, and acetylene tetrabromide. 
with a density of 2.96. These are employed to sepa- 
rate heavy minerals from light minerals. Powdered 
rocks, sometimes sized by screening and washed to 
remove the very fine fractions, art^ suspendf^d in a 
heavy liquid, in a funnel or evaporating dish, and 
vigorously agitated to cause the light minerals to 
float and the heavy minerals to sink. After the 
heavy minerals have been collected and washed, 
successive crops of the light minerals may be ob- 
tained by careful progressive dilution of the heavy 
liquid with its appropriate solvent. 

Magnetic separation. Electromagnetic separa- 
tors provide mineral fractions differing in mag- 
netic susceptibilities. Satisfactory electromagnetic 
separators are constructed to allow variations in 
field intensity at the point or area of separation, 
variation of the tilt of the poles of the magnet, and 
variation of the rate of feed. Best results are ob- 
tained with clean, free-flowing aggregates of uni- 
formly sized grains. Electromagnetic separation is 
not satisfactory when minerals contain nonuni- 
formly distributed impurities or alteration prod- 
ucts. 

Electrostatic separation. Minerals of different 
electrical conductivities can be segregated by elec- 
trostatic" separation. Mineral grains of approxi- 
mately equal size placed on a grounded metal plate 
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are differentially attracted to a charged surface, 
and separation of the different mineral fractions is 
accomplished by varying the intensity of the charge 
or the spacing between the charged surface and the 
plate supporting the mineral grains. As in mag- 
netic separation, irregularly included impurities 
and alteration products prevent clean separations. 

Study of mineral fractions. After separation, 
each mineral component is identified by one of the 
several techniques of determinative mineralogy 
I5ee Mineralogy). Preliminary identification by 
physical properties and by simple wet and dry 
tests using the procedures of systematic blowpipe 
analysis may precede more elaborate tests. Spec- 
trographic analysis, microchemical tests, or par- 
tial or complete chemical analyses are made to 
identify gross or trace elements. Particularly use- 
ful in identification are x-ray diffraction patterns 
of powdered minerals as recorded on film strips or 
as traced on charts on recording diffractometers. 
.See Chemical microscopy; Spectrochemical 
analysts; X-ray fluorescence analysis. 

Minerals such as the feldspars, feldspathoids, 
carbonates, and clav minerals may be treated 
chemically so that they assume distinctive colors 
resulting from absorption of dyes or from precipi- 
tation of colored chemical compounds. Minerals 
tliat undergo rapid chemical changes or crystallo- 
graphic inversions during heating are studied suc- 
ressfullv with differential fherinal apparatus 
(Fig. 1) or by determination of change of weight 
during heating in lh(* case where decomposition 
with loss of a volatile substance takes place. Dif- 
ferential thermal analysis measures the magni- 
tudes and temperatures of endotliermal and exo- 
thermal reactions in minerals as they are heated in 
a furnace from room temperature to temperatures 
of lOOO'^C or more. See E(,>uilibril)m, phase; 
Thermochemistry; Transition point. 

Rocks consisting in whole or part of clay miner- 
als or clay-sized particles pose special problems. 
Mineral fractions or unseparated aggregates of 
clay minergls are studied by slain tests, x-ray dif- 
fraction patterns, differential thermal analysis. 



^*9* 2. Four-axil universal stage. (E. Leitz, Inc.) 



Fig. 3. Thin section mounted between glass hemi- 
spheres on universal stage. (Adapted from E. E. Wahl- 
Strom, Petrographic Mineralogy, Wiley, 1955) 

base exchange properties, infrared absorption, and 
the electron microscope. See Microscope, elec- 
tron. 

Microscopic petrography. For rocks in which the 
mineral components are large enough to be identi- 
fied under the microscope, examination under a 
petrographic microscope of thin sections ground 
to a thickness of 0.03 mm is standard procedure. 
The petrographic microscope differs from an ordi- 
nary microscope in that it has a rotating stage and 
polarizing fillers or prisms which produce optical 
phen(»mena not observable in ordinary light, Min- 
erals are identified by their optical and other phys- 
ical properties by ii.sing tables and charts which 
correlate physical properties with chemical com- 
position. 

Minerals previously separated from disaggre- 
gated rocks are further analyzed under the micro- 
scope by placing fragments in liquid immersion 
mediums of known refractive indices and deter- 
mining the refractive index or indices of the min- 
eral by a matching proce.ss. A useful aid in optical 
studies is the universal stage (Fig. 2), a multiaxis 
device which attached to the stage of the micro- 
scope and permits rotation of thin .sections or min- 
eral fragments mounted in immersion mediums 
into any desired position for the measurement of 
optical properties (Fig. 3). Thin sections from 
which the cover glass has been removed may be 
etched and stained to aid in the identification of 
some components by the same reagents used for 
staining crushed fragments. 

A particular advantage of the thin-section tech- 
nique is that it allows measurement of the dimen- 
sions of the mineral components and reveals the 
nature of the contacts and the manner of inter- 
growth of the mineral components. Subtle differ- 
ences in composition within various, portions of 
single crystals, twinning, strain, alterations, and 
other features that might not be noted in nonopti- 
cal techniques become very apparent under the mi- 
croscope. 

Mode. The mode of a rock expresses the mineral 
composition in weight or volume percentages. The 
mode of crushed or otherwise disaggregated rocks 
is obtained by weighing the separated mineral 
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fractions. The volume mode of rocks obtained from 
thin sections may be converted to a weight mode by 
calculations using assumed or measured specific 
gravities for each mineral component. Weight 
modes are used to calculate bulk chemical compo- 
sitions of rocks after the composition of each min- 
eral has been determined by optical or other 
means. The volume mode is determined by micro- 
metric analysis in thin sections. With a mechanical 
stage several linear traverses are made across the 
thin section and the mode is calculated on the as- 
sumption that the volume of each mineral is pro- 
portional to the total of the linear intercepts for 
the mineral measured by the stage. A more rapid 
method employs a point-counter, a mechanical 
stage which moves the thin section to a succession 
of equally spaced points in a linear traverse. The 
mineral at the intersection of the cross hairs of the 
microscope is noted at each point, and the volume 
of each mineral in the rock is assumed to be pro- 
portional to the number of points counted for each 
mineral. 

Spare arrangement. The space arrangement of 
the mineral components is analyzed quantitatively 
by means of petrofabric techniques. The angular 
relationships to the plane of the thin section, and 
ultimately to the site of collection of the sample in 
the field, of crystallographic directions, as deter- 
mined by optical measurements or by observation 
of crystal shapes, are measured with a universal 
stage. Measured angles are used to plot points on 
an equal-area projection, a special type of projec- 
tion derived from the spherical projection. The 
density of points on the projection is indicated by 
contours, so that the finished plot is a statistical in- 
dication of the preferred orientation in one respect 
or another of one or several mineral components. 
See Petrofabric analysis. 

A specialized branch of microscopic petrogra- 
phy deals with opaque minerals, especially ore 
minerals, as studied under a reflecting microscope. 
The highly polished surface of a mineral or min- 
eral aggregate is examined by reflected light which 
is directed onto the surface of the mineral by a 
vertical Illuminator, a device inserted into the mi- 
croscope between the object lens and the barrel of 
the microscope. Polarizing plates or prisms permit 
observations in plane- polarized light. Minerals are 
identified by their isotropism or anisotropism, 
color, reflectivity, hardness, and response to a 
standard set of etch reagents. Small portions of 
minerals scratched from the polished surface are 
subjected to systematic microchemical analysis, 
x-ray analysis, or spectrographic analysis. See Mi- 
croscope, RF.FLFXTING. 

Rocks containing both opaque^ and nonopaque 
minerals may be studied by making polished thin 
sections. Part of a section is left uncovered so that 
the opaque components can be studied in reflected 
light while the other components are examined by 
transmitted light by ordinary methods. [r.e.w.] 

Bibliography: E. W. Heinrich, Microscopic Pe- 
trography y 1956; L. W. LeRoy, Subsurface Geo- 


logic Methods, 2d ed., 1950; E. E. Wahlstrom, Pet- 
rographic Mineralogy, 1955; H. Williams, F. J. 
Turner, and C. M. Gilbert, Petrography, 1954. 

Petrolatum 

A smooth, semisolid blend of mineral oil with waxes 
crystallized from the residual type of petroleum 
lubricating oil. The wax molecules contain from 30 
to 70 carbon atoms and are straight chains with a 
few branches or naphthene rings. They are micro- 
needles and hold a large amount of oil in a gel. 
Petrolatums are useful because they cling, lubri- 
cate, and resist both moisture and oxidation. They 
serve as lubricants in baking and candymaking; as 
carriers in polishes, cosmetics, and ointments: as 
rust preventives; as waterproofing agents for pa- 
per; and in other lulips calling for an inert grease- 
like material (.see Petroled M i’Koddcts ) . Ij.k.r.) 

Petroleum 

A naturally occurring, oily, flammable liquid com- 
posed principally of hydrocarbons, and (*ccasion- 
ally found in springs or pools but usually obtained 
from beneath the earth’s surface by drilling wells. 
Formerly called rock oil, unrefined petroleum is 
now usually termed crude oil. 

Petruleuni is separated by distillation into frac- 
tions designated as (1) straight-run gasoline, boil- 
ing up to about 200"C; (2) middle distillate, boil- 
ing at about 185-34S''C, from which ifre obtained 
ker<»sinc, healing <)ils, and diet'd, jet, ro< ket, and 
gas turbintr fuels; (3) wide-cut gas oil, which boils 
at aboin 345 540 ''C. and from which are obtained 
waxe8,Mubricating oils, and feed stot’k for catalytic 
cracking to gasoline; and (4) residual (»il, which 
may be asphaltic. 

The physical properties and chemical composi- 
tion of petroleum vary markedly depending on its 
source. As it comes from the earth, it ranges from 
an occasi<>nal nearly colorless liquid consisting 
chiefly of gasoline to a heavy black tarry material 
high in asphalt content. Although most ciudcs arc 
black, many are amber, red, or brown by trans- 
mitted light and show a greenish fluorescence by 
reflected light. Their specific* gravity is usually in 
the range between about 0.82 and 0.95. 

Hydrocarbons constitute 50-98^% of petroleum, 
and the remainder is comprised chiefly of organic 
compounds containing oxygen, nitrogen, or sulfur, 
and trace amounts of organometallic compounds. 
Pennsylvania crude oils contain 97 -98% hydro- 
carbons; some California oils contain only 50 9^ • 

Hydrocarbon types. The hydrocarbon types 
found in petroleum are paraffins (alkanes), cyclo- 
paraffins (naphthenes or cycloalkanes), and aro* 
matics. Olefins (alkenes) and other unsaturated 
hydrocarbons are usually absent. 

Paraffins. The paraffins range from methane 
(found together with ethane, propane, and the bu- 
tanes in the natural gas which accompanies pe- 
troleum) to fi-hexaoontane (C 00 H 122 , a microcrys- 
talline wax) and compounds of even higher 
molecular weight. Both straight-chain and 
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branched-chain paraffins are present. The former 
usually predominate, particularly in the higher- 
boiling fractions. Commercial paraffin wax ordi- 
narily consists chiefly of straight-chain paraffins of 
from about 22-30 carbon atoms isolated from the 
wide-cut, gas-oil fraction. .See Alkane. 

Cycloparaffins, The cycloparaffins are chiefly 
those having five or six carbon atoms in the ring. 
These include not only the monocyclic compounds 
f cyclopentane, cyclohexane, alkylcyclopentanes, 
and alkylcyclohexanes) but also polycyclic hydro- 
carbons such as the bicycloparaffins ( f rfl/ 15 -deca- 
hydronaphthalene and m-bicyclo[ 3*3-01 octane) as 
well as tri- and higher cycloparaffins. See Alicy- 

CLIC HYDROCARBON, 

Aromatics. Aromatic hydrocarbons are usually 
present in smaller amounts than the paraffins and 
cvcloparaffins. The aromatic compounds boiling in 
the gasoline range are chiefly alkylbenzenes (such 
us toluene, the xylenes, p-cymene). Higher-boiling 
fractions contain polynuclear aromatics of both 
fiised-ring (alkylnaphthalenes) and linked-ring 
(biphenyl) tyf)es. The fused-ring polycyclics usu- 
ally predominate. Mono- and polynuclear aromatic 
rings fused to one or more cycloparaffin rings (as 
in indan and 1,2.3,4-tetrahydronaphthalene) are 
also present. See Aromatic hydro< arbon. 

Petroleum fractions. The number of carbon 
atoms in hydrocarbons of a given boiling range de- 
pends on the hydrocarbon tvpe. Tn general, gaso- 
line will include hydrocarbons having 4 12 carbon 
atoms; kerosine, 10-14; middle distillate, 12-20; 
and wide-cut gas oil, 20-36. 

A study of the gasoline fractions from repre- 
sentative petroleums from seven different areas in 
the United States has permitted some interesting 
conclusions. Five main classes of compounds are 
present in the gasoline fraction: straig}it-<bain 
paraffins, branched-chain paraffins, alkylcyclopeo- 
tanes, alkylcyclohexanes, and alkylbenzenes. AJ- 
thoiigh the relative amounts of the classes vary 
from petroleum to petroleum, the relative amounts 
of the individual compounds within a given class 
are of the same magnitude for the different petro- 
leums. Hence, the gasoline fraction of different 
crudes is characterized by specifying the relative 
amounts of the five main classes. 

Petroleums may be classified in accordance with 
their composition. Thus, Pennsylvania and Michi- 
gan crude oils are largely paraffinic and contain 
little or no asphalt. Some Texas and California oils 
are rich in naphthenes, whereas others are unusu- 
ally high in aromatics; most contain much asphalt. 

Asphalt is a dark brown to black solid or semi- 
solid consisting of carbon, hydrogen, oxygen, aail- 
fur, and sometimes nitrogen. It is made up of three 
components: (1) asphaltene, a hard, friable, in- 
fusible powder; (2) resin, a semisolid to solid duc- 
tile and adhesive material; and (3) oil, which is 
structurally similar to the lubricating oil fraction 
from which it is derived. The asphalts are almost 
completely soluble in carbon disulfide, carbon tet- 
rachloride, and pyridine but are only partly solu- 


ble in low-boiling paraffins which dissolve the oila 
and resins and precipitate the asphaltenes. See 
Asphalt and asphaltite. 

Components other than hydrocarbons. The to- 
tal oxygen content of crude oils is generally low 
but may be as high as 2%. The oxygen-containing 
compounds consist principally of phenols and car- 
boxylic acids. The phenols comprise cresols and 
higher-boiling alkylphenols. The acids include 
straight-chain and branched-chain acids such as 
hexanoic acid and 3-rnethylpentanoic acid, and cy- 
clopentane and cyclohexane derivatives such as 
cyclopentaneacetic acid and cyclohexanecarbox- 
ylic acid. There is also some indication of the pres- 
ence of acids containing aromatic rings (mono- 
and dinu<‘lear). Hence, the name naphthenic acids 
which has been applied to the carboxylic acids de- 
rived from petroleum is a misnomer; petroleum 
acids is a preferable term. 

The nilrc»gen content of crude oils ranges from 
less than O.OS to about 0.8%. Up to about one-half 
is in the form of basic pyridine and quinoline com- 
pounds, the latter predominating. The nonhasic 
nitrogen compounds or complexes include pyr- 
roles, indoles, and carbazoles. 

The sulfur content varies over a wide range, 
from traces to more than S%. Pennsvlvania and 
midcontinent crudes usually contain less than 
0.23% by weight of sulfur, whereas some Califor- 
nia and 7'exas stocks contain over 2%. Part of the 
sulfur may be in the form of elemental sulfur and 
hydrogen sulhde. Most is present as mercaptans 
(thiols), aliphatic sulfides, and cyclic sulfides. The 
mercaptans and Mjlfides exist as both straight- 
chain compounds such as n-propyl mercaptan and 
methyl ethyl sulfide, and branched-chain com- 
pounds such as f erf-butyl mercaptan and methyl 
isopropyl sulfide. The cyclic sulfides consist of 
five- and six-membered ring compounds such as 
thiacyclopentanes and ihiacyclohexanes. 

A number of metals have been identified in the 
ash (about 0.01 to about 0.05%, by weight) ob- 
tained by burning crude petroleum. These include 
sodium, magnesium, calcium, strontium, copper, 
silver, gold, aluminum, tin, lead, vanadium, chro- 
mium, manganese, iron, cobalt, nickel, platinum, 
and uranium. Boron, silicon, and phosphorus have 
also been detected. It is quite probable that the 
sodium and strontium are present chiefly in the 
form of aqueous .solutions of salts that are finely 
dispersed in the oil. Most of the other metals' are 
present as oil-soluble salts or organometallic com- 
pounds. For example, nickel and vanadium which 
are the most abundant of these, occurring in 5-40 
parts per million in many crude oils of the United 
States, are probably present as porphyrin com- 
plexes. See Petrochemical; Petroleum (origin); 
Petroleum engineering; Petroleum GEOLbcY; 
Petroleum processing; Petroleum products; 
Prospecting, petroleum. [l.s.] 

Bibliography i B. T. Brooks et al. (cds.), TAe 
Chemistry of Petroleum Hydrocarbons, vol. 1, 
1954; A. E. Dunstan et al. (eds.). The Science of 
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Lochte and E. R. Littmann, The Petroleum Acids 
and Bases, 1955; F. D. Rossini, B. J. Mair, and 
A. J. Streiff, Hydrocarbons from Petroleum, 1953. 

Petroleum (origin) 

Petroleum, a complex mixture of hydrocarbons, con- 
tains small amounts of oxygen, nitrogen, and sulfur 
compounds, and traces of metal salts. Accumulation 
of petroleum is believed to involve three steps: 
generation of oil, primary migration (the move- 
ment of oil from source to reservoir rock), and 
secondary migration (the redistribution of oil 
within the reservoir rock to form a pool). On 
the basis of the best available data, these steps can 
be described as follows. 

Generation of oil. Oil is generated in sedimentary 
basins. These basins are shallow continental de- 
pressions, hundreds of square miles in area, that 
have intermittently been covered with sea water 
and are now filled with sediments. The sediments 
are of three types: (1) rock particles varying from 
sands to clay muds, which were eroded from hills 
and mountains and carried to the basins by 
streams; (2) biochemical and chemical precipi- 
tates such as limestone, gypsum, anhydrite), and 
chert; and (3) organic matter from the plants 
and animals that lived in the sea or were carried in 
by rivers. Some of these types of sediments are 
being laid down today in basins such as the Persian 
C»ulf and the Caspian Sea. 

The third type of sediment, the organic matter, 
is considered the source of petroleum. Evidence for 
this is the fact that petroleum contains traces of 
several substances that could have come only from 
living things. Examples of these are porphyrins re- 
lated to hemin and chlorophyll, which are compo- 
nents of modern organisms; optically active com- 
pounds (compounds that will rotate the plane of a 
ray of polarized light) ; and structures related to 
cholesterol. 

It is believed that oil is generated from organic 
matter in one or both of two ways. It may come di- 
rectly from the hydrocarbons that marine organ- 
isms form as part of their living cells, or it may 
come from the conversion of dead organic matter 
to hydrocarbons. 

Evidence of the first process is that some of the 
complex hydrocarbons in petroleum are comparable 
to those found in modern plankton, kelp, other 
algae, coral, and higher organisms such as oysters 
and bluefish. When such organisms die in the wa- 
ters of a sedimentary basin, their remains drop 
into the material accumulating in the basin. Their 
hydrocarbon content is low (0.005-0.1% by 
weight ) . and most of this is destroyed by bacterial 
oxidation. However, the total amount of hydrocar- 
bon produced in this manner is so great (prob- 
ably more than 1,000,000 barrels a year) that less 
than 1% of it would have to be preserved and ac- 
cumulated to account for a possible 1.5 X 10^^ bbl 
of recoverable oil existing today in the land and 
continental shelf sediments. 


The second process by which oil may be formed 
involves the synthesis of hydrocarbons from the de- 
cay and alteration of buried organic matter. It is 
believed that bacteria convert the organic matter 
into more petroleum-like substances by removing 
oxygen, sulfur, and nitrogen in the form of water, 
hydrogen sulfide, and ammonia, respectively. The 
earth's crust contains such a vast amount of organic 
matter that if only traces of it were converted in 
this manner it could form all the world’s oil. 

The synthesis process probably occurs over rela- 
tively short periods of time; there are many oil 
accumulations that appear to have formed from 
rocks less than 3,000,000 years old. In fact, since 
hydrocarbon content does not increase with depth 
in the rocks of sedimentary basins, synthesis may 
be essentially completed in the first few hundred 
feet of burial. The temperatures under which the 
process takes place are probably low, because the 
temperatures of petroleum source and reservoir 
rocks rarely exceed lOO^C. 

A particular environment is required to preserve 
the biogenetically produced hydrocarbons and to 
make conversion of organit; matter possible. The 
source beds of petroleum are fine-grained clay or 
carbonate muds deposited in basins under reducing 
conditions. (Zoarse sediments such as clean sand- 
stones, reefs, and oolites are usually not source 
rocks of petroleum because they are deposited in 
shallow-water areas, where water movement win- 
nows out the organic matter and the oxygen-con- 
taining environment tends to destroy hydrocarbons. 

Present-day basins provide conditions that may 
be ref)rel(entative of those under which oil can be 
formed, and that can be studied. For example, re- 
cent sediments in the Gulf of Mexico contain up to 
0.05% of young (less than 15,000-year- old ) hydro- 
carbons that are of the same general types found 
in petroleum, such as paraffins and naphthenes. 
However, certain differences in the structure and 
distribution of these types suggest that some of 
them are an intermediate stage between hydro- 
carbons from organisms and petroleum. 

Primary migration. Primary migration of petro- 
leum from source to reservoir, the second step in 
accumulation, is caused by the movement of water, 
which carries oil in concentrations of less than 100 
parts per million out of compacting sediments. 

When the source muds are deposited, they con- 
tain 70-80%, water. The remainder is solids, mostly 
clay minerals or carbonate particles; as they build 
up to great thicknesses in a sedimentary basin, wa- 
ter is squeezed out by the weight of the overlying 
sediments. After compaction the source muds con- 
tain only about 25% water at a depth of 2000 ft, 
and 10% at 6000 ft. 

The water and oil move in the direction of least 
resistance (lowest hydrostatic pressure) at a rate 
of about 1-3 in. per year. Early in compaction, the 
direction of fluid movement is straight up. As com- 
paction progresses, tl^ere is lateral as well as ver<^ 
tical movement of the fluids. The lateral movement 
results primarily from the tendency of the flat 



clay mineral particles to lie horizontally as they are 
compressed. This reduces the vertical permeability 
of the compacting muds. In addition, the long, con- 
tinuous sands on the edges of basins orient fluid 
movement laterally as burial progresses. 

The mechanism by which the water carries the 
oil is uncertain. It may travel in any of three ways 
— in solution, as a colloidal dispersion, or as drop- 
lets of oil. Transportation in solution is improba- 
ble because the solubility of most petroleum hydro- 
carbons in water is loo low to account for known 
oil accumulations. The droplet hypothesis is im- 
probable because the oil would have difficulty in 
moving through the fine pore openings in the shale. 
The oil probably travels as a colloidal dispersion 
of oil in water, stabilized by natural dispersing 
agents. When this dispersion reaches the reservoir 
its salinity is lowered, and this change in environ- 
ment may cause coagulation of the colloidal hydro- 
carbons to form discrete oil particles. 

If the porous rock is completely enclosed with 
compacting muds, the oil particles will he held in 
by the capillary pressures in the muds and the 
water will pass through. If there is a porous avenue 
of escape that bypasses the muds, hydraulic cur- 
rents created by the moving water will sweep the 
oil droplets out of the reservoir. As compaction 
progresses and most of the water is expelled from 
the muds, they will develop into tight shales or 
dense carbonates. These form the seal for the ac- 
cumulated oil particles. 

Secondary migration. In secondaiy migration, 
the last stage in the origin of an oil accumulation, 
the oil droplets are moved about within the reser- 
voir to form the pool. Secondary migration includes 
in some instances a second step, dur’ng which 
crustal movements of the earth shift the position 
of the pool within the reservoir rock. 

The position of the accumulating pool is affected 
by several, sometimes conflicting, factors. Buoyancy 
causes oil to seek the highest permeable part of 
the reservoir; capillary forces direct the oil into 
the coarsest grained portion first, and into succes- 
sively finer-grained portions as the reservoir is 
filled. Any permeability barriers in the reservoir 
channel the oil into a somewhat random distribu- 
tion. Oil accumulations in carbonate rocks are often 
erratic because part of the original void spaces 
have been plugged by minerals introduced from 
water solutions after the rock is formed. In large 
sand bodies, barriers formed by thin layers of dense 
shale may hold the oil at various levels. When 
crustal movements of the earth occur, oil pools are 
sometimes shifted away from the place in which 
they originally accumulated. Faults sometimes 
cut through reservoirs, destroying part of the pools 
or shifting them to different depths. Uplift and 
erosion bring the pools near the surface, where the 
lighter hydrocarbons evaporate. Fracturing of the 
cover rock allows oil to migrate vertically to a 
oiuch shallower depth. Wherever differential pres- 
sures exist, and permeable openings such as frac- 
tures provide a path, petroleum will move. 
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The composition and character of the oil ulti- 
mately formed is controlled by all phases of its 
origin and migration. The organic structures from 
which the oil originated, the selectivity of the mi- 
gration phase in picking up only part of the hydro- 
carbons from the source rock, and the alteration 
of the oil within the reservoir by subsurface water 
and ground movements, are believed to play an im- 
portant part in determining the composition of 
petroleum. See Petroleum; Petroleum geology; 
Sedimentation ( geology ) . [ j.m.hu.] 

Bibliography : G. D. Hobson, Some Fundamentals 
of Petroleum Geology^ 1954; \. J. Levorsen, Ceo/- 
ogy of Petroleum. 1954; F. M. Van Tuyl, B. H. 
Parker, and W. W. Skeeters, The migration and 
accumulation of petroleum and natural gas, Quart. 
Colo. School Mines, 40:1-112, 1945; L. G. Weeks 
(ed.). Habitat of Oil, 1958. 

Petroleum engineering 

The application of almost all types of engineering 
to the drilling for and production of oil, gas, and 
liquefiable hydrocarbons. It does not involve refin- 
ing of liquid hydrocarbons nor long-distance trans- 
portation, which are respectively covered by refin- 
ery engineering and pipeline and marine engineer- 
ing. See Petroleum processing; Pipeline. 

Petroleum engineering applies civil, mechanical, 
and chemical engineering processes, as well as 
thermodynamics and hydrodynamics, to the prob- 
lems of producing hydrocarbons. Examples of var- 
ious problems in petroleum engineering are dis- 
cussed, but the various problems are too numerous 
and complex to permit complete consideration. 

The petroleum engineer uses civil engineering 
in surveying, planning surface transportation sys- 
tems, and in the design and selection of oil field 
equipment. Mechanical engineering i.s involved in 
the operation and utilization of gas and diesel en- 
gines, electrical motors, and rarely steam engines 
and their related equipment. Thermodynamics is 
the basis of understanding underground movements 
of hydrocarbons, their phase relations, and the re- 
covery of liquefiable hydrocarbons from gases. 
Hydrodynamics is involved in fluid flow in the pay 
formation, vertically in tubing or casing, and in 
surface gathering and distribution systems. Chemi- 
cal engineering is entailed in the proper design of 
the drilling mud, the protection of equipment 
against corrosion, and the treating of both oil ^nd 
gas after production. See Oil and gas field devel- 
opment. 

Drilling. In drilling a wildcat well, a petroleum 
engineer must survey the location to make certain 
that the well is drilled at the desired distance from 
lease lines and wells on the property covered by the 
engineer's lease. He must provide access roads, fuel 
and water supplies, suitable foundations for the 
drilling equipment, and mud pits for storage of 
drilling mud, for settling of cuttings from the mud, 
and for treating the mud as may be necessary. 

More than 80% of modern ^lls and all deep 
wells are drilled by the rotary process. A drilling 
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bit is turned at the bottom of the hole; mud 
pumped from the surface through the drill pipe 
cleans and cools the bit, flushes to the surface the 
rock cuttings that have been torn loose by the bit, 
and provides pressure to prevent collapse of the 
sides of the holes before casing is inserted. The 
mud must be heavy enough to prevent flow of fluids 
into the hole during the drilling operation. In soft 
or unconsolidated formations, care must be taken 
to prevent the hydrostatic pressure of the mud 
from forcing the mud into the surrounding forma- 
tion. Excessive mud weight may result in loss of 
mud to such an extent that gas, oil, or water may 
break into the hole and, erupting at the surface, de- 
stroy the drilling equipment and tear out a crater 
at the surface, with resulting loss of hydrocarbons 
and damage to nearby properlicvs. Ser Boring and 
DRILLING, mineral; OiL AND GAS WELLS. 

In some areas mud is formed by simply pumping 
water down the drill pipe and mixing this water 
with the soft clays which have been cut loose by 
the bit. But drilling mud is often an expensive and 
carefully engineered fluid produced by additions to 
the natural drilling mud. The <^ost of drilling mud 
varies from zero under most favorable conditions 
to costs exceeding $10 per barrel of fluid. It is not 
uncommon for mud costs to exceed 20% of the to- 
tal cost of drilling under difticull conditions. Care- 
ful chemical and physical testing may be required 
at short intervals to make certain that the mud has 
the desired characteristics and to plan for varying 
those characteristics as the bit penetrates different 
formations in depth. See Geophysical explora- 
tion; Prospecting; Well logging (mineral). 

The well having been drilled to a specified depth 
or to the point where commercial deposits of hy- 
drocarbons are expected, tested, or proved, the 
hole is protected by “running” (inserting) a string 
of casing. The engineer must select casing of 
proper strength, diameter, and wall thickness so 
that the string can be lowered into the well with- 
out parting under the strain of its own weight: it 
must also have adequate collapsing strength so that 
it will not lie crushed by outside pressures when 
fluid is removed from the casing. Commonly, im- 
portant savings result from varying the strength 
and wall thickness in different parts of a casing or 
tubing string. Maximum tensile strength is re- 
quired at the top of the string to sustain most or all 
of the entire weight. Maximum collapse strength is 
required at the bottom of the string where external 
pressures are at a maximum. 

The casing i.s normally protected by pumping 
neat cement through it and permitting this cement 
to rise along the outside of the casing toward the 
ground surface. Cement quality muat be chosen with 
full consideration of underground temperatures and 
fluids to allow ample time for pumping the cement 
to the desired position before the cement sets. If 
the cement does not rise to the desired point out- 
side the casing, the casing must be perforated at 
one or more points and additional cement pumped 
through the perforations to form a cement sheath 
around the casing. When cementing casing, a plug 


is placed in the casing at the top of the fluid ce- 
ment. Mud pumped above the plug forces the plug 
to a point near the bottom of the hole so that little 
cement is left in the casing when the pumping op- 
eration ceases. 

Frequently, and normally in deep wells, more 
than one string of casing is required fo complete a 
well. For example, the normal hydrostatic pressure 
of fluids existing in the penetrated formations is 
0.46.5 psi per foot of depth. In some areas, notably 
the Gulf Coast of Texas and Louisiana, certain 
formations contain fluids under pressures approxi- 
mating the weight of the overburden so that the 
hydrostatic pressures in these abnormal zones may 
be 1 psi per foot of depth. Counterbalancing such a 
pressure requires mud weighing 18 Ib/gal. If such 
heavy rnud is used in ^formations of normal hydro- 
static pressure, the mud may be forced into the sur- 
rounding formations and fail to return to the sur- 
face; the well may then be in danger because 
cuttings which should have been removed from the 
well by the circulating mud may settle and allow 
pipe to slick. Accordingly, the well is drilled with 
10-12-11) mud to the top of the formation where ab- 
normal pressure is anticipated, and casing will be 
landed and cemented at that point. The mud weight 
is then greatly increased for the zone of abnormal 
pressure. The petroleum engineer must design his 
mud and his casing strings to protect against such 
varying conditions. 

Surveys are run during drilling to secure data on 
the straightness of the hole and the temperatures 
encountered. Unsurveyed wells have wandered 
(deviat^) as far as 2000 ft distant from a vertical 
line through the well location. Electrical, neutron, 
and gamma-ray surveys determine the porosity of 
the formations penetrated and the character of the 
fluids in any jiorous rocks. Most of these surveys 
are made by specialists, but the capable petroleum 
engineer is prepared to interpret the surveys and to 
adapt his operations to the conditions shown by 
such surveys. 

Gas-oil separation problems. Hydrocarbons oc- 
cur underground under pressures and temperatures 
normally far in excess of surface conditions. The 
engineer must plan to separate the oil from the gas 
at the surface, direct the oil after measurement to 
pipelines, and, where necessary, transport the gas 
to gasoline plants where liquefiable hydrocarbons 
are removed from the gas; the gas is there dehy- 
drated, sometimes treated to remove sulfur com- 
pounds, and residue gas is made available for sale 
to gas pipelines or for use in repressuring or re- 
cycling a producing formation. See Oil and gas 
fie:ld exploitation; Petroleum; Petroleum 
geology. 

Under high pressures and temperatures all the 
gas may be dissolved in oil so that the formation 
contains only a single liquid-hydrocarbon phase. 
Conversely, if the volume of heavy hydrocarbons is 
relativej[y small, all of the oil may be dissolved in 
the gas so that the single hydrocarbon phase under- 
ground is a gaseous phase. If pressures are re- 
duced, some hydrocarbon liquids condense from the 



gas, form liquids in the pay formation, and are 
held by capillary attraction and thus lost. If a gas 
pool contains much liquid in gas solution and if 
this pool is produced as an ordinary gas pool, the 
loss of condensate (liquefiable hydrocarbons) in 
the pay may exceed 50% of the liquefiable con- 
tent, a serious economic loss to the producer. Fur- 
ther, these liquids, by blocking minute connections 
between the pore spaces, may seriously impede the 
flow of gas into the well and thus extend the pro- 
ductive life of the field as much as 100%. Conse- 
quently, ultimate gas recovery may be reduced as 
much as 25%. These unfortunate results may be 
prevented by gradually withdrawing the gas, strip- 
ping it of liquefiable hydrocarbons, and reinjecting 
the dry gas under high pressure into the j)ay. This 
operation, known as recycling, is expensive be- 
cause the returned gas must be compressed to a 
higher pressure than the existing pressure in the 
pay. High-pressure gathering, compressing, and 
distribution facilities are required. Extremely ac- 
curate engineering must be applied to determine in 
advance whether the cost of recycling will be 
greater or less than the value of the recovered liq- 
uids. and also whether the benefit of reduction in 
operating time, when the pool is operated without 
recycling, exceeds the net profit resulting from 
stripping the liquids from the gas before the avail- 
able gas is marketed. Scr Petrolkdim rkskrvoir 
KNOINKEIUNC ; PETROLEUM SE(.ONDARY RECOVERY. 

Recovery problems. Oil pools produce under 
four mechanisms: gas expansion, gas-cap drive, 
water drive, and gravity drainage. Commonly, two 
or more mechanisms operate in a single pool. Tlie 
petroleum engineer must he alert to lake full ad- 
vantage (»f any possible water drive or gas cap drive 
which will permit recovering a larger percentage 
of oil in the pay formation than can he obtained un- 
der ga.s-expansion drive. 

Frequently, by exercising care in the location 
of wells and rate of production from individual 
wells, recovery from a pool may he double that 
which would have been secured by gas expansion 
or gravity drainage. Sometimes gas, water, or even 
air may be injected into a pool to displace and 
force oil into the producing wells. Injection of ex- 
traneous material and resulting increase in oil pro- 
duction is referred to as secondary retuivery. 

Water drives are the most efficient form of sec- 
ondary recovery and may be expected to produce 
twice as much oil as may he secured by gas injec- 
tion. Efforts to improve .secondary recovery by wa- 
ter drive involve the use of materials which will re- 
duce the surface tension of oil in the pay and so 
reduce the effect of capillary attraction in holdin’fe 
oil in the pay. Additives placed in the water may 
increase its surface tension to the point where it 
'vill displace oil. Other additives may reduce the 
surface tension of the oil and promote its displace- 
i nient. Additives are expensive and their use is not 
, always justified. Promising experiments include 
I ^he injection of light hydrocarbons such as propane 
I and butane ahead of the water. These light liquids, 

I combining with the oil, reduce its viscosity, and in- 
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duce more complete flushing from the pay. Natural 
gas, carbon dioxide, or air are .sometimes intro- 
duced into the water drive to assist in moving oil 
from the pay. The petroleum engineer must de- 
termine whether .secondary recovery operations 
are justified; if .so. he must select ihe method and 
the additives, if any, which will give the largest 
economic return from the money invested in the 
secondary recovery work. 

Corrosion. Throughout the productive life of a 
field, the engineer faces the problem of corrosion. 
Carbon dioxide in gas, hydrogen sulfide in gas and 
oil, and salt water all corrode casing, tubing, 
sucker rods, tanks, and other equipment. These 
may be combated under varying conditions by se- 
lection of special steels containing varying per- 
centages of nickel, chromium, and other alloying 
metals. Corrosion combatants, .such as an alkali or 
formaldehyde, are frequently used to neutralize hy- 
drogen sulfide and c.arbon dioxide. Sortie success 
has been obtained by coating sucker rods and in- 
ternally coating tubing, surface lines, and equip- 
ment with plastics. In general, paints have not been 
successful in protecting equipment against corro- 
sive fluids. 

Oil-water separation. Ihe engineer also applies 
chemical engineering in treating oil to separate 
w'ater from oil emulsions. Tlie treating may consist 
of merely heating the oil to facilitate the separa- 
tion t)f water from oil. Sometimes the well fluid is 
filtered through hay, straw, or excelsior, saturated 
with oil, which rejects the water and permits clean 
oil to flow through the filter. A wide range of chem- 
icals is used, depending on the chemical composi- 
tion of the oil, to break down the emulsions. In 
some areas, electrostatic separation of oil from wa- 
ter is achieved by passing the fluid between insu- 
lated, electrically charged plates. Combinations of 
all these processes are successful in some areas. 
Conversely, some oils must be washed with water 
to remove sodium chloride and other salts from 
suspension. Again, the successful engineer must se- 
lect the process best suited to the conditions exist- 
ing in the field from which production is obtained. 

Production forecasts. The petroleum engineer 
must predict the production of gas and of oil both 
in volume and lime. The number of wells to be 
drilled, the rate of production, and the type of 
equipment to be used will vary, depending on the 
prediction as to life of the field and the volumes of 
oil, gas, and water to be produced. Predictions are 
made most roughly by a volumetric calculation 
which attempts to determine the volume of porous 
rock which is saturated with oil, the percentage of 
porosity in the rock, the percentage of water satu- 
ration in the pore spaces, the shrinkage of the oil 
resulting from release of gas, and the percentage 
recovery of the available oil. Necessary corrections 
are made for the differences between temperature 
and pressure in the formations and under standard 
conditions. Corresponding estimates are made lor 
gas production. When a pool is first discovered, the 
only reserve estimate which can be made is based 
on volumetric calculations which are necessarily 



M , P«tr«t«um 9Mlogy 

inaccurate because the engineer does not have com- 
plete data on the various parameters. See Pros- 
pecting, PETROLEUM. 

After a pool has some producing history, the en- 
gineer may estimate the ultimate production on the 
basis of curves comparing production against the 
declining pressure or decreasing rate of produc- 
tion. In gas pools, the accurately determined vol- 
ume of gas produced per pound of pressure decline 
usually provides a good estimate of future produc- 
tion. However, an unanticipated active water drive 
in the pool may cause an excessive estimate. A 
material balance equation gives the most accurate 
measure of available reserves, provided necessary 
data are available. Estimates of productive life de- 
pend upon estimates of ultimate production and 
the estimated rate of production, which rate nor- 
mally decreases as pool pressures diminish. Pro- 
duction rate should never exceed the maximum 
efficient rate of production, MER, which is the 
highest rate of production which can be maintained 
without underground waste. MER is frequently de- 
creased by conservation regulations, by limited 
marketing facilities, and by delays in effecting 
unitization or other arrangement necessary for sec- 
ondary recovery operations. 

Predictions of reserves and of producing life are 
fundamental to the proper management of the field, 
the financing of the production operations, and the 
program for exploration in search of other produc- 
tive fields. Trs-K.] 

Bibliography: R. L. Huntington, Natural Gas 
and Natural Gasoline^ 1950; M. Muskat, Physical 
Principles of Oil Production^ 1949; S, J. Pirson, 
Oil Reservoir Engineering, 2d ed., 1958. 

Petroleum geology 

The application of geologic principles in the dis- 
covery and development of oil and gas pools. The 
geology of petroleum includes the origin, migra- 
tion, and accumulation of petroleum; the structural 
and stratigraphic relations of oil and gas pools; 
the lithologic characteristics of formations and 
producing horizons; and the use of index or guide 
fossils in correlating horizons. 

Geological aspects treated here include the oc- 
currence of petroleum, the character of reservoir 
rocks, typical reservoir traps, and the general na- 
ture of reservoir fluids; for further treatment of 
the physical and chemical properties of petroleum, 
the origin and migration of petroleum, reservoir 
and production mechanics, and geological and geo- 
physical methods of exploration, see Petroleum ; 
Petroleum (origin); Petroleum engineering; 
Prospecting, petroleum; see also Micropaleon- 
tology ; Palynology. 

OCCURRENCE OF PETROLEUM 

Petroleum deposits may be classified as surface 
occurrences and subsurface occurrences. 

Surface occurrences. These occurrences may be 
thought of as currently active or “live” occur- 
rences. such as seepages, springs, exudates, and 


mud volcanoes and mud flows. Others may be 
termed fossil or ‘Mead*’ occurrences, such as bitu- 
men-impregnated sediments, inspissated deposits, 
and dike and vein fillings of solid bitumens. An- 
other surface occurrence of petroleum is oil shale, 
a borderline material between the petroleum hy- 
drocarbons and the coal family. 

Seepages, springs, and exudates. Petroleum that 
exudes in any of these forms may reach the surface 
along fractures, joints, fault planes, unconformi- 
ties, or bedding planes, or through the connected 
porous openings of the rocks. Most seepages (or 
springs) are formed by the slow escape of petro- 
leum from fairly large accumulations that have 
been brought close to the surface and into the zone 
of fracturing by erosiion, or that have been tapped 
by faults and fractures. Almost without exception, 
seeps are at topographically low spots where water 
has also accumulated. Oil, which is lighter, rises to 
the surface of the water, covering it with an irides- 
cent film. Many pools and producing regions have 
been discovered by drilling near seepages. 

Exudates of asphaltic oils issuing at the surface 
are likely to be changed to asphalt, partly by the 
escape of volatile fractions, but mainly by chemical 
changes such as combination with oxygen or sul- 
fur. The asphalt is black in color and varies in con- 
sistency from a sticky liquid to a substance hard 
enough to walk on. Outcrops of asphaltic oils are 
sometimes marked by small pools (less than 100 ft 
across) which have collected on the surface of the 
ground. Many of these pools contain the bones of 
animals^hat have been caught in the sticky mate- 
rial. Asphalt found at the surface has nearly always 
seeped up from the bedrock in the vicinity, but 
there are a few instances where asphalt has been 
carried by water. Asphalt of natural origin has 
been found floating in the Gulf of Mexico from 
Padre Island to Matagorda Peninsula, Texas. 

Mud volcanoes and mud flows. These are high- 
pressure gas seepages that carry with them water, 
mud, sand, fragments of rock, and occasionally oil. 
Mud volcanoes are usually confined to regions un- 
derlain by incompetent softer shales, boulder and 
submarine landslide deposits, clays, sands, and un- 
consolidated sediments. The surface of a mud vol- 
cano is often a conical mound or hill, with an open- 
ing or crater at the top through which issue mud 
and water which is usually salty. Only the type 
which emits gas, with or without oil. in addition to 
the mud and water, should be considered a surface 
indication of oil or gas. Mud volcanoes occur 
chiefly in areas of Cenozoic rocks that have been 
strongly deformed. See Mud volcano. 

Solid and semisolid deposits. Tar, asphalt, wax. 
and hard brittle bitumen (any of the flammable, 
viscid, liquid or solid hydrocarbon mixtures solu- 
ble in carbon disulfide) are popularly regarded as 
solid, although strictly speaking, some of them are 
highly viscous liquids. Outcrops of solid petroleum 
are foupd in the form of disseminated deposits and 
as veins or dikelike deposits filling cracks and fis- 
sures. 



Disseminated deposits are sediments containing 
petroleum in the form of asphalts, bitumen, pitch, 
or thick heavy oil, disseminated through the pore 
spaces of rock either as a matrix or as the bond- 
ing material. They are commonly called bituminous 
sands or bituminous limestones, depending on the 
nature of the host rock. Two different types of dis- 
seminated occurrences are found, inspissated de- 
posits and primary mixtures of rock and bitumen. 

Inspissated or dried-up deposits are in situ (in 
place) and were probably once a pool in liquid 
and gaseous form. They now consist of only the 
more resistant and heavier residues, the lighter 
fractions having been lost. An inspissated deposit 
may be thought of as a fossil oil held. As erosion 
gradually removed the overburden, bringing the 
surface closer to the pool, the decreased pressure 
permitted gases and lighter oil fractions to come 
out of solution and expand, leaving the heavier hy- 
drocarbon fractions behind. As the pool ap- 
proached the zone of weathering, the opening of in- 
cipient fractures allowed the gases to escape more 
readily. Oxidizing agents aided in solidifying the 
heavier oils that remained behind. 

F*rimary mixtures are those in which the sedi- 
ments were mixed with the oil, asphalt, or tar dur- 
ing their deposition, the whole deposit having later 
been buried by younger sediments and then ex- 
posed by erosion. The Athabasca oil sands in Al- 
berta, Canada, are thought by many to be such a 
deposit. One theory is that oil seeped up from the 
underlying and then outcropping Devonian organic 
limestone and was redeposited during Cretaceous 
time together with Cretaceous sands in lagoons 
and barred basins along the shore. These oil sands 
may he considered a primary dissemina ed deposit 
in which the sand was deposited in or with the oil. 

wSVc Oil SAND. 

Dike and vein fillings may be regarded as fossil 
or dead seepages from which the gaseous and liq- 
uid fractions have been removed, leaving only the 
solid residues behind. In inspissated deposits, the 
separation of the lighter constituents occurred in 
place in the rock. In the primary deposits the sepa- 
ration of the gas from the liquid took place before 
the contemporaneous deposition of the oil and 
asphalt with the enclosing sediments. In the solid 
vein and dike fillings the loss of the gaseous and 
liquid fractions probably occurred while the pe- 
troleum was filling the opening. 

Oil shale is rock which yields abundant oil on 
distillation, generally about 5~10 gal or more to 
the ton. It is a borderline class of hydrocarbon ma- 
terial, having some of the properties of petroleum 
and some of coal. Oil shale consists of solid hydro- 
carbons in the natural state. But they do not de- 
compose into gaseous and liquid petroleum hydro- 
carbons until they are heated to temperatures of 
^150®C or more. The solid organic substances in oil 
shale which yield oil when heated were once called 
kerogen, but so many different meanings have been 
given to the word that it is not in good scientific 
standing today. See Oil shale. 


Asphalt is a dark-colored, plastic to fairly hard 
substance, easily fusible and soluble in carbon di- 
sulfide. It occurs in nature, but it is also obtained 
as the residue from the refining of certain petro- 
leums; then it is known as artificial asphalt. As^ 
phalt melts between 150 and 200®F. It may occur 
as seepages, surface accumulations, and impregna- 
tions. Asphalt may also occur in large lakes. One 
of the best examples of such a lake is the Rancho 
La Brea deposit in Los Angeles. 

Asphaltites are harder solid hydrocarbons which 
differ from asphalt in being strictly of an intrusive 
nature. They are found in veins or dikes cutting 
across the sediments. Asphaltites are fusible, but 
melt at somewhat higher temperatures and are 
harder and heavier than the asphalts. See Asphalt 
AND ASPHALTITE. 

Naturally occurring mineral waxes are solid hy- 
drocarbons believed to result from the drying-out 
of a paraffin-base oil. One example is ozokerite, a 
plastic waxlike paraffin vein material which can be 
found in Utah and near Boryslaw, Poland. See 
Hatchettite; Ozokerite. 

Subsurface occurrence. Underground occur- 
rences of petroleum may be classified as pools, 
fields, and provinces. 

Pooh. Underground accumulations of petroleum 
characterized by a single and separate natural res- 
ervoir (usually a porous sandstone or limestone) 
and a single natural pressure system are called 
pools. The production of petroleum from one part 
of a pool affects the reservoir pressure throughout 
its extent. A pool is bounded by geologic barriers 
in all directions, such as rock structure, imperme- 
able strata, and water in the formations, so that the 
pool is effectively separated from any other pools 
that may be present in the same district or on the 
same geologic structure. 

Fields. An oil field may be a single pool, or it 
may consist of two or more pools, all on or related 
to the same geologic structure. Where, more than 
one pool is present in the same field, the different 
pools are separated from one another. The different 
pools may occur at several horizons of different 
geologic age, separated by impervious formations, 
and they may partially or completely overlap one 
another horizontally, or they may not overlap at 
all. Geologic features that are likely to form fields 
are salt plugs, anticlinally folded multiple sands, 
and complex combinations of faulting, fol(i|jng, 
and stratigraphic combinations. 

Provinces. A province is a region in which a 
number of oil and gas pools and fields occur in a 
similar or related geological environment. The 
term is used to indicate the larger producing re- 
gions, such as the Texas Panhandle and the Mid- 
Continent regions of the United States. 

RESERVOIR ROCKS 

Reservoir rocks are rocks with sufficient porosity 
and permeability to allow oil add gas to acctlknn- 
late and be produced in commercial quantities., 
There are three requisites for a reservoir rock: 
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( 1 ) it must be porous, that is, have enough room to 
store a commercial quantity or volume of hydro- 
carbons; (2) it must have permeability so that the 
contained oil or gas will discharge readily when the 
reservoir is penetrated by a well; and (3) there 
must be a trap which prevents escape of the oil and 
gas until they are released by the drill bit. Any 
rock with these characteristics may become a res- 
ervoir for migrating hydrocarbons. 

The reservoir character of a rock may be an 
original feature (intergranular porosity of sand- 
stones), or a secondary feature resulting from 
chemical changes (solution porosity of lime- 
stones), or it may be the result of physical changes 
(fracturing of any brittle-type rock). 

Types of reservoir rocks. Reservoir rocks may 
be classified as fragmental or clastic (broken) ; 
chemical and biochemical; or miscellaneous. They 
may also be classified as marine and nonmarine 
reservoir rocks. 

Fragmental type. Some reservoir rocks are ag- 
gregates of particles, that is, fragments of minerals 
or older rocks. They are also called clastic or de- 
trital rocks because they consist of mineral and 
rock particles derived from eroded areas. The con- 
stituent particles of fragmental rocks may range in 
size from colloidal particles up to pebbles and 
boulders. The most common of the fragmental res- 
ervoir rocks are siliceous- -sandstones, limestones, 
conglomerates, arkoses, graywackes, and silt- 
stones. Many, however, are carbonate rocks, such 
as oolitic rocks and coquinas, which are made up 
of oolites and shell fragments that have been only 
slightly cemented or recrystallized. 

Some sandstone reservoir rocks consist either en- 
tirely or in part of loose, uncemented sand grains. 
The grains are brought to the surface in large 
quantities along with oil during production. The 
sand grains in most sandstones, however, are held 
together by various kinds of cementing material, 
mostly carbonates, silica, or clays. Some of the ce- 
menting materials may be primary, having been 
deposited along with the sand grains and then pre- 
cipitated chemically around and between them. 
Other cementing material may be secondary, hav- 
ing been precipitated from water solutions that en- 
tered the formation after it was deposited. 

Clastic limestones and dolomites consist of 
grains of calcite and dolomite that have been trans- 
ported and deposited just as are grains of quartz. 
The carbonate grains are made up largely of 
shells, shell fragments, coquina, and oolites. Rocks 
thus formed are always more or less recemented 
with recrystallized calcite and may resemble a 
chemically deposited limestone or dolomite. Car- 
bonate rocks formed this way are usually good res- 
ervoirs for oil because of their porosity. 

Chemical types. These rocks are made up chiefly 
of chemical or biochemical precipitates. They are 
composed of mineral matter that was precipitated 
at the place where the rocks were formed (in con- 
trast to the transported grains in clastic carbon- 
ates). The most important chemical reservoir 


rocks are carbonate sediments, mostly limestones 
and dolomites. Some chemically precipitated rocks 
consist entirely or almost entirely of silica in the 
form of chert, novaculite, or orthoquartzite, but in 
some of these there has been a certain amount of 
secondary cementation with silica. Such rocks are 
quite common, but compared with the carbonate 
rocks they provide few reservoirs. The porosity of 
this type of rock is largely the result of solution 
which involves the leaching away of portions of the 
rock by percolating ground waters. 

Miscellaneous types. Other reservoir rocks in- 
clude igneous and metamorphic rocks and mix- 
tures of both. Any porous and permeable igneous 
rock in close association with sedimentary rock 
may become a reservoir rock when saturated by 
oil derived from the sediments. Igneous and meta- 
morphic rocks are only a minor source of oil and 
gas because, generally, they are not permeable 
enough, and when they are, they are not often as- 
sociated with suitable source rocks and a good trap 
for oil and gas. Porosity and permeability of ig- 
neous and metamorphic rocks may result from frac- 
turing or from weathering at the surface prior to 
subsequent burial. 

Marine and nonnnirine types. A distinction may 
be made between reservoir rocks which were de- 
posited in ancient seas and those of continental 
origin. Until recently most petroleum was^bclieved 
to occur in rocks deposited under marine c'.ondi- 
tions. Consequently there was little exploration of 
nonmarine reservoirs. However, petroleum has l)een 
found in ^dirnents of nonmarine origin, such as 
those in the Uinta Basin of Utah, which consist 
of fresh-water lacustrine marls, limestones, and 
siltstones. The occurrence of oil in nonmarine sedi- 
ments is sometimes explained as the result of mi- 
gration of oil along faults, fractures, or bedding 
planes from adjacent marine sediments. Further 
study of nonmarine reservoir rocks will provide im- 
portant information on the occurrence and source 
of oil deposits. 

Properties of reservoir rocks. The porosity and 
permeability of reservoir rocks, as well as the na- 
ture of the traps, are all factors which regulate the 
accumulation of petroleum. Porosity is the total 
space in the rock (pores, voids, interstices) not oc- 
cupied by solid material. It is expressed as a per- 
centage. Factors which influence porosity are the 
size of the rock particles, arrangement, .sorting, 
shape, cementing material, and the connate water 
content. Most oil-producing rocks have porosities 
above 10% and thicknesses greater than 10 ft. A 
rock with lower porosity may prove commercially 
exploitable if the thickness is great and a thinner 
rock may be developed successfully if the porosity 
is unusually large. 

Total pore space is not the sole determinant of a 
petroleum reservoir. A reservoir must also have 
permeability; that is, fluids must flow through it 
with reli^tive ease. Pomice, for instance, has a 
large amount of pore space, but the pores are not 
connected. Therefore it does not have permeability 
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Typical petroleum traps. 

herause it rannol discharge its fluid content. For a 
rork to l)e jiernieabJe, it inu.sl have porosity, inter- 
tonnecling pores, and pores of supercapillary size. 
iVrineability is measured in Darcy units. 

RESERVOIR TRAPS 

Reservoir tra|)s close the reservoir so that the 
accumulated oil or gas cannot escape. The upper 
boundary of a re.servoir trap is called the roof or 
cap rock; the lower boundary is called the oil-wa- 
ter contact or table. 

Roof or cap rock is an impervious layer of rock 
forming the roof of an oil trap. The connecting 
pores in the reservoir rock, which are individually 
minute, are as a rule saturated with water. Since 
oil and gas are lighter than water, the petroleum 
rises through the water until it is slopped by the 
roof rock. If the roof rock is concave (domed, 
arched, folded, peaked, or roof-shaped) it acts as a 
trap, keeping the oil and gas from e.scaping later- 
ally. 

Oil-water contact or table is the lower boundary 
of the reservoir. It usually consists either totally 
or in part of the water that normally fills the pores 
of the reservoir rock. The water supports the pool 
of oil and gas, and the pressure of the water forces 
the petroleum upward against the bounding sur- 
faces of the trap, holding it in place. The simplest 
and most common way for a permeable under- 
ground formation to become a trap is to be folded 
jnto an anticline. An anticline is a fold (resem- 
bling an inverted soupbowl) that has upward con- 
vexity. It can be open or closed. However, only 
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those anticlines which have effective closure with 
some horizontal extent are productive of oil or gas. 

Geologic structure. The anticlinal theory is the 
most successful of all the theories of petroleum ge- 
ology. It has been estimated that fully 80% of the 
oil in the 236 major oil fields of the world is in an- 
ticlines. The fact that oil and gas commonly occur 
on anticlinal axes was first noted by W. E. Logan 
in 1842. He observed that oil seeps occurred in the 
vicinity of anticlinal axes near the mouth of the St. 
Lawrence River. Although the term anticlinal the- 
ory has fallen into disuse, the fundamental prin- 
ciple on which it is bused is still valid — oil and gas 
accumulate at the greatest pf)ssible height within 
the reservoir. It is rec^ognized today that other fac- 
tors control the acc umulation of oil in many pools. 

Classification of traps. Three basic types of 
traps generally are recognized: structural traps, 
stratigraphic traps, and combination traps. 

Structural traps. A trap whc»se upper boundary 
has been made concave by some local deformation 
such as folding or faulting (or both) of the re.ser- 
voir rock is known as a structural trap. 'The edges 
of a pool occurring in a struc;lural trap are deter- 
mined by the intersection of the underlying water 
table with the enclosing roof or cap rock. Struc- 
tural traps include closed anticlines or domes, 
faulted anticlines with closure, closure against 
faulls, anticline's on downdip sides of faults, and oil 
and gas accumulations in fractures produced by 
structural dc'fomation. 

StHiti^raphic traps. Also known as varying per- 
meability traps, stratigraphic traps are those in 
which the chief trap-making element is some vari- 
ation in the stratigraphy or lithology or both of the 
reservoir rock. These include facies change, vari- 
able local porosity and permeability, and any up- 
structure termination of the reservoir rock. Strati- 
graphic traps include sandstone lenses, channels, 
bars, and reefs; porosity lenses; and reservoirs in 
permeable organic solids (coal, oil shale). Some of 
the most common stratigraphic traps are strand- 
line pools, shoestring sand traps, hiostronies, and 
bioherras. ,S>c Faciks (geology). 

Strand-line pools are regional facies changes 
from permeable to impermeable rocks which de- 
termine the location of the edges of an oil pool. 
They are so called when associated with shore 
phenomena. See Strand line. 

Shoestring sand traps are long, narrow, sapd 
deposits whic h may be considered to be sand lenses 
of a special type. They may be one-half or three- 
quarters of a mile wide and to many miles in 
length. Except at their terminal ends they are com- 
pletely surrounded by impervious shales and clays. 
Some sand traps of this nature are believed to be 
channel fillings and others offshore sand bars. 

Two general classes of primary stratigraphic 
traps occur in rocks of chemical origin, almost all 
of them carbonate rocks. These are biostromes and 
bioherms. Bio.stromes are nearly tabular, porous 
lenses, either lithofacies or biofacies, enclosed or 
terminated by normal impervious shales, lime- 
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stones, or dolomites. Bioherms, or organic reefs, 
are porous, domelike, mound like, or otherwise 
circumscribed masses, built exclusively or mainly 
by sedimentary organisms such as corals, algae, 
brachiopods, mollusks, or crinoids, and enclosed 
in normal rock of diflFerent lithologic character. 
See Bioherm ; Biostrome. 

Combination traps. These traps result from both 
structural and stratigraphic conditions. An exam- 
ple of such a trap is the salt dome. Salt domes are 
cylindrical or steeply conical masses of rock mate- 
rial which were forced to flow plastically under 
heavy pressure. These masses, called plugs or 
domes, originate at unknown depths and pierce the 
overlying sedimentary strata. Three kinds of traps 
are associated with salt plugs: cap rock, flanking 
sands, and supercap sands. Cap rock consists of 
calcite, gypsum, and anhydrite and occurs as a cap- 
ping over the tops of the salt plugs. Flanking sands 
are strata abutting upon and cut off by the salt 
plug. Supercap sands are sandy strata that arch 
over the tops of the plugs in the form of structural 
domes. See Salt dome. 

RESERVOIR FLUIDS 

Fluids fill the voids or pore spaces in all reser- 
voir rocks. The fluid may be water, water and oil, 
water and gas, or a mixture of water, oil, and gas. 
The fluid content of a gas pool consists of water 
and gas; that of an oil pool consists of gas, oil, 
and water. There is almost an infinite variation in 
the composition, relative amounts, and properties 
of these fluids in various reservoirs. 

The distribution of gas, oil, and water in the res- 
ervoir depends upon relative buoyancy, relative 
saturation of pore space with each fluid, capillary 
and displacement pressures, as well as the poros- 
ity, permeability, and composition of the reservoir 
rock. In traps that contain gas, oil, and water, the 
fluids lake on a zonal character. Gas, being the 
lightest, fills the pores nearer the top of the trap. 
Below the gas there is a zone in which the pore- 
filling liquid is chiefly oil, and below that, water 
alone occurs, the contact being the oil-water table. 
Where there is gas but no oil, the gas is immedi- 
ately underlain by water and the contact is the 
gas-water table. Interstitial water (adsorbed water 
or wetting water which lines the pore walls) is 
present throughout the reservoir, occupying from 
a few to about 50%, but generally between 10 and 
30%, of the pore space. The amount of interstitial 
water in a petroleum reservoir is commonly meas- 
ured in percentage of effective pore space and is 
known as the water saturation. 

Oil-field waters are waters associated with oil 
and gas pools. They may be classified as meteoric 
waters, connate water, and mixed water. Most oil- 
field waters are saline, except at shallow depth. 
See Oil-field waters. 

Oil saturation is the amount of oil contained in 
a petroleum reservoir. It is measured as a percent- 
age of the effective pore space. 


Gas volume, or natural gas content of a petro- 
leum reservoir may range from small quantities 
dissolved in oil up to 100% of petroleum content. 

Natural gas may be classified as associated when 
it occurs with oil, and as nonassociated when it 
occurs alone. The natural gas in a reservoir may 
occur as free gas, as gas dissolved in oil, gas dis- 
solved in water, or as liquefied gas. See Natural 
CAS; Oil and gas wells; Petroleum reservoir 
ENGINEERING. [d.D.C.] 

Bibliography: G. D. Hobson, Some Fundamen- 
tals of Petroleum Geology, 1954; C. G. Lalicker, 
Principles of Petroleum Geology, 1949; K. K. 
Landes, Petroleum Geology, 2d ed., 1959; A. I. 
Levorsen, Geology of Petroleum, 1954; W. L. Rus- 
sell, Principles of Petroleum Geology, 1951 ; E. N. 
Tiratsoo, Petroleum Ghology, 1952. 

Petroleum microbiology 

Those aspects of microbiological science and en- 
gineering of interest to the petroleum industry, in- 
cluding the role of microbes in petroleum forma- 
tion, exploration, production, manufacturing, and 
storage. 

Petroleum formation. Dead marine microor- 
ganisms comprise much of the sedimentary mate- 
rial from which petroleum is formed. Other bac- 
teria, such as Pseudomonas, Achromobacter, De- 
sulfovibrio, and Flavobacterium species, modify 
the organic nature of this material. The extent to 
which they actually convert organic .sediments to 
petroleum hydrocarbons is uncertain, because this 
has noti^et been demonstrated in the laboratory. 

Potroloum exploration. Many microorganisms 
are able to employ hydrocarbons as a carbon 
source, converting them either to carbon dioxide 
and water or to intermediate organic compounds. 
The soil above a petroleum reservoir may contain 
gaseous emanations, such as methane and ethane, 
from the reservoir, and it is believed that these 
may be detectable by the concentrations of certain 
hydrocarbon-utilizing bacteria (Methanomonas spe- 
cies) in the soil, or by the growth of suitable cul- 
tures planted there. Such exploration techniques 
have been intensively investigated, but their suc- 
cess remains questionable. 

Petroleum production. Microorganisms {Creno- 
thrix, Beggiatoa, Pseudomonas) are frequent and 
costly contaminants of drilling fluids and of sec- 
ondary recovery injection waters; and chemical 
agents, like formaldehyde and quaternary am- 
monium compounds, are necessary for their con- 
trol. Bacterial corrosion of iron pipe, particularly 
buried pipe, by Desulfovibrio species is a major 
problem in the petroleum industry. It is generally 
treated by protective coatings or by cathodic pro- 
tection. Bacterial deterioration of refined petroleum 
products in storage, of asphalt and asphalt coat- 
ings, and of oil emulsions used with cutting ma- 
chinery are also industrial problems. [e.j.be.] 

Bibiiography: E. Beerstecher, Jr., Petroleum 
Microbiology, 1954. 



Petroleum processing 

The recovery and processing of various usable frac- 
tions from the complex crude oils. The usable frac- 
tions include gasoline, kerosine, diesel oil, fuel oil, 
asphalt, lubricating oils, and many others. 

The petroleum refining industry is one of the 
largest manufacturing industries. Over 11,000,000,- 
000 are spent each year in the United States for 
capital equipment, maintenance and modernization. 
Almost $800,000,000 were spent in the United 
States for new equipment and facilities in 1958. 

The United States alone produced 3,950,000 bar- 
rels of gasoline per day (bbl/day) in 1958. In addi- 
tion, the following products were produced in the 
quantities shown: middle distillate (including ker- 
osine, diesel oil fuels, and others), 2,090,000 bbl/- 
day; residual fuel oil (for heating purposes). 


Table 1. Refining capacities in the free world* 


Rcftning capacity 
(crude oil charged) 


Kei?ion or country 

Jan. 1. 1958 

Jan. 1, 1959 (prI 

1! ailed SIhIcs 

9,800,000 

9,998,000 

r.ariuda 

810,000 

1,010,000 

Latin Ainericn 

2,640,000 

2.995.000 

Kuropp 

3,025,000 

3,575.000 

Middle East 

1,265,000 

1,540,000 

Kar East 

1,090.000 

1,150.000 

A I'rira 

100,000 

125,000 


18,730,000 

20,393,000 


SOURCE. World Oil, Feb. 15, 1958. 

* r.rude oil charging capacities in barrels per day. 


Table 2. Capacities of refining operations* 


Free World 
(other than 


Operation United State.8 U.S.) 


Thermal cracking 1,00.5,000 2,350,000 

Thermal reforming 210,000 45,000 

Catalytic cracking 4,150,000 1,025,000 

Catalytic reforming 1,625,000 320,000 

Asphalt production 425,000 80,000 

Lubrication oil production 200,000 57,000 


source: Pelroleum Refiner, September, 1958. 

• In barrels per day, Jan. 1, 1958. 

Accurate data is not available for the Communist 
World. 
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1.500.000 bbl/day; all other products (including 
waxes, lubricating oils, asphalt, coke, and others), 

1.590.000 bbl/day. 

Crude oil is a mixture of many different hydro- 
carbon compounds of the paraffin type (wax com- 
pounds) and of the naphthene type (asphalt com- 
pounds), making the chemistry of petroleum re- 
fining extremely complex. The refining processes 
can be grouped under three main headings: 

( 1 ) separating the crude oils to recover the desired 
products; (2) breaking the remaining large chemi- 
cal compounds into smaller chemical compounds 
by cracking; (3) building the desired chemical 
compounds by chemical reactions, such as poly- 
merization, reforming, alkylation, and isomeriza- 
tion. 

Refinery products, such as gasoline, kerosine, 
diesel oil, and others, are not pure chemical com- 
pounds but mixtures of chemical compounds. Some 
of the hydrocarbon compounds contained in gaso- 
line are shown in Table 3 along with the individual 
specific gravities, molecular weights, and normal 
boiling points.' 

A simplified flow sheet of refinery operations is 
.shown in Fig. 1. By means of distillation a typical 
crude oil may be separated quite easily into many 
fractions of raw products. Some of these are shown 
in Table 4. 

A more complex flow sheet of a refinery for light 
oils is shown in Fig. 2. Here are included the crack- 
ing equipment, reforming equipment, extraction 
units, polymerization units, and other facilities. 
Figure 3 is a schematic diagram of a refinery for 
producting lubricating oils. 

Separating the crude oil. There are two prin- 
cipal separating procedures not involving cracking 
— topping of crude oil, and lubricating oil process- 
ing. Both of these procedures include oombinations 
of several operations, such as distillation, centri- 
fuging, filtration, and treating processes. 

Topping, or distilling, the crude oiL The crude 
oil is desalted and dehydrated, then passed through 
heaters where the temperature is raised to about 
650°F, at which temperature all of the gas, gaso- 
line, kerosine, and light fuel oil fractions are in the 
vapor phase. This vapor and liquid mixture enters 
a large distillation tower about one-third the dis- 
tance up from the bottom as shown in Figs. 1 and 2. 


Table 3. Some chemical compounds found In gasoline* 


Name 

Formula 

Molecular 

weight 

API gravity 

Normal boiling 
point, ®F 

Research 
octane number 

n-Pentane 

C»Hn 

72 

92.7 

97 

62 

n-Hexane 

C,H.4 

86 * 

81.6 

158 

25 

n-Heptane 

CrH„ 

100 

74.1 

209 

0 

n-Ociane 

C,H,. 

114 

68.7 

260 

-19 

n-Nonane 

C,H«, 

128 

64.6 

310 

-34 

fi-Decane 

CioHm 

142 

61.3 

343 

-53 

n-Endecane 

C,.H,4 

1.56 

58.0 

367 

-60 


Only the straight-chain paraffin hydrocarbons are shown here to indicate the range. Actually the gaaoltne 
contains also branched-chain paraffins, alkenes, naphthenes, aromatics, and other compounds. 
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Into the bottom of the tower about 1 2 Ib of steam 
per gallon of crude oil are usually introduced to 
make the separation easier. From the top of the 
tower some gases are evolved and sent to units 
processing light ends. The next higher-boiling frac- 
tion is the gasoline, followed successively by the 
kerosine, the gas oil, the cracking stock, and the 
lubricating distillate. Below the feed entrance a 
fraction called the residuum is removed. 

The temperature of the feed to the tower depends 
considerably upon the ultimate plans for the re- 
sidual oil. If this residual oil is to be processed fur- 
ther for the manufacture of lubricating oils, the 
feed is not heated to so high a temperature. 

Each of the streams from the distillation unit 
must be treated further before it can be sold. The 
gasoline fraction is treated, then blended with 
other stocks. Finally, certain chemicals called addi- 
tives are added to the stream to improve its proper- 
ties. See Distillation ; Fractionating column. 


Table 4. Some fractions obtained from crude oil 


Fraction 

Carbon 

atoma 

Molecular 

weight 

API 

grovity 

Boiling 

range, 

Gas 

1-4 

16-58 

0.38 -0.58 

-259-31 

Goaoline 

5-12 

72-170 

58-62 

31-400 

Karoaine 

10-16 

156-226 

40-46 

356-.‘>25 

Gas oil 

15-22 

212-294 

.34-38 

.500-700 

Lube oil 

19-35 

268-492 

24-;i0 

640-875 

Reaiduum 

36-90 

492-1262 

8-18 

875 


Lubrirating oil processing. The most important 
property of lubricating oil is its viscosity. The lube 
fraction produced in the vacuum distillation col- 
utnn contains some hydrocarbons that give the oil a 
poor viscosity-temperature characteristic. In addi- 
tion, the lube oil fraction has poor oxidation resist- 
ance and contains wax and other impurities which 
must be removed. Consequently, the lubricating oil 
fraction must be treated to remove or to reduce the 
concentrations of the following: free-carbon-forni- 
ing material, low viscosity-index materials, wax, 
unstable compounds which may decompose to form 
asphaltic substanf:es or coke, and chemicals that 
affect the color of the lube oil products. 

The flow sheet shown in Fig. 3 describes a proc- 
ess for the production of lubricating oils. Not only 
the lubricating fractions but also a portion of the 
residuum fraction is used to make the lubricating 
oils. In this case, the residuum is treated with a 
solvent to remove the asphaltic material. The de- 
asphalted residuum is further extracted along with 
the other lubricating oil fractions, dewaxed, acid- 
treated, clay-treated, blended with additives, and 
then sent to storage. 

The solvents used for deasphalting include fur- 
fural, cresylic acid, phenol, sulfur dioxide, chlorex. 
nitrobenzene, propane, benzene and many others. 
Since the solvent must be removed from the oils 
after the extraction, elaborate distillation equip- 
ment is required. The oils are freed from the final 
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Fig. 2. Schematic diagram of a refinery for light oils (mainly gasolines, kerosine, and distillates). 


trares of solvent by steam stripping or vacuum 
flashing. Quite often the solvent is more expensive 
than the oil being treated, so that from the stand- 
point of economy alone, all of the solvent must be 
recovered. More importantly, the solvent itself may 
have properties detrimental to the finished oil when 
present in trace amounts. 

Distillation. All distillation processes are essen- 
tially the same. The factors to be considered for 
different types of distillation processes include the 
sensitivity of liquid with respect to heat, the specifi- 
cations of the product, and the boiling range of the 
feed. 

In topping or skimming procedures, the crude is 
heated to a certain temperature and fed to a distil- 
lation tower where the product fractions are re- 
moved at various heights along the column. Fig- 
ure 1 includes a schematic diagram of such a 
separation. 

Stabilization is the distillation process that re- 
moves the lighter hydrocarbons (usually the dis- 
J^olved gaseous hydrocarbons) from the particular 
fraction being processed. Here the feed is heated 
and sent to a fractionation column, where gases are 
removed overhead and the stabilized product at the 
bottom. In natural gasoline stabilizers, 40-60 plates 
are required in the distillation column to remove 
the dissolved propane and lighter hydrocarbons. In 
the stabilization of pressure distillate the feed is 
heated to a much higher temperature since less pro- 
pane and butane are present. 


Steam distillation is used to increase the amount 
of distilled product obtainable at a fixed feed tem- 
perature. The feed stock is heated to approximately 
,S50-660"F in the presence of a large amount of 
steam. The effect of .steam is to reduce the boiling 
point by partial pressure effects. The boiling point 
of a material can be reduced either by reducing the 
total pressure or by adding an inert gas such that 
the same total pressure will be partially due to the 
inert gas. 

Vacuum distillation is used for the redistillation 
of the pressure distillate, lube stock, topped crudes, 
and other fractions. Lubricating oil, for example, is 
thermally sensitive and partially decomposes if ex- 
posed to high temperatures. Therefore the distilla- 
tion is done under a high vacuum to take advantage 
of the lower temperatures required at the lower 
operating pressures. Sometimes, high vacuum is not 
sufficient, and it is necessary to combine vacuum 
distillation with steam distillation in a combination 
unit. Ill this case, steam is added to the distillation 
column operating under the vacuum. The amount 
of steam required will vary, of course, but may be 
as high as 1 or 2 Ib/gal of oil processed. The dry 
vacuum distillation processes have the advantages 
that smaller towers are required for a given 
throughput. In addition, smaller condensing equip- 
ment is required. 

Centrifugation. The centrifuging process for de- 
waxing lube stocks is being replaced rapidly hy 
solvent dewaxing processes. However, many can- 
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Fig. 3. Schematic diagrom of a refinery for lubricating 
oils (from W. i. Nelson, Petroleum Refinery Engineering, 
4fh ed., McGraw-Hill, 19581 


trifuging process^ are still in operation. In this 
process the lube stock is mixed with about 50-80% 
naphtha and chilled to some low temperature. If 
the pour point of the finished oil is to be 20° F then 
the stock is chilled to approximately — 10°F; for a 
pour point of 0°F it is necessary to chill to — 40°F. 
The cold solution is fed to a centrifuge where the 
wax is separated from the oil. The capacity of one 
of these centrifuges may be as high as 75-100 
bbl/day of oil. The centrifuges operate at around 
16,000 rpm and require approximately 1 kw of 
power. See Centrifugation. 

Filtration. This is also an important operation in 
the refining of petroleum. Regular gravity-type set- 
tlers are used wherever possible, but occasionally 
the solids are too finely divided to settle. There are 
many types of filters used for the removal of finely 
divided clay from treated stocks in the clay-contact 
process. These filters are classified as filter presses, 
leaf filters, rotary filters, and others. See Filtra- 
tion. 

Breaking the large molecules. The major prod- 
uct from the refinery is the motor fuel (gasoline). 
Of course kerosine, diesel oils, jet "fuels (mostly 
kerosine fraction), and others are extremely im- 
portant also. However, each barrel of oil charged to 
the distillation tower has a given fraction of gaso- 
line. This vari^ but on the average is not over 20% 
of the total volume of crude. If more gasoline than 
this 20% obtainable by distillation is desired, and 
it almost always is, it is necessary to resort to other 


means th/n straight separation to get more gaso- 
line. This can be done either by recombining the 
gaseous, or lighter, molecules ( polymerization ) , or 
by breaking down the heavier molecules (crack- 
ing). 

Cracking. Table 3 shows that gasoline molecules 
seldom contain more than 11-12 atoms of carbon. 
The crude oil, however, contains many molecules 
consisting of more than .58-60 atoms of carbon. The 
heavy naphtha fraction and the kerosine and gas 
oil fractions, for example, all contain large mole- 
cules compared with the gasoline fraction. In order 
to use these fractions for gasoline production, the 
long or large molecules must be broken into smaller 
ones of the gasoline type. This process is called 
cracking. 

The cracking may be done either by thermal 
means (maintaining the heavy fractions at high 
temperatures) or by catalytic means. In thermal 
cracking the charge stocks are usually light and 
heavy gas oils, residual oils, or any of the topping 
column fractions heavier than the gasoline fraction. 
The resulting gasoline yields depend upon the com- 
position of the charge stock but will range from 
15 to 40% by volume of gasoline (100-400°F boil- 
ing range). 

In catalytic cracking the fraction to be cracked 
is contacted with a catalyst under lower pressure 
conditioif^ than in thermal cracking, although the 
temperatures are still almost as high. Catalytic 
cracking gives much better yields of gasoline, lower 












carbon formation, and a gasoline of much higher 
octane number. 

About 80% of the cracking capacity in use in the 
United States today is of the catalytic type. See 
Cracking. 

Rebuilding the desired chemical compounds. 

The saturated straight-chain paraffins shown in 
Table 3 have very low octane numbers. These com- 
pounds can be altered, however, by chemical reac- 
tion to yield a different kind of molecule with much 
higher octane characteristics. In general, the 
straight paraffin compounds have the lowest octane 
rating and the aromatic compounds (benzene 
family) have the highest. The olefins and the naph- 
thenes have intermediate octane numbers. 

Below are some of the forms of a six-carbon-atom 
hydrocarbon and their research octane numbers 
(RON). All these forms, and many others, are 
found in the gasoline fraction. It is possible to con- 
vert hexane (RON = 24.8) into benzene which has 
an octane number of over 100. 

H H H H H H 

I I I I I I 

H- C ~ C— C— O C— C-H 

I I I I I I 

H H H H H H 

n-Hexanc, GeH^ (straight- 
chain paraffin) RON = 24.8 

H H H H H 

I I I I I 

H -C C C -C -C— H 

III I 

H H H H 

H— C— H 

I 

H 

2-Methylpentane or isohexane, Cellu 
(branched paraffin or isoparaffin) RON = 73 


H H H H H H 

.Ill'll 

H— C --C— C— C— C=C 

I I I I I 

H H H H H 

1 -Hexene, CeHia (olefin 

or alkene) RON * 80 

H 

H C H 

i Lh 
H^V 

Benzene, CeHe (aromatic) 
RON » over 100 


H 

i 


H 


H 


H '\ / 

C 


\ 


H 

H 

H 

H 


\ 


I 

H 

Cyclohexane, C 6 H 12 
(naphthene) RON - 83 


Among the many processes used for altering the 
chemical structure of the molecules arc the follow- 
ing; 
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1. Hydrogenation is used mostly for producing 
saturated hydrocarbons from unsaturated ones. 
During World War II, this process was .used for 
making isooctane from isooctene. More recently 
this process has been used almost exclusively for 
desulfurization processes. 

2. Dehydrogenation is the removal of hydrogen 
from a molecule. For example, 1-hexenc may be 
made from n-hexane. This reaction often results in 
increased octane number. 

3. Aromatization yields aromatic type hydrocar- 
bons from other types, as benzene from hexane or 
cyclohexane. Aromatization and isomerization pre- 
dominate in the reforming operation. 

4. Cyclization is the transformation of a hydro- 
carbon of the chain type to one of the ring type; 
for example, making methylcyclohexane from 
n-heptane. 

5. Isomerization is the rearrangement of the 
atoms in a molecule, such as n-hexane, to form an 
isomer, such as isohexanc. In 1958, the isomeriza- 
tion rapacity in the United States refining industry 
was about 30,000 bhl/day, but this promises to be a 
rapidly expanding process in the industry. 

6. Polymerization involves two or more mole- 
cules in a building process. For example, propene 
and the butenes, which are present in the gases of 
thermal- or catalytic-cracking operations, are poly- 
merized to form a larger liquid molecule with a 
high octane number: 

CH3-=CHCH2 + CHsCHsCH^CHj-?^^^ 

Propene 1 -Butene 


CII»=CHCHaCH2CHCH, 

5-Methyl- 1 -hexene 

At the present lime, the catalytic polymerization 
capacity in the United States is over 140,000 
bbl/day. 

7. Alkylation also makes use of two or more 
molecules in the reaction. This process u^es an iso- 
paraffin, such as isobutane, and an olefin, such as 
ethvlene, to yield a larger molecule with a high 
octane number, 2,2-dimethylbutane, in this case: 


CH2-CH2 + CH3CHCH3 

I 

CH, 

Ethylene Isobutane 


He&t or 

1 

catalyst 


CH3 

I 

CHjCCHjCH, 


CH» 

2,2-Dimethyli: 

butane 


This reaction uses only one-half as many of the ex- 
pensive olefin molecules as the polymerization 
process. In 1959 the alkylation cafiacity in the 
United States was over 360,000 bbl/day. This is 
also a fast-growing portion of the refining industry. 
See Alkylation ; Aromatization ; Hydrogena* 
tion; Isomerization; Octane number; Reform- 
ing (petroleum refining). 

Treating procesees. Both the crude oil and the 
petroleum products must, on occasion, be treated to 
remove undesirable impurities or to improve the 
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properties of the product. The important treating 
processes are desalting and dehydrating, sweeten- 
ing and desulfurization, acid treatment, clay-con- 
tact adsorption treatment, vapor- phase treatment, 
and solvent treatment. Some of these processes are 
used both on the crude oil and on the products, 
whereas others are used on only one or the other. 

Desalting and dehydration of the crude oil. The 
salt content of the crude oil which enters the re- 
finery may he as high as 4 or 5%, and the water 
content may be much higher than the equilibrium 
amount because water is present as an emulsion. 

Because of the high temperatures of the heater 
tubes, the introduction of the wet crude into the 
heaters would be dangerous. In addition, the salt 
would precipitate onto the tube walls, reducing the 
rate of heat transmission and thereby the efficiency 
of the heaters. 

Many processes are available for the removal of 
both the salt and the water from the crude oil. 
These are grouped into four types as shown in 
Table 5. 

The crude oil (containing the salt and the oil) 
is heated, an emulsion breaker is added, and the 
resultant mass is settled, or even filtered, to remove 
the salt and water phase from the oil phase. 

Sweetening and desulfurization. Siru*e the origi- 
nal crude oils contain some sulfur compounds, the 
resulting gasolines and <qher products also contain 
.sulfur compounds, including hydrogen sulfide, mer- 
captan.s, sulfides, disulfides, and thiophenes. 

The processes u.sed to sweeten, or desulfurize, 
the products depend upon the type of sulfur com- 
pounds present and the sfiecifications of the fin- 
ished gasoline or other stocks. 

Mercaptans are removed or converted into less 
undesirable disulfides in these ways: 

1. Mentaptan removal: (o) Unisol process uses 
an alkaline solution of methyl alcohol, (6) Solu- 
tizer processes use sodium hydroxide along with 
minute amounts of sodium isobutyrate, and (c) 
Mercapsol proce.ss u.ses an alkaline .solution of 
naphthenic acids and phenols. These are regenera- 
tive solution processes. 

2. Mercaptan conversion (oxidation to disul- 
fides) : (a) lead sulfide doctor sweetening, (6) 
copper chloride-oxygen sweetening, (c) sodium hy- 
pochlorite sweetening, and (d) copper sweetening. 

3. Hydrogen sulfide removal by regenerative .so- 
lution processes using aqueous .solutions of the fol- 


Table 5. Desalting and dehydrating methods 


Method 

Temper- 
ature, °F 

Type of treatment 

Chemical separation 

140-210 

0. 0,5-4% solution of 
(illpap in water 
O.S-,5% solution of 
soda ash in water 

Electrical separation 

1.50-200 

10.000-20,000 volts 

Gravity separation 

180-200 

Up to 40% water 
added 

Centrifugal sepa- 
ration 

180-200 

Up to 20% water 
added (sometimes 
no water added) 


lowing: (a) sodium hydroxide, (6) calcium hy- 
droxide, (c) trisodium phosphate, and (d) sodium 
carbonate. 

Catalytic desulfurization is u.sed to convert the 
sulfur to hydrogen sulfide, which is removed later 
by one of the above processes. 

Acid treatment. This process removes the color- 
ing materials from base stocks. Lubricating oils 
made from paraffin base crudes do not require acid 
treatment, while distillates from the mixed and 
asphalt types of crudes generally are refined with 
acid. A 93% solution of sulfuric acid (66 Beaume 
acid) is most commonly u.sed in acid treating. 
Sometimes a more dilute acid is used, especially 
when treating is done for color removal only; oc- 
ca.sionally a 98% acid is used for lubricating 
stock.s. 

The amount of acid used will vary with the type 
of crude and with the specification of the product. 
For example: (1) natural gasoline, 2 lb of acid per 
barrel of product (the process is commonly run at 
7(>-90°F) ; (2) straight-run gasoline, 3 5 lb of 

acid per barrel of product ( 70-90° F) ; kerosine, 
up to 20 lb of acid per barrel of product (90- 
130"’F) ; lubricating oils, 0- .50 lb of acid per barrel 
of product. The oils from Pennsylvania crudes re- 
quire little or no acid treatment, mixed base crudes 
up to 20 Ib/bbl and the asphaltic crudes require 
up to ,50 Ib/bbl (120-180°F). 

The acid and the product being treaffed are agi- 
tated so that there is intimate contact between 
them. Some of the acid-treatment processes require 
1 minute or less of contact time between the acid 
and thff material being treated. Kerosines may re- 
quire as much as 30 min contact time, while the 
lubricating stocks may require 1-2 hours. Continu- 
ous processes are in use today and contact time is 
being shortened considerably. 

Cday-rontact adsorption treatment. The use of 
clay treating for the purification of oiLs was known 
as early as 1822. Percolation filtration was ideally 
suited for the slight decolorization required by the 
Pennsylvania oils. The term percolation is applied 
to the filtering method in which the oil is passed 
through a bed of granular adsorbent clay. 

Contact filtration makes use of a direct agitation 
of a very fine clay with the oil at elevated tempera- 
tures for a given time. 

During the clay treatment the oils are neutral- 
ized and decolorized by the removal of the sus- 
pended matter. The decolorization of oil is an ad- 
.sorption process in which the asphaltic and resin- 
ous chemicals of the oils are adsorbed on the sur- 
face of the clay particles. 

The oil is mixed with the clay in the ratio of 
20-80 lb of clay per barrel of oil (that is, from 
5-30% of the weight of the oil). The commonly 
used clays are fuller’s earth, bentonite, bauxite and 
alumina, and activated alumina. 

After the oil and clay are mixed, the slurry 
formed is solvent-treated, using propane as solvent. 
After ^Ivent treatment the resultant mixture is 
heated to the treating temperature (which may 



range from 200-600®F depending on the nature of 
the original oil ) . The propane, moisture, and reac- 
tion products are removed in a vacuum stripper, 
and the oil is cooled and filtered. The oil is sent 
through additional filtering operations and then to 
storage. Before the oil is sold, additives are added 
to give the oils certain desired properties. The clay 
is reactivated in a clay regenerative furnace. See 
Adsorption. 

Vapor-phase treatment. In this process, gum- 
forming compounds in the gasoline vapor are re- 
moved by adsorption onto clay materials. It is a 
low-cost treatment, as over 25,000 barrels can be 
treated per ton of clay before clay reactivation is 
necessary. The vapors from the cracking unit enter 
the treating tower (often called a polymerizer) 
near the top and flow downward through a packed 
clay bed. Polymerization occurs in the lower, and a 
polymer liquid containing a large percentage of 
gasoline collects at the bottom. The vapor passes to 
the condensers as finished gasoline except for the 
sweetening process. The polymer is drained from 
the tower and the gasoline recovered in a separate 
tower. 

The use of gum inhibitors has t<» a great extent 
obviated this vapor-phase treatment. 

Solvent treatment in petroleum refining, llndc- 
sired constituents may also be removed by selec- 
tive solvent extraction. Tn this case a liquid that 
will selectively dissolve the undesired constituents 
is added to the oil. The solvent processes may be 
divided into tw^o main categories, solvent extraction 
and solvent dewaxing. 

The solvents used in the extraction processes in- 
clude the following: propane and cresylic acids, 
2 . 2 '-dichlorodiethyl ether, phenol, furfural, sulfur 
dioxide, benzene, and nitrobenzene. 

Tn the dewaxing process, the principal solvents 
arc benzene, methyl ethyl ketone, propane, petro- 
leum naphtha, ethylene dichloride, and sulfur di- 
oxide. 

Before the solvent-extraction processes were de- 
veloped, only a few types of crudes were consid- 
ered to be good “lubricating oil” crudes. By using 
these solvent processes the original properties of 
the crudes can be changed so greatly that almost 
any crude will make good lubricating oils. 

The early developments of solvent processing 
were concerned with the lubricating oil end of the 
crude. Solvent-extraction processes are being ap- 
plied to many useful separations in the purifica- 
tions of gasoline, kerosines, diesel fuel, and others. 
In addition, solvent extraction may replace frac- 
tionation in many separation processes in the re- 
finery. For example, propane deasphalting ha^ re- 
placed, to some extent, vacuum distillation ag a 
means of removing asphalt from reduced crudes. 

Solvent extraction; see also Oil analysis; 
Petrochemical; Petroleum; Petroleum prod- 
^^cts. [J-J-m.! 

Bibliography: W. L. Nelson, Petroleum Refinery 
Engineering, 4th ed., 1958; Petroleum Refiner 
Process Developments^ published September odd- 
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numbered years; Petroleum Refiner Process Hand^ 
hook, published September even-numbered years; 
P. A. Washer, Fundamentals of General Refinery 
Practices. 

Petroleum products 

Most crude petroleum is useful only as a raw ma- 
terial for the manufacture of a large number of 
products such as fuels, lubricants, paving material 
and base compounds for chemical manufacture. It 
is not unusual for a large oil company to list 200 - 
1000 products for sale. 

Major products. A normal crude oil will con- 
tain thousands of hydrocarbons, ranging in molec- 
ular weight from that of methane, CH|, the chief 
constituent of natural gas with molecular weight of 
12 , to those of asphaltic compounds with apparent 
molecular weights of about 50,000-100,000. During 
refining, such a crude oil is first distilled into frac- 
tions which cover its boiling point range. The low- 
est-boiling fraettions are the normally gaseous hy- 
drocarbons. methane, ethane, propane, and the 
butanes. Methane is used as a fuel ; the others are 
used as chemical raw materials or as constituents 
of licpiefied petroleum gas sold in cylinders. 

The hydroc arbons from pentane to dodecane (C 5 
to C 12 ) go into gasoline motor fuel, and this prod- 
uct, in all its varieties, lakes about 45% of the 
crude oil supply of the world. Gasolines for recip- 
rocating engines cover a considerable I'ange of 
chemical composition, with corresponding varia- 
tions in properties, the more important being vola- 
tility and resistance to knocking. Minor uses of 
gasoline hydrocarlions are cigarette lighter fluids, 
spot removers, dry-cleaner’s naphthas, and paint 
solvents. 

Another 45% of the crude oil is used also for 
fuel manufacture: kerosine for lamps and stoves, 
diesel engine.s, and house-heating furnaces; mix- 
tures of gasoline and kerosine for jet engines; gas 
oil foi diesels, house healers, and special industrial 
jobs; heavy residual oils for steam generation, for 
propelling ships, and for heavy industry such as 
cement and steel manufacture. The composition of 
the hydrocarbons in kerosine overlaps that of the 
heavy end of the gasoline fraction in hydrocarbon 
content, lying at about Cio to Cm; the hydro- 
carbons in conventional gas oil extend from about 
Cii to C 20 ; and heavy fuel oil may contain hydro- 
carbons up to €?(» or Cso- Asphalts are composed 
of still more complex and essentially nonvolatile 
substances together with complex compounds of 
sulfur; nitrogen, and oxygen which are largely 
hydrocarbon in character. 

Minor products. The above major products 
make up 90% of the output of the oil industry. 
The remaining 10% is divided into a wide variety 
of materials, the most important being the lubri- 
cants. These extend from very light, low-viscosity 
liquids employed for high-speed machinery such as 
spinning and weaving equipment, through very 
viscous oils for reciprocating steam engines to 
semisolid and even solid lubricating greases. 
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CRUDE j 

petroleumI 


Hydrocarbon 


f LiQUBriBD OASBs*— C Motol outtiog gan. Illumination goM 

PBmOUSUM BTHBB 

POLYMBiis CAotiknook fuela. Lubricating oila 

AiiCOHOLa, BaTBaa. bbtonbo Solventa 

r Aldafaydea C Retina 

I Acetic acid C Eaters 


acbtylbnb- 


Synthetic rubber 
.Acetylene black- 


GA8 BLACK 

PURL OA8 

Flight NAPirrHAe- 


-CRubber tires. Inks. Paints 


-C Batteries 


r NAPHTHA»- 


Llght 

dUlillotas 


Light naphthas- 


Intermediate naphthas — 


RBPINBD OILS- 


Llleavy naphthas- 

r Refined keroaine 

I Smnal oil 

L Mineral seal oil- 


intermediate , 
diitlllotes 


Gas machine gasoline 
LPontane. Hexane 
pAviation gasoline 

Motor gasoline F Rubber solvent 

Commercial solvents — I Fatty oil solvent (extraction) 
Blending naphtha LLacxiuer diluents 

Varnishmakera and painters naphtha 
Dyers and cleaners naphtha 
LTurpentine substitutes 

-CStove fuel. Lamp fuel. Tractor fuel 
-□Railroad signal oil. Lighthouse oil 


C Coach and ship illuminanta. Gas absorption oils 


LABSORBRn OIL- 


pWater gas carburetion oils 
Metallurgical fuels 

Cracking stock for gasoline manufacture 
Household heating fuels 
Light industrial fuels 
L.Diesel fuel oils 

-□Gasoline recxivery oil. Benxol recovery oil 

FTree spray oils 


PWhite oils- 


Hsavy 

distillates 


J PABAPPIN WAX- 


TBCHNICAL OILS- 


>LUBBTCATINa OILS- 


Sa titrating oils — 
Elmulsifying oils- 
Electrical oila 




Technical- 


PBTBOLRUM OBBARB- 


BBSIDUAL PURL OIL- 


Bakers machinery oil, Fruit packers oil 
Candymakers oil 
I Egg packers oil 

Lsiah oil 

Medicinal — r*“^*'*^”“* lubricant. Salvos, Crnnms, Oinl- 
L ments 

□ Wool oils, Leather oils. Twine oils 

□ (Cutting oils, Textile oils. Paper oils. Leather oils 
□Switch oils. Transformer oils, Metal recovery oils 

LFlotation oils 

pCandymakers and chewing gum wax ^ 

Candle wax, Laundry wax, Sealing wax. Etchers wax 

Saturating wax. Insulation wax □Match wax. Cardboard wax, Paper wax 

Medicinal wax 
Canning wax 
Paraflow 

Fatty acids □Grease, Soap, Lubricant 

Fatty alcohols'! 

L. and sulfates J 
'Light spindle oils 
Transformer oils 
Househidd lubricating oils 
Compressor oils 
Ice machine oils 
Meter oils 
Journal oils 
Motor oils 
Diesel oils 
Engine oils 
Steam cylinder oils 
Valve oils 
□Turbine oils 

[ Medicinal 
Tech nice I- 


-□Riillbor compounding. Detergents, Welting agents 


Dust-laying oils 
Tempering oils 
Transmission oils 
Railroad oils 
Printing ink oils 
Black mis 
Lubricating greases 


Retidusc < 


STILL WAX- 


[ Wood preservative oils 
Boiler fuel 

Gas manufacture oils 
Metallurgical oils 
□ Roofing material 
P Liquid asphalts'! 

Binders I 

Fluxes J 


“Salves, Creams, and Ointments 
.Petroleum jelly 
“Rust-preventing compounds 
Lubricants 

.Cable-coating compound 


ASPBALTS- 


Steam-rediiced asphalts — 


□.Oxidized asphalCs- 


-□ Roofing saturants. Road oils. Emulsion bases 

Briqueting asphalts 
Paving asphalts 
Shingle saturants 
Paint bases 
□ Flooring saturants 
pRoof coatings 
Waterproofing asphalts 
Rubber substitutes 
□insulating asphalts 


V.OOKR- 


RsRnsry 


I 817LPONIC ACID 

j BRAVY PUBL OILB- 

Lsulpubic acid 


—□Carbon electrode coke. Carbon brush coke. Fuel coke 
-□Fuel 

t SaponifioalioD agents 
Demulsifytng agents 
Emulsifiers 
—□Refinery fuel 
—□Fertilisers 


* From P. Albert Washer, Texas A. and M. College ExtensioD Division (First Session). 



All petroleums except the condensate crudes 
(very light crudes carried as vapor in deep, high- 
pressure gas reservoirs) contain lubricating oil ma- 
terials, but the lower-grade crudes, for example 
those of the Middle East, are contaminated with 
asphaltic materials and compounds of sulfur and 
nitrogen which cause difficulty and loss in refining. 
Good lubricating stocks can be made from such 
crudes with fair economy, using differential solvent 
extraction. 

Before the development of solvent extraction 
methods, natural petroleums were favored for the 
production of lubricating oils, but they have unde- 
sirable characteristics which show up under severe 
operating conditions. Modern lubricants consist of 
a blend of refined petroleum products supplemented 
by additives — antioxidants, anticorrosion agents, 
dispersant-detergents, improvers of viscosity-tem- 
perature characteristics, and so on. Where liquid 
lubricants cannot serve, oils thickened with soaps 
of sodium, calcium, aluminum, and lithium or with 
oleophyllic solids — modified silicas and bentonites 
— are employed. 

Native asphalts are rarely satisfactory for use. 
They are often more expensive than those made 
from petroleum which have largely replaced the 
native materials because their properties can be 
manipulated by selection of suitable crude oils and 
by noncracking distillation, by oxidation at high 
temperature, by blending, and by use of additives. 
The quantities of asphalt employed for paving, 
roofing, and making molded articles are in the 
ratio 2:1:1. 

Petroleum waxes, recovered in the making of 
lubricating oils from paraffinic crudes, fall in two 
classes: (1) refined waxes, macrocrystalline in 
type, essentially the normal paraffins C^o to C30, 
used in candles, paper waxing, and household 
paraffin wax; and (2) microcrystalline waxes, the 
amorphous waxes of commerce, used widely in pa- 
per sizing, in coating frozen food packages, in in- 
sulation. and in making petrolatums. 

Small quantities of petroleum are used to make 
technical white oils, emulsifier sulfonates, insulat- 
ing oils, insecticides, rubber extenders, hydrogen 
and town gas, synthetic detergents, and intermedi- 
ates for the chemical industry. The raw materials 
vary a good deal but are taken largely from the 
heavier fractions of the crude oil. 

See separate articles on the more important 
products. Sep also Asphalt and asphaltite; Gas- 
oline; Lubricant; Petroleum; Petroleum proc- 
essing. [m.so.] 

Petroleum reservoir engineering 

The applied science concerned with the develop- 
nient and operation of reservoirs for maximum 
economic recovery of oil, gas, or both. It is a com- 
posite technology requiring coordinated applica- 
tion of many special scientific disciplines such as 
physics, geology, chemistry, and mathematics, as 
^ell as other engineering sciences, in the study of 
the complex reservoir systems. 
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The' gross measures of a reservoir as an entity of 
commercial interest arc ( 1 ) the amount of oil, gas, 
or both initially present in the reservoir; (2) the 
rates at which the hydrocarbons can be withdrawn ; 
and (3) the fraction of the original hydrocarbons 
in place which can be economically recovered. 

Oil or gas in piact. The amount initially in 
place can be determined simply as the volume of 
reservoir rock containing the hydrocarbons of in- 
terest times the content per unit volume of rock. 
The former can be obtained by the thickness of the 
productive formation at wells drilled for its de- 
velopment, and the total productive area defined 
and outlined by these wells. The oil or gas content 
per unit volume of rock is essentially given by the 
measured or calculated porosity, reduced by the 
amount of water saturation; from the reservoir 
volume of the hydrocarbons the volume at the sur- 
face can be calculated. The two volumes differ be- 
cause of shrinkage of crude oil on evolution of its 
solution gas or expansion of free reservoir gas as 
its pressure declines to atmospheric. The forma- 
tion thickness, porosity, and connate or interstitial 
water saturation should be considered' as locally 
variable, to the extent that such variations can be 
determined from information obtained at the in- 
dividual wells. 

If the total measured oil-bearing or productive 
area in acres is indicated by A ; the average forma- 
tion thickness of the productive zone, excluding 
nonproductive members such as shales, in feet by 
h; the average porosity by (p; the average water 
saturation by 8^; and the formation volume factor 
of the oil by B^; the initial surface (stock tank) 
oil content in place IV will be given by the equation 

- 775S AAh(p (I -Su,) /Bo barrels ( 1 ) 

For the gas cap of an overlying oil reservoir, or a 
nonassociated gas reservoir, the gas content would 
be determined by the same equation, provided the 
term B,, is replaced by Bg, the volume at reservoir 
conditions of a unit volume of gas at the surface. 
The gas content in cubic feet is obtained by multi- 
plying the calculated volume in barrels by the 
factor 5.6146. For a complete accounting of the 
gas content, that dissolved in the oil (the solution 
gas) is calculated as the oil content times the gas 
solubility at the initial conditions, expressed as 
cubic feet per barrel. 

The material balance equation. The initial. oil 
in place can also be inferred from observations on 
the pressure behavior within the reservoir as oil 
and gas are produced. Making a material balance 
for the gas and oil by interrelating the volumes 
produced with the amounts assumed' to be initially 
present, it is found that N will be given by the 
material balance equation 








Rii — Ri — {Bai — B^/Bf 


(i) 
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where G — initial reservoir volume of free gas phase 
present 

«* net water intrusion volume 
/Vp as cumulative oil production 
Rp ^ cumulative gas-oil ratio (total gas pro- 
duced divided by Np) 

Rb ^ gas solubility in oil 

Gi cumulative gas injection, if any ; subscript 
i elsewhere indicates initial values 

In this equation, N and G are the basic unknown 
constants; Rp and Gi are the actual quantities 
of production or injection; and Rg, /i„ and Bg, as 
well as their initial values, are functions of the 
pressure and can be determined by experiments 
with the oil and gas. is, in principle, a variable 
unknown. 

If it is known that the water intrusion term is not 
of an important magnitude and can be neglected, 
the material balance equation reduces to one with 
the two constant unknowns N and G. Application 
of the equation to two or more time periods for 
which the other terras are known will then permit 
its solution for /V and G. 

If G may be taken as zero, but the water intrusion 
term ITf is not an insignificant factor, calculations 
of N on ignoring will show an increasing trend 
as production continues. This in itself will be strong 
evidence that water encroachment is playing a role 
in the pressure performance. Extrapolation of the 
calculated values of N to the time of initial produc- 
tion will often indicate reasonable values of the 
true magnitude of N, Conversely, if the latter is 
known or can be estimated independently the ma- 
terial balance equation can be inverted to calculate 
the volumes of water encroachment corresponding 
to the production performance. 

Darcy’s law; permeability. The rates at which 
the hydrocarbon fluids can be withdrawn from a 
reservoir depend on the number of wells draining 
the reservoir, the average thickness of the forma- 
tion, and the inherent transmissibility of the reser- 
voir rock for these fluids. The last factor is ex- 
pressed by the term permeability. Its significance 
lies in that it is the coefficient of proportionality in 
the basic physical law governing the flow of fluids 
through porous materials, namely, Darcy’s law 
(5ee Fluid-flow principles). In its generalized 
form, applicable to flow in a direction s inclined to 
the horizontal by the angle 6, it may be expressed 
as 


where u is the volumetric rate of flow per unit area, 
fj. the fluid viscosity, p the fluid density, g the 
acceleration of gravity, dp/ds the pressure gradient, 
and k the permeability. If u is expressed in cc/sec, 
fx in centipoises, dp/ds in atmospheres/cm and 
pg in atmospheres/cm, then k is in darcys. 

The permeability unit, darcy, may be defined as 
the permeability of a porous medium which will 
carry a flow of 1 ml/ (sec) (cm^) of a l-cenlipoise 


(cp) viscosity fluid under a pressure or hydraulic 
gradient of 1 atmosphere/cm. 

In most practical applications it is convenient to 
express the actual permeability in the unit of the 
millidarcy, or thousandth of a darcy, (md). Con- 
solidated producing sands generally have permea- 
bilities in the range of a few to several hundred 
millidarcys. The permeabilities of unconsolidated 
sands and fractured or highly vugular limestones 
often range in the thousands of millidarcys. Tight 
productive limestones frequently have matrix per- 
meabilities even lower than 1 md. 

In the above differential forms of Darcy’s law, 
the permeability k is to be considered as being 
variable from point to point in the medium, if the 
latter is not uniform throughout, even though the 
fluid itself persists as single-phase liquid or gas. 
It may also have different values for different direc- 
tions of flow. The primary variable is the pressure 
p. The validity of Darcy’s law has been established 
by extensive experimentation, although, as most 
linear relationships do, it tends to break down if 
the fluid velocities are indefinitely increased. 
Within such limits, which encompass virtually all 
situations of practical importance, the flow is con- 
sidered to be viscous. 

The permeability defined above is independent of 
the nature of the fluid, provided it occupies the 
whole of the pore space, and depends only on the 
character of the porous medium. Thef viscosity 
and density alone suffice to discriminate between 
one fluid and another. At low pressures, however, 
permeabUities measured for gas flow have been 
found by L. .1. Klinkenberg to be higher than those 
determined for liquid flow, but this effect is of 
minor importance except in laboratory experimen- 
tation on low-permeability materials. 

Perhaps the simplest application of Darcy’s law 
to a problem simulating one of actual oil and gas 
production relates to the steady-state horizontal 
flow into a well bore. Assuming the flow is radially 
symmetrical about the well, it is readily found that 
the pressure will increase as the logarithm of the 
distance from the center of the well. The rate of 
liquid flow is then given by the formula 

2irkh(pe - pw) 

^ ^ 

where k is the permeability, h the formation thick- 
ness, pw the pressure at the well of radius Tw, 
Pe the external pressure at radius r,., p the vis- 
cosity, and B the formation volume factor of the 
liquid. 

In common practical units this equation becomes 
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where k is expressed in millidarcys, h in feet, p in 
centipoises, and pg^Pw in psi. The external radius 
Fe, though not precisely defined, represents the area 
from which the liquid is being drained or that 
where the pressure may be assumed to be p^. 



Ptfrol^um reservoir •n^inMrfng 7S 


For similar steady-state radial flow of gas into a 
well, the rate of flow at 60°F and 1 atmosphere 
is found to be given by the equation 
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where Z represents the average supercompressibil- 
ity or deviation factor of the gas in the reservoir as 
compared to an ideal gas, and Tr is the reservoir 
temperature in °R (Rankine). 

Multiphase production. Actual systems always 
involve more than one fluid phase. Gas and oil and 
water and oil are the most common flow stream 
combinations. But even when gas and oil are flow- 
ing individually as single phases, the presence of 
the immobile connate water must be taken into 
account. 

Experimental studies have shown that the multi- 
phase flow through porous media can still be de- 
scribed by the basic Darcy type of equation, pro- 
vided it is applied to each distinct phase separately 
and the associated permeabilities are considered 
to be functions of the fluid-phase saturations. In- 
dicating the oil, gas, and water phases by the sub- 
scripts o, g, and w, their simultaneous flow in the 
direction s, at angle 9 with the horizontal, will be 
governcid by the equations 
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velocities Wo, 

Ug, 

and Uu, represent 

the volu- 


metric flux rates of the corresponding phases. The 
pressures p are expressed individually, since they 
will change discontinuously across the curved inter- 
faces between the phases. These pressure differ- 
ences are referred to as capillary pressures, and 
may be considered as functions of the phase satura- 
tions, to be measured experimentally, although 
they are determined directly by the interfacial 
curvatures and interfacial tensions. They are often 
ignored in the treatment of large-scale systems, 
but they may be of importance near fluid fronts and 
in regions of rapid change of the fluid saturations. 

Effective and relative permeabilities. The per- 
meabilities Aco, kg and kw are termed effective per- 
meabilities. When expressed as fractions of the 
permeability for a single fluid phase, the absolute 
permeability, they are called relative permeabili- 
ties. The latter are always less than 1, reflectiijg 
the interference of each phase with the flow of the 
others. The saturations, of which they are func- 
tions. are expressed as the fractions of the pore 
space which they occupy, namely, So, Sg and 5«„ 
with a sum always equal to 1. The variation of the 
relative permeabilities with the phase saturations 
is referred to as the permeability-saturation rela- 
tionship, and is illustrated by Fig. 1 for a mixture 
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Fig. 1 . Gas and ail relative permeability curves for a 
Nichols Buff sandstone. (After Botset, AIME Trans.) 

of gas and oil flowing through a Nichols Buff sand- 
stone. 

In interpreting these curves it is helpful to dis- 
tinguish between the gas as the nonwetting phase 
and the oil as the wetting phase, referring to their 
respective tendencies preferentially to adhere to 
and wet the internal solid surface of the rock. It 
then will be observed that the permeability for 
the wetting phase — oil in the case of Fig. 1 — drops 
rapidly as its saturation decreases from 100%, and 
falls to zero long before its saturation vanishes. 
This drop is due to the fact that the initial desatura- 
tion of the wetting phase occurs in the larger pores, 
which contribute more to the permeability than 
their proportional volumetric content. Conversely, 
at higher degrees of desaturation of the wetting 
phase the latter is left in the finest pores and in 
disconnected flow channels —the irreducible satura- 
tion — permitting negligible flow capacity. 

The nonwetting phase — gas — tends to remain in 
a discontinuously distributed state with zero per- 
meability until sufficient saturation — the equilib- 
rium saturation — is built up for continuity to be 
e.stahlished. The larger pore channels so occupied 
then provide a rapidly rising permeability with in- 
creasing gas saturation. Virtually full single-phase 
permeability is achieved at less than complete 
liquid desaturation and while the smallest pores 
are still filled with liquid. 

For the more general case where three phases — 
oil, gas and water — are flowing, it is found that 
whereas the permeability to the wetting phase — 
water usually — is determined only by its own satu- 
ration and qualitatively follows a curve such as that 
for oil in Fig. 1, the relative permeability to th$t oil 
or gas may depend on the distribution as well as 
amount of the other two phases. These effects are 
illustrated in Figs. 2 and 3, showing, in triangular 
plots, the results found for an unconsolidated sand. 
Curves of this type can indicate many of the gross 
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Fig. 2. Curves of constant oil relative permeability in 
flow of oil, gas and water through an unconsolidated 
sand as functions of the fluid saturations. (After Lever- 
ett and Lewis, AIME Trans.) 

features of multiphase fluid flow in the porous 
medium of interest. For example, the nature of 
composite flow streams which can be maintained in 
different saturation ranges is illustrated in Fig. 4. 
It will be seen that simultaneous flow of all three 
phases in significant amounts will occur only in a 
very limited range of fluid saturations. By further 
reference to Figs. 1, 2, and 3 it will be observed 
that the composite permeability in multiphase 
flow will generally be but a nominal fraction of 
that for single-phase flow. 

Computing components of flow. The actual frac- 
tion of any composite flow stream contributed by a 
particular phase can be calculated by combining 
the corresponding Darcy equations. For example, 
when gas and oil are flowing simultaneously the 
fraction fg of the total volumetric flux qt repre- 
sented by the free gas phase is given by 

( 8 ) 

where the terms Ao, A^ are the oil and gas phase 
mobilities, that is, the ratio of their permeabili- 
ties — the effective values — to their viscosities. Pc 
is the capillary pressure pg — po. The correspond- 
ing fraction for the oil phase fg is simply 1 — fg. 
For oil- water flow streams the oil and water frac- 
tions are given by the same equation after appro- 
priate changes in the subscripts. ^ 

Relative and effective permeabilities are of im- 
portance not only in determining the detailed dy- 
namics of the displacement of oil from reservoir 
rocks but also control the absolute flow rates. In 
the above equations for rates of production from 
welk, the permeabilities must be corrected for the 
connate water even if it is in its irreducible state 
and immobile, although the steady-state single- 
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Fig. 3. Curves of constant gas relative permeability in 
flow of oil, gas and water through an unconsolidated 
sand as functions of the fluid saturations. (After Lever- 
ett and Lewis, AIME Trans.) 

phase flow equations will give only approximations 
of the actual flow magnitudes if both gas and oil 
are being produced. 

Energy and producing mechanisms. Two basic, 
though elementary, observations underlicfthe es- 
sential principles of reservoir engineering. The 
first is that movement of viscous fluids such as oil 
through a reservoir rock involves the consumption 
of energy.^Secondly, the withdrawal of oil from an 
oil reservoir requires a replacement of its volume 
in the reservoir space. Considered together these 
simple facts provide the framework for understand- 
ing the various types of oil-producing mechanisms. 

Energy required for movement of oil from a 
reservoir rock into the producing wells may be 
drawn from four sources: (1) reservoir rock com- 
pression, (2) compression of reservoir and sur- 
rounding liquids, (3) compression of solution and 
free gas, and (4) gravity head above levels of 
withdrawals. Their individual importance depends 
not only upon the amount of such energy available 
but also on the effectiveness with which it can be 
used to displace the oil. 

Upon release of the fluid pressure within the 
pores of a reservoir rock with removal of the oil 
and gas, the rock matrix will be subjected to in- 
creased compressive stress and compaction of the 
rock mass. However, in consolidated rocks the 
magnitude of such compaction within the reservoir 
itself will usually be too small to play a significant 
role in the oil expulsion processes. Observable 
and serious compaction has occasionally occurred 
in a few unconsolidated sand reservoirs, but in 
most cases the competence of the Overburden ap- 
parently makes the compaction effects of minor 
importance. 

The eiTpansion of the connate water within a 
reservoir, assuming the water is undersaturated, 
will also generally be a minor factor in oil dis- 
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Fig. 4. Composition distribution of three-phase flow 
streams in an unconsolidated sand as functions of the 
fluid saturations. (After Leveretf and Lewis, AIME 
Trans.) 

plarement. A pressure reduction even as high as 
.‘UlOO psi will lead to an expansion of the water of 
onlv about 1 % . 

Reservoir crudes have compressibilities of the 
order of 15 X 10"^^ per pound per sq. in. (psi), or 
about five times as great as water. Hence, if the 
reservoir oil is under.saturated by several thousand 
psi, its compression energy alone may provide an 
expansion in its volume and displacement into the 
producing wells of a few per cent of the total 
volume of the oil in place. Occasionally oil re- 
coveries in this range may be of economic value. 
Usually, however, the expansion displacement of 
undersaturated oils is only a supplement to produc- 
tion controlled by other mechanisms. 

AT ater-drive reservoirs. The compression energy 
of the water in aquifers which adjoin and are in 
comnuinication with oil reservoirs is often the 
dominant energy source and mechanism for oil 
recovery. These are the water-drive reservoirs. 
Their important characteristics are the volumetric 
f^xient and the continuity of the aquifer and its 
ability to bring water into the oil reservoir fast 
^^nough to push the oil out at commercially profit- 
able rates. 

To the extent that the aquifers may ultimately 
outcrop at levels higher than the oil reservoir, the. 
corresponding hydraulic head would, in principle, . 
provide an artesian drive for displacing the oil. 
Because of the long flow path, however, the rates 
of flow through the aquifer as a whole will usually 
he too low to exert an appreciable influence on the 
reservoir production. On the other hand, it is the 
very large volumes of water in extended aquifers 
ivhich make their compression energy and expan- 
sion potential important factors in oil displace- 
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ment. A circular SO-ft-thick aquifer ol 50 mile^ 
equivalent radius will contain enough water to 
expand some 1,500,000 bbl for each psi of pressure 
reduction. Such levels of volumetric expansion 
could well support and replace the oil withdrawals 
from a great majority of oil-producing reservoirs. 
If the adjoining aquifer is of more limited extent 
or its large-scale continuity is interrupted by fault- 
ing or lithologic barriers, its contribution will be 
correspondingly limited. 

A major phase of the study of a water-drive 
reservoir is the pressure and flow behavior of the 
aquifer itself. If the water compressibility and such 
contributory effects from the rock as may occur is 
taken as a constant r, the water density in the 
aquifer will be governed by an equation identical 
with the classical heat conduction equation, namely 

n VV - ^ ij - k/<pc(i (9) 

To a very close approximation p can be replaced 
directly by the pressure p. 

Solutions of the above equations analytically, by 
electrical network models, or by digital cbmputers 
will show how the pressure in the aquifer will react 
to fluid withdrawals, which, in turn, can be related 
to the oil and gas production in the adjoining oil 
reservoir or the rates of water invasion into the 
latter. Conversely, from observed or assumed pres- 
sure histories at the water-oil boundary the rates of 
flow across the boundary and into the oil reservoir 
can be calculated. The geometrical and physical 
properties of the aquifer, about which advance 
information is often meager, can be determined in 
an empirical sense by trial and error adjustments 
so as to make the predicted pressure behavior 
match that observed in the course of producing the 
oil reservoir. 

Many studies of this type and field observations 
show that the pressure in water-drive reservoirs is 
rate sensitive. That is, the average reservoir pres- 
sure depends not only on the cumulative oil pro- 
duction but also on the rates at which it has been 
withdrawn. Sharp increases in production rate will 
tend to accelerate the pressure decline per unit 
withdrawal. Cutbacks in withdrawal rate will gen- 
erally retard the pressure decline and often even 
lead to buildups in reservoir pressurg. 

Water-drive reservoirs will permit maintenance 
of high rates of total fluid withdrawals through 
most of the economic life, although increasing vol- 
umes of water production will continually reduce 
the net oil rates. The reservoir pressure will tend to 
stabilize after initial declines which are neceasary 
to induce the water to flow into the oil zone at 
sufficient rates to replace the oil withdrawals. Gas- 
oil ratios will rise only moderately during the 
producing life and. in relation to the decline jin 
reservoir pressure. 

The water-drive mechanism is of special impor- 
tance because of the high oil recoveries it often 
yields. Recovery factors as high as 50% of the 
initial oil in place are not uncommon, and under 
very favorable conditions they may be as high as 
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80%. The main factors controlling the recovery are 
the uniformity of the oil reservoir body and the 
viscosity of the reservoir crude. Variations of the 
permeability in the producing formation may lead 
to channeling of the invading water through high 
permeability zones and premature drowning out of 
the producing wells, so that while the oil displace- 
ment efficiency may be high in the invaded strata, 
the over-all average sweep efficiency and recovery 
will be relatively low. The viscosity of the reservoir 
crude controls the local displacement efficiency. 
The latter will be reduced as the oil viscosity in- 
creases. Because of this factor water-drive re- 
coveries in reservoirs producing oils of gravity 
lower than about 20 degrees API may be con- 
siderably less than the 50% frequently observed 
for high gravity producing reservoirs. 

The water-drive producing mechanism controls 
the production in important reservoirs in all major 
oil provinces. Many of the large reservoirs in Texas 
along the Gulf Coast operate under water-drives, 
as does the East Texas Field, the largest in the 
country. The two main sands in the gigantic Burgan 
Field in Kuwait are virtually perfect water-drive 
reservoirs. 

Solution-gas drives. The gas dissolved in reser- 
voir crudes is the most common energy source and 
displacement medium involved in oil production. 
When it is the dominant agent for oil recovery the 
producing mechanism is termed the solution-gas 
drive or depletion drive. The decline in reservoir 
pressure, which necessarily follows any appreciable 
production of oil and gas, will lead to liberation of 
solution gas within the pores of the rock and cor- 
responding replacement of the volume of reservoir 
fluid withdrawn, if the oil is gas-saturated at the 
initial pressure, as it usually is. If the adjoining 
aquifer does not then supply an influx of water to 
provide for continued replacement of the oil with- 
drawals, the pressure will keep on falling, with 
continued additional evolution of dissolved gas. 
Ultimately the pressure and the dissolved gas will 
be dissipated and the economic life of the reser- 
voir will be terminated. 

The reservoir pressures and displacement proc- 
esses in dissolved gas-drive systems basically are 
not rate sensitive. They depend only on the reser- 
voir volume of total fluid withdrawals, although the 
rate and manner of oil production may affect the 
relative amounts of gas and oil produced and hence 
the total composite voidage for fixed quantities of 
oil recovery. As the evolved gas builds up the gas 
saturation, the permeability to the gas will grow, 
facilitating its escape to the producing wells with- 
out a corresponding increased displacement of the 
reservoir oil. As a result, after an initial period of 
rather constant gas-oil ratios, at the level of the 
initial solution value, the ratio will rise steadily to 
peaks of the order of 10-20 times as great, and then 
decline as the contribution of the free gas falls 
with decreasing pressure. The well- and field-pro- 
ducing capacities will also fall because the driving 
reservoir pressure drops and the permeability to 
the oil is reduced with increasing gas saturation. 


Except for local effects about the producing wells 
themselves, the over-all history of depletion of a 
gas-drive reservoir can be predicted by the equa- 
tion 
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r is the fraction, if any, of the produced gas which 
is returned to the reservoir. R, the current gas-oil 
ratio, can be related the other variables as 


-hyK (11) 

In these equations a, €, f, y and are all func- 
tions of the pressure p determined by the proper- 
ties of the gas and oil. The pertinent rock char- 
acteristics enter through k, the ratio of the gas to 
oil permeability, as expressed as a function of 
The solution of Eq. (10) will show how the current 
oil saturation So, in the reservoir declines with 
falling pressure. It will also give the gas-oil ratio 
R at the corresponding period. The associated total 
oil recoveries per acre- foot of productive reservoir 
at any stage of depletion will be found by 
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Solutions of Eq. (10) give the typical perform- 
ance relationship of reservoir pressure and gas-oil 
ratio versus cumulative production as is observed in 
actual producing fields. By its construction, in 
which local well bore effects are ignored, it doe<i 
not provide for any rate sensitivity of the recov- 
eries. 

Except for the mechanism of undersaturated 
reservoir oil expansion, solution-gas drives are the 
most inefficient producing sy.stems. This is not 
because of the lack of sufficient solution-gas energy, 
but rather because of the internal bypassing of the 
gas as its saturation is built up so as to escape 
from the reservoir at high gas-oil ratios and little 
displacement effectiveness. The increasing oil vi.s- 
cosily, as the pressure declines and the solution gas 
is evolved, aggravates this effect. Ultimate economic 
recoveries are 10-30-f of the initial oil in place, 
decreasing generally as the API crude gravity de- 
creases or as the oil viscosity increases. 

Solution-gas-drive recovery has been the domi- 
nant producing mechanism in many of the older 
fields developed in the United States in the mid- 
continent area, West Texas, and California. In 
recent years appreciation of the low recovery 
efficiency of this drive has led to the application of 
fluid injection operations or limitation of the rales 
of production so as to facilitate potential water 
drives or gravity segregation assuming greater roles 
in the recovery mechanism. 



Gravity-drainage drives, Gaa caps overlying an 
oil zone contain additional compression energy for 
oil displacement to supplement that of solution 
gas {see Petroleum geology). If, as may happen 
under high production rates and pressure differen- 
tials. this gas is permitted to break into the oil 
zone and join the solution gas flow stream it will 
be dissipated rapidly and will result in rather 
limited increased oil recoveries. Its effect will be 
similar to that of dispersed gas injection directly 
into the oil zone. If, however, the pressure gradients 
in the reservoir are so restricted as not to over- 
balance the gravity differential between the gas and 
oil, the gas cap will be preserved as a segregated 
driving piston on the oil zone. 

Simple downward drainage by gravity of oil in a 
vertical (Miliimn of a porous medium will lead to 
low residual oil saturations and high recoveries, 
limited only by the permeability, wettability, and 
capillary pressure characteristics of the rock. In 
actual reservoirs, with or without gas caps, it is 
j^enerally not feasible to simulate pure gravity 
drainage because the corresponding rates of pro- 
duction will be too low for maximum economic 
return. The inherent downward flow capacity of the 
rock will be further restricted by the decreasing 
permeability t<i oil as the pressure declines and the 
solution gas is evolved. 

In practice, when the upper part of a reservoir 
trap contains a gas cap the compression energy of 
the gas is permitted to supplement that of the 
gravity head so as to provide rates of withdrawal at 
economic levels. The gas cap also serves as a surge 
chamber to retard the pressure decline and hence 
lessen the rate of gas evolution within the oil zone 
and the associated effects of reduced oil permeabil- 
ity and increased oil visc osity. 

The displacement effectiveness of the expanding 
gas on the underlying oil zone is decidedly rate 
‘sensitive, as may be inferred from Hlq. (8). The 
gravity-drainage mechanism as a whole is likewise 
affected by the rates of the displacement processes, 
and becomes less efficient as the latter increase. To 
achieve the high recovery potential of the gravity- 
drainage mechanism in a gas cap reservoir, a bal- 
ance must be made between the beneficial use of 
the driving pressure in the gas cap to support the 
desired levels of downflank production and the 
simultaneous deterioration in the displacement effi- 
ciency where the gas has invaded the oil zone. 
When such a balance is achieved, the gas cap will 
appear to expand downward as a piston with a 
relatively sharp gas-oil contact transition zone. 

Under favorable conditions of gravity-drainage 
operation.s, the upward buoyancy force on the gds 
evolved within the oil zone will overcome the down- 
flank pressure gradients and the gas will migrate 
'jpstructure into the gas cap while the oil is flowing 
downward. Such countercurrent gas migration will 
aid in maintaining the reservoir pressure as a whole 
as Well as high levels of oil saturation and per- 
ttieability in the oil zone. Even when there is no 
initial gas cap this process can lead to the forma- 
tion of secondary gas caps with subsequent bc- 
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havior essentially similar to that of a primary gas 
cap. 

The pressure in gravity-drainage drives, in which 
effective .segregation between the gas and oil is 
achieved, will decline slowly. Production rates and 
capacity will hold rather steady except that up- 
structure wells will be successively shut in as their 
producing levels are reached by the expanding gas 
cap. The gas-oil ratios will follow the trend of the 
solution ratio if downward gas coning is not per- 
mitted and the evolved solution gas is allowed to 
migrate into the gas cap. 

To promote the general benefits of maintenance 
of pressure and production capacity part or all of 
the gas produced in gravity-drainage reservoirs is 
often returned to the reservoir through injection 
wells completed in the gas cap. If enough gas is 
injected to replace the re.servoir withdrawals fully 
and prevent any pressure decline, the maximum 
potential of gravity drainage can be achieved, 
provided it is not nullified by excessive production 
rates and gas breakthrough. In any case, the higher 
pressure levels at which the reservoir , is depleted 
will mean that whatever residual reservoir oil does 
remain undisplaced will have higher shrinkage and 
will represent less unrecovered stock tank oil than 
if the pre.ssure had not been maintained. 

It is preferable that the gravity-drainage mecha- 
nism, where potentially available, be allowed to 
function throughout a reservoir’s prodiuing life. 
But even when this is not feasible, gravity drainage 
may still serve to prolong the economic life by 
resaturating the lower part of the oil zone after its 
rapid depletion by .solution-gas drive. The long 
persisting settled production of old fields which 
have lost their pressure and reservoir gas often 
reflects the emergence of gravity drainage as a 
residual .source of energy for bringing the oil into 
the well bores. 

The main requirements for the effective develop- 
ment of the gravity-drainage mechanism are high 
structural relief, long oil column, and good 
vertical permeability or mobility. When these are 
present and full advantage is taken of them, re- 
coveiies as high as 70-80% of the original oil con- 
tent can be achieved. Proportionately lower re- 
coveries will be obtained when gravity drainage 
merely supplements the solution-gas-drive mecha- 
nism. 

Gravity drainage, often aided by gas injection at 
the structural crest, has played an especially im- 
portant role in the production of many of the oil 
reservoirs in Eastern Venezuela. A number of large 
fields in West Texas and in the Gulf Coast have 
benefited from gravity drainage. Several of the 
major fields in Iran also appear to operate with 
significant gravity segregation. 

Reservoir engineering analysis. The prirflary 
starting point for the analysis or prediction of the 
performance of an oil reservoir is its geological 
structure and environment. This information can 
only be satisfactorily obtained from wells drilled 
within the areal confines of the reservoir or its im- 
mediate vicinity. Geological, electrical, and radio- 
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active logs and the study of cores of the productive 
rock itself provide the basic data. These, plus 
determination of the properties of the oil and gas, 
may suffice to determine the total initial oil and gas 
contents of the reservoir by applying volumetric 
Eq. (1). 

The real reservoir secrets unfold after the reser- 
voir is placed on production and observations are 
made on its performance — the history of its pro- 
duction of oil, gas and water, of its pressure, and 
the distribution of these among the various produc- 
ing wells. These data combined through the ma- 
terial-balance Eq. (2) may give further checks on 
the initial fluid contents as well as indications of 
the relative roles being played by the various pro- 
ducing mechanisms. 

Quite often at least two or all major types of 
producing mechanism will contribute appreciably 
to the composite reservoir behavior, and its analysis 
will require setting up equations for combination 
drives. Partial water drives actually occur more 
frequently than complete water drives. As previ- 
ously indicated, gravity drainage usually supple- 
ments the solution-gas-drive processes, at least to 
some extent. Even in water drives gravity segrega- 
tion may be of benefit in minimizing channeling and 
water coning effects and thus improving the over- 
all sweep efficiency. 

The ultimate recoveries are determined by the 
magnitude of the average residual oil saturation 
when production Is terminated. 

Recent developments. Injection of gas or water 
to supplement the native energy and oil displace- 
ment potential of the reservoir in its original state 
have become established practices. Such fluid in- 
jection operations are now generally undertaken 
early in the producing life of the reservoir, and as 
soon as it is determined that otherwise the re- 
coveries will be limited to the inefficient levels of 
solution-gas drive or reservoir liquid expansion. 
For the older fields which were substantially de- 
pleted before the desirability of pressure mainte- 
nance was appreciated, secondary recovery instal- 
lations have often been made in the form of gas 
repressuring or water flooding. 

The ultimate limitation of oil recovery by pres- 
ently established methods lies in the fact that the 
fluids — gas or water — which serve as the displacing 
phase are basically immiscible with the oil. Their 
surfaces of contact are therefore well defined inter- 
faces. Because of the tremendous interfacial area 
thus distributed throughout the microscopic pores 
of the reservoir rock, these represent correspond- 
ingly large total capillary forces and energies. 
Except for their beneficial action in inducing im- 
bibition of water in water- wet systeons these capil- 
lary forces offer resistance to multiphase flow at 
all saturations, and tend to break up any flowing 
phase into a discontinuous and immobile distribu- 
tion as soon as its saturation falls to critical limits. 
When the latter state is reached, the capillary 
forces hold the residual oil unrecoverable in spite 
of continued passage of immiscible displacing 


fluids such as gas or water. These interactions are 
empirically expressed by the relative permeability- 
saturation relationships. 

If the oil were displaced by a miscible fluid, the 
interfacial and capillary forces would be elimi- 
nated and local displacement efficiencies approach- 
ing 100% would result. This principle has long 
been applied in cycling gas-condensate reservoirs. 
Here dry liquid-stripped gas is injected into the 
formation to displace the condensate-containing 
reservoir gas and at the same time prevent declines 
in pressure and retrograde condensation and loss 
of its liquid content. Both gases are mutually mis- 
cible and the displacement proceeds without inter- 
face formation and capillary forces. 

In the case of an oil reservoir, displacement by a 
miscible liquid such is the liquefied petroleum 
gases — propane and butane — would achieve simi- 
lar results. However, to circumvent the economic 
burden of refilling the whole oil reservoir with 
these salable liquid products only a relatively small 
buffer zone or slug of the latter is used — up to 10% 
of hydrocarbon pore volume — and it in turn is 
displaced by gas. At pressures of the order of 1500 
psi or greater, natural gas will also he miscible 
with the intermediate hydrocarbons or liquefied 
petroleum gases, at reservoir temperatures. Thus a 
continuous phase transition is developed, without 
the interfaces and capillary forces, from the reser- 
voir oil to the miscible slug and to the final gas 
displacement phase. Field tests of this method of 
oil displacement and related modifications are now 
underway 

A quite different type of technique for improving 
oil recovery is that of in-silu combustion. Though 
suggested many years ago, it has been studied and 
developed on the basis of modern reservoir en- 
gineering principles only recently. It appears to 
have special promise in application to heavy oil 
reservoirs where because of high reservoir oil vis- 
cosity and very unfavorable mobility ratios for dis- 
placement by gas or water the latter conventional 
recovery methods are of low and often noncom- 
mercial efficiency. 

In essence in-situ combustion, as investigated 
and tested to date, consists of the injection of air 
into the producing formation to sustain burning of 
the oil in place — at temperatures of the order of 
600° F — and provide a flow of heat ahead of the 
combustion zone to lower the oil viscosity and in- 
crease the recovery and producing well produc- 
tivity. The burning of the oil generates combustion 
product and vaporized oil gases. These, together 
with the bank of condensed water vapors, form a 
composite gas and water drive, moving toward the 
producing wells with the combustion front. In 
addition, the gases carry beat aii4 raise the tem- 
perature of the rocks and fluids ahead of the com- 
bustion front, although the rapid attenuation of 
the temperature wave tends to delay the improve- 
ment indwell productivity until the fire comes close 
to the producing wells. The vaporization process 
immediately ahead of the burning front leaves de- 



posits of heavy oil residual or coke, and these serve 
as fuel for the final combustion reaction. As a re- 
sult the rock through which the fire passes is left 
essentially clean with all its oil displaced or burned 
out. About 15% of the original oil may be con- 
sumed in this manner, some 85% thus being in 
principle recoverable in the rock traversed by the 
fire. Because the heaviest components of the oil are 
used as fuel, there is a tendency for improvement 
in the gravity of the oil recovered by in-sit u com- 
bustion. 

The fire may be started by heaters or heating 
processes developed in injection wells or by spon- 
taneous combustion of the reservoir crude resulting 
from the exothermic oxidation and absorption of 
the oxygen in the air stream. The operations are 
( arried on in pattern distributions of injection and 
producing wells similar to those used in water 
Hooding. 

Commercial success of in-situ combustion re- 
quires relatively high porosity and oil saturation so 
as to hold the ratio of air injection to oil produced 
down to economic levels. It is also necessary to 
develop enough gas permeability through the for- 
mation to permit sufficient through-flow of air and 
rombiistion gases to sustain the burning. To mini- 
mize the effect of heat losses to the top and bottom 
bounding strata, the reservoir bed must be of ap- 
preciable thickness. As in all displacement proc- 
esses, uniformity of the producing section will 
facilitate achieving high sweep efficiency. However, 
the rapid advance of the burning front through a 
limited zone, by gravity segregation of the air and 
gases or by permeability channeling, will accelei- 
ate the transmission of the direct thermal effects to 
the oil masses near the producing wells, which 
would otherwise retain their high viscosity and low 
mobility until late in the recovery life of the reser- 
voir. 

A number of field trials have confirmed the basic 
feasibility of carrying on in-situ combustion in oil 
reservoirs. At the South Belridge Field in Kern 
County, California, some 50% or more of the 
l.H-degree API oil in place in the test area was re- 
covered within 18 month# after air injection was 
started. 

The various improvements in oil recovery proc- 
esses discussed here represent only the major de- 
velopments which already appear to have some 
range of economic feasibility. It is to be expected 
that not only will these and the older methods be 
materially improved by continued research, but 
that still more novel and powerful techniques will 
he brought to light as the science of reservoir en- 
gineering is perfected. 

See Oil and gas field exploitation; Oil ANii 

tiAS STORAGE; OlL AND CAS WELLS; PETROLEUM 
SECONDARY RECOVERY. [m.M.] 

bibliography: M. Muskat, The Flow of Homoge^ 
neous Fluids through Porous Media, 1946; M. Mus- 
kat, Physical Principles of Oil Production, 1949; 
S- J. Pirson, Oil Reservoir Engineering, 2d cd., 
1958. 
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Petroleum secondary recovery 

The process of removing oil from its native reser- 
voir by the use of supplemental energies after the 
natural energies causing oil production have been 
depleted. Petroleum secondary recovery contrasts 
with primary recovery, which is the oil production 
resulting from indigenous reservoir energies. Ad- 
vancing principles of technology and conservation 
demand that natural energy be supplemented soon 
after discovery of a reservoir; therefore today*s 
best practices combine the primary and secondary 
recovery periods. However, there arc many reser- 
voirs which have been depleted without benefit of 
supplemental energy, and in the narrowest sense, 
secondary recovery applies to the further develop- 
ment of these depleted reservoirs. 

Secondary recovery was first practiced in the 
older and shallower petroleum reservoirs of the 
Appalachian region. It has since spread to all oil- 
producing regions of the world and has doubled 
the producing life of some oil fields. When com- 
bined with primary recovery, it is applied to deep 
reservoirs. When practiced on depleted reservoirs, 
it is generally limited by economic factors to reser- 
voirs shallower than 3000 ft. Total oil production 
in the United States by secondary recovery methods 
in 1954 as compiled by the Interstate Oil Compact 
Commission was approximately 480,000,000 bbl. 

Energy supplement and well patterns. Energy 
is supplemented by introduction of either gas or 
water under pressure into the reservoir. The use of 
gas is commonly known as gas-drive or gas-repres- 
suring, the use of water as water-flooding. The 
injected fluid drives the oil remaining in the reser- 
voir to the vicinity of production wells, from whence 
it can be lifted to the surface, and also takes up 
the .space within the reservoir previously occupied 
by the oil. 

Two types of wells, injection wells and produc- 
tion wells, are required for secondary recovery 
operations. Standard patterns have evolved for the 
arrangement of these wells. Locating wells in pat- 
terns permits intensive development of a given land 
area and ensures the maximum penetration of 
injected fluid to all parts of the reservoir. In the 
early history of secondary recovery, a single injec- 
tion well was surrounded by a large number of 
production wells. This pattern, known as a circle 
drive, is still used for gas injection operations. 
Another pattern, the line drive, is a line of injec- 
tion wells offset by a line of production wells. 

The most common well pattern is the five-spot. 
Square networks of injection wells and production 
wells interlock so that each injection well is at the 
center of a square consisting of four production 
wells, and each production well is at the center of 
a square consisting of four injection wells. Another 
standard pattern is the seven-spot, which consists 
of injection wells located at the vertices of hexa- 
gons with a production well in the center of eatb 
hexagon. By exchanging the roles of injection and 
production wells in the seven-^pot pattern, the 
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four-spot pattern is obtained. Nine-spot patterns 
are five-spot patterns with additional injection wells 
added at the midpoints of the sides of each injec- 
tion well square. 

The spacing between injection wells and produc- 
tion wells will depend upon local physical condi- 
tions of the pelroleiiin reservoir and upon economic 
factors. The resulting well densities will range 
generally from one well per acre to one well per 
40 acres. Spacing economics is controlled by the 
amount of gas or water that can be injected into or 
produced from a single well. The prediction of 
the amount of fluid which an injection well will 
handle is therefore one of the most critical tech- 
nical points in planning a secondary recovery proj- 
ect. This amount of fluid will depend upon factors 
such as the permeability of the reservoir rock, the 
viscosity of the reservoir oil, the fraction of the 
reservoir pore space that is filled with oil, the thick- 
ness of the reservoir formation, the reservoir pres- 
sure, and the available surface pressure. 

Factors of effect ivity. The efficiency of a sec- 
ondary recovery operation is determined by the 
effectiveness with which the injected fluid displaces 
oil from that part of the reservoir which it invades, 
and the degree to which the injected fluid can be 
made to invade all parts of the reservoir. 

Displacement and retention factors. Even under 
the most favorable conditions of fluid invasion, it is 
not possible to replace all the oil in a given segment 
of reservoir ro(!k. The rock contains a complex and 
interconnecting assemblage of small channels which 
are not uniform in shape or in si/e. Hence it is 
possible for the invading fluid to bypass and trap 
some of the oil-containing channels or oil globules. 
This residual oil is held in place by the strong 
capillary forces that are operative. On the basis of 
its oil-retentive properties, a reservoir rock may be 
classed as either oil-wet or water-wet. In the former, 
the residual oil may be held as a film or as filling 
the most minute pore spaces. In the latter, the 
residual oil may be held as trapped globules or 
islands within the larger pore spaces. 

Fluid scf^regation problems. Because oil is less 
dense than water and more dense than gas, there 
may be a segregation of injected water to the 
bottom part of the reservoir, or of injected gas to 
the top part. In either case, the injected fluid will 
advance toward the production well through only 
part of the reservoir. Complete entry of the in- 
vading fluid to all parts, then, is not possible with- 
out production of large amounts of injected fluid 
from the production well, a procedure which is 
necessarily costly. The possibility of encountering 
fluid segregation may lead to the deliberate locating 
of wells 80 that injection of gas is io the top of a 
reservoir .structure or injection of water to the 
bottom, thus making use of the segregation tend- 
encies. This cannot be done, however, in flat, thin 
reservoirs. 

Reservoir rock properties are seldom uniform, 
and in particular, the rock may vary in its perme- 


ability, that is, in its capacity to conduct fluid. The 
injected fluid will take the path of least resistance, 
and by the time it has invaded the higher perme- 
ability channels completely, it will have invaded the 
lower permeability channels only partially. If the 
permeability channels are sufficiently stratified, 
special well-completion techniques can be used to 
promote uniform fluid invasion. 

If the resistance to flow is higher for the oil in 
the reservoir than for the invading fluid, the in- 
vading fluid will seek the production well by the 
most direct flow path. As a result, injected fluid 
will reach the production well before all of the 
pattern area has been invaded. The area of a pat- 
tern which has been invaded by the time the in- 
vading fluid breaks into the production well is 
termed the areal coverage of the pattern. 

Mobility ratio and area extent. The ratio of flow 
resistances between injected fluid and reservoir oil 
is known as the mobility ratio. With a mobility 
ratio of unity, the area coverage for the five-si)ot 
pattern is 72.3% ; for the seven-spot and four-spot, 
it is 74%. Each pattern has a characteristic cover- 
age for eat'h mobility ratio. When the flow resist- 
ance of the reservoir oil is extremely low, the cover- 
age will approac h unity for any lyt>e of pattern. 

As the flow resistance of the reservoir oil in- 
creases in comf)arison to that of the invading fluid, 
the achieved ureal coverage will decrease For this 
reason, injected gas generally produces a smaller 
areal coverage than injected water. However, be- 
cause of the more favorable economic* factors for 
handling^as, the injec'tion of gas can l)e continued 
for long periods of time after gas arrives in the 
produc tion wells. After water arrives at the produc- 
tion well, water injection generally can he con- 
tinued only until the ratio of water-oil volume 
reaches 1 : 100 or less. 

Oil recovery and residue. The percentage of oil 
recovered by secondary methods will be a composite 
result of the effects that have been noted, namely, 
of the geometrical arrangement of pores and the 
capillary forces, of the gravity segregation, of the 
heterogeneous nature of the reservoir, and of 
the areal coverage that can be achieved. Under the 
most favorable circumstances, one may expect 
residual oil following secondary recovery to be as 
low as 15-20% of the pore space. With some of 
these factors operating to a disadvantage, residual 
oil following secondary recovery may be as high as 
50% of the pore space. The residual oil will he 
highest where rocks have complex porous struc- 
ture, where the reservoir oil is quite viscous, or 
where there are wide variations in reservoir perme- 
ability. 

Hazards from fluid contamination. In water 
flooding, considerable attention must be given to 
the purity of injected water. The reservoir rock 
will act as a filter to remove suspended material in 
the well bore and clog the formation. Hence, no 
suspended material can be permitted. Even bacteria 
will filter on some rock ‘formations and reduce the 



injection rate. Consequently, treatment for removal 
of bacteria will often be necessary. Highly corro- 
sive waters must also be avoided. 

There is always the possibility that chemical 
interactions will occur between ions contained in 
the injected water and those present in the native 
re^enoir waters or reservoir minerals. Injected 
water may also produce a change in the structure of 
rr^ervoir clay material with a resultant reduction 
of flow capacity. 

In the injection of gas, principal attention is paid 
to the removal of materials that might condense 
wilhin the reservoir, produce corrosive action on 
operating equipment or yield oxidation within the 
irservoir. 

Experimental developments. Advancing tech- 
nology has continued to seek means of improving 
yprondary recovery. Principal among these efforts 
been the attempt to remove completely the 
(ai)illarv forces that are operative in retaining 
residual oil. This can })e accomplished in the labo- 
ratory by a process known as miscible displace- 
ment, which consists of replacing the reservoir oil 
h\ a fluid with which it will mix completely. For 
example, one might inject a solvent, such as butane, 
until reservoir oil had been completely dissolved 
(Unl brought to the surface. Bec'ause it is not eco- 
nomical to use the large amounts of solvents re- 
(piirefl for this process, techniques have been sug- 
‘.'[csied for using slugs of solvent followed by water 
0! gas. the character of the solvent being such that 
il will mix freelx with the following water or gas as 
wrll as with the oil which it is to replace. Alcohols 
^ii( h as lertiarybutyl alcohol have been proposed. 

With gas inje<-tion, a miscible slug zone can be 
achieved between the oil and following :.^as by 
using injection pressures in the range of 3000- 
4000 psi or by adding certain gas components to 
the injection stream. 

Another method for reducing capillary forces is 
ihe addition of surface-active materials to a water 
flood, removing oil much as one would remove 
grease with a detergent. The principal disadvan- 
tage of using surfactants is that they are adsorbed 
on the reservoir rock. Their u.se is not economic 
unless means can be found for continually desorb- 
ing or replacing the surfactant. Other proposed 
additives in water flooding are soluble gases such 
as < arhon dioxide. 

Other experimental methods are the thermal and 
in-siiu combustion methods. A fire, or combustion 
process, is started in the reservoir at an injection 
well. By the continued introduction of gas contain- 
ing oxygen or other material to support combustion, 
the combustion wave is driven through the reservoir 
toward the production well. As the combustion 
wave moves forward, part of the oil is distilled and 
driven forward; part of the oil is burned to produce 
the heat necessary for continuing the combustion 
drive. 

Much laboratory research has been done on 
these proposed newer methods of secondary re- 
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covery, and numerous field tests are now under 
way to examine all of these methods. None of them 
can be said to have reached the stage of technology 
where their effective use can be predicted, or where 
the factors controlling the economics can be de- 
lineated. 

See Oil and gas field exploitation; Petro- 
leum RESERVOIR engineering. IJ-C-C.] 
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Petrology 

The study of rocks, their occurrence, composition, 
and origin. Petrography is concerned primarily 
with the detailed description and classification of 
rorks, whereas petrology deals primarily with rock 
formation, or petrogenesis. A petrological descrip- 
tion includes definition of the unit in which the 
rock occurs, its attitude and structure, its mineral- 
ogy and chemical composition, and conclusions 
regarding its origin. In a restricted sense, however, 
petrology has come to emphasize the study of rocks 
in the field and in hand specimens, without re- 
course to the microscope. For a discussion of 
mineral identification, petrographic analysis, and 
the classification of rocks see Mineralogy; Pe- 
trography ; Rock. 

Igneous rocks. Extrusive (effusive) igneous 
rocks reach the surface either through fissures of 
considerable linear extent (fissure eruptions) or 
through pipelike channelways around which vol- 
canoes are built. Extrusive material may flow out 
relatively quietly as lava or it may be exploded as 
pyroclastic material. Fissure erujitions are gener- 
ally quiet and repeated over long periods of time 
to build up thick platforms of considerable extent 
consisting chiefly of basalt. In the northwe.stern 
United States the Columbia River Plateau, built in 
this way. embraces 200,000 mi'*^ in Idaho, Oregon, 
and Washington, and in local areas has an aggre- 
gate thickness of 5000 ft. See Volcano. 

Volcanic structures are of a variety of types (see 
Table 1). Lava flows may be characterized by a 
smooth or ropy surface with prominent flow struc- 
ture (pahoehoe), or by a jumbled blocky surface^ 
iaa). Flows commonly show columnar jointing" 
which has been produced by contraction upon 
crystallization. A lava tongue solidifies first along 
its upper surface against the air and along its 
bottom contact with cooler rock, leaving a central 
stream which is still liquid, flowing in a tunnel of 
its own construction. With sufficient slope the 
streams drain away, leaving cavernous passageway^. 

Volcanic activity varies greatly in intensity, 
duration, periods between eruptions, and quanti- 
ties of gases, liquid rock, and solidified fragments 
expelled. The more important factors influencing 
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these differences are (1) chemical composition of 
the magma; (2) amount of gas dissolved in it; 
(3) extent of crystallization or cooling before 
eruption; and (4) configuration of the conduit and 
depth to the magma chamber. See Magma. 

Intrusive igneous rocks occur in many different 
types of units or intrusive masses, which are classi- 
fied chiefly by their shape and structural relations 
to their wall rocks (Table 2). Bodies that crystal- 
lized at great depths (such as batholiths) are re- 
ferred to as plutonic; those consolidated under 
shallow cover are designated as hypabyssal. See 
Pluton. 

The crystallization of the larger intrusives may 
result in profound alterations in the adjacent wall 
rocks (exomorphism). Where stocks and batholiths 
have invaded sedimentary rocks an aureole of con- 
tact metamorphism is developed. This results from 
recrystallization under increased temperature and 
may be accompanied by chemical transformations 
(pyrometasomatism) produced by hydrothermal 
solutions generated during the latter stages of 
magmatic differentiation. Where batholiths have 
been intruded into rocks which are already re- 
gionally metamorphosed, the contact rocks formed 
are injection gneisses or migmatites. See Aureole, 
CONTACT. 

Igneous rocks make room for themselves by force- 
ful injection (dilatance), by engulfing wall rock 
blocks (magmatic stoping), or by subsidence of 
overlying rocks. The hypothesis of granitization 
maintains that granites result from the wholesale 
transformation of sedimentary or metamorphic 
rock layers by solutions operating through mineral 
replacement or by ionic emanations acting through 
solid diffusion. See Granitization. 

Blocks of wall rock included in an intrusive mass 
are xenoliths; their partial destruction by reaction 
may produce irregular clumps of mafic minerals 
called schlieren. In some instances such endo- 
morphic effects are sufiiciently intensive to result 
in modification of the composition of the magma 
(syntexis). See Xenolith. 

Crystallizing under equilibrium conditions, early 
magmatic minerals react with remaining fluid to 
yield new species (see diagram). Interruption of 
the sequence will yield liquid fractions richer in 
silicon dioxide, alkalies, iron, and water than the 
original magma and crystalline fractions richer in 
calcium and magnesium than the parent magma 
(magmatic differentiation) . 

Igneous rocks occur in clans or associations 
which possess characteristic trace elements and 
appear in specific structural provinces (Table 
3). The origins of various igneous rocks are sum- 
marized in Table 4. See PsTRocRifpHic province. 

Sedimentary rocks. With the exception of ma- 
terial deposited by glaciers (till; or the consoli- 
dated form tillite) , sedimentary rocks show bedding 
or stratification. This separation into generally 
parallel layers (beds, strata) results from sorting 
according to grain size during deposition, from 


Table 1. Types of voleenic structure 

Name Characteristics 

Shield Low height, broad area; formed by suc- 

cessive fluid flows accumulating around 
a single, central vent 

Cinder cone Cone of moderate size with apex trun- 
cated; circular in plan, gently slopinf^ 
sides; composed of pyroclastic particles, 
usually poorly consolidated 

Spatter cone Small steep-sided cone with well-defined 
crater composed of pyroclastic parti- 
cles, well consolidated (agglomerate) 

Stratocone Composed of interlayered flows and py- 

rociaslics; flows from sides (flank flows) 
common, as arc radial dike swarms, 
slightly concave in profile, with central 
crater 

Caldera Basins of great size but relatively shal- 

low;'; formed by explosive decapitation 
of stratocoues, collapse into underlying 
magma chamber, or both 

Plug-dome Domal piles of viscous (usually rhyolitic) 

lava, growing by subsurface accretion 
and accompanied by outer fragmenU- 
tion 

Cryptovolcanic Circular areas of highly fractured rocks 
structures in regions generally free of other struc- 

tural disturbances; believed to have 
formed either by subsurface explosions 
or sinking of cylindrical rock masses 
over magma chuiubers 


Table 2. Characteristics of intrusive igneous rock masses 

— — ‘ " "" ' w 

Structural re- 
lations to wall Size and oth«>r 

Name Shape. rocks features 

Dikes Tabular, Discordant Few feet to 

lensoid hundreds of 

miles long 

Sills Tabular, Concordant Up to several 

lensoid hundred fef^t 

thick 

Lacco- Plano-convex Generally con- 1-4 mile dia 
liths or doubly cordant several thou- 

convex lenses sand feet 

thick 

Volcanic Pipelike Discordant Few hundred 

necks feet to a iiiiU' 

in diameter, 
cores of 
eroded vol- 
canoes 

Stocks Irregular, Crosscutting A small balk 

with steep olith or its 

walls upward pro- 

jection: out- 
crop area less 
than 40 lui’ 

Batho- Irregular, (1) Discordant Some cover 

liths contacts dip (2) Concordant 16,000 nii'^; 
steeply or in general, some are 

outward; no may be cross- composite in- 

bottoms cutting in de- trusives of 

known tail varied pe- 

trology 

Plutons Irregular Usually cross- Usually large: 

cutting used as gen- 

eral name for 
intrusive 
masses that 
do not fit 
other defin*' 
tions 
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differences in composition or texture, or from varia- 
tions in the rate of deposition. The development of 
most sedimentary rocks proceeds in the following 
stages: (1) There is a source rock, any older rock 
or. for organic sediments, a supply of organically 
originated material; (2) By weathering, the older 
rock is mechanically comminuted, chemically al- 
tered, or both, to form unconsolidated surficial 
rock debris called mantle; (3) Particles are trans- 
ported by streams, ocean and lake currents, wind, 
glaciers, or by the direct action of gravity which 
causes particles to slide and roll down slopes; 
(4) Material moved by rolling, suspension, or solu- 
tion is deposited; and (5) Deposits usually are 
consolidated by the processes of cementation 
(sandstones), compaction (shales), and recrystal- 
lization (limestones). Chemical changes accom- 
panying consolidation are termed diagenetic. 
Weathered material not transported may become % 
ro'iidual sedimentary rock (bauxite). Sedimentary 
rocks are deposited either on land areas (conti- 
nental) or in ocean waters (marine). Most marine 
sedimentation takes place on the submarine exten- 
sions ol the continents called continental shelves, 
l^^xamples of types of sedimentary deposits are 
listed in Table 5. Features characteristically found 
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in sedimentary rocks, in addition to stratification, 
are crossbedding, concretions, ripple marks, mud 
cracks, and fossils. See Diacenesis; Sedimenta- 
tion (geology) ; Weathering processes. 

A formation, which is the basic unit of stratig- 
raphy, is a series of rocks deposited during a 
specific unit of geologic time and consisting either 
of a particular rock type or of several types de- 
posited in a sedimentary cycle. Such a cycle is the 
changing sequence of deposits reflecting, for exam- 
ple, advance or retreat of marine waters in a par- 
ticular area. However, while sandstone may be 
deposited at one time in one place in the sedimen- 
tary basin, limestone may be formed simultane- 
ously elsewhere. Such lateral variation in a forma- 
tion is referred to as facies. See Cyclothem; 
Facies (geology) ; Stratigraphy. 

By means of detailed studies of the fossils of a 
formation and its lithology, composition, structure, 
and distribution, the paleoecology of the area may 
be reconstructed. Correlation of formations is at- 
tempted chiefly on the basis of fossils, with sup- 
plementary data from the lithology, st>ratigraphic 
position, insoluble residues (in acid-soluble rocks), 
heavy detrital minerals (in clastic rocks), and in 


Table 3. Igneous rock clans or associations 


Name 

Main rock types 

Environment 

Oceanic 

Olivine basalt, mi- 

Volcanic islands of 

Olivine basaltic 

nor trachyte, peri- 

deep oceanic ba- 


(lotite 

sins 

Alkaline vol- 

(a) Olivine basalt. 

(a, b) Nonorogenic 

cauic 

trachyte, pho- 

continental 


noliie 

regions 


(b) Leucite basalt, 

(c) Orogenic con- 


trachy basalt. 

tinental re- 


trachyte 

gions; former 


(c) Spilite, 
ketatophyre 

geosynclines 

Tholeiitic 

Basalt (generally 

Continental pla- 

basaltic 

olivine-free), 
quartz diabase 

teau areas 

Calc-alkalic 

Andesite, rhyolite. 

Continental oro- 

volcanic 

basalt 

genic areas 

Lopolithic 

Norite, gabbro, an- 

Lopoliths, thick 


orthositc, peri- 

differentiated 


dotite 

sheets 

Alpine-type 

Peridotites, serpen- 

Orogenic zones 

peridotites 

tinites 


Precam brian 

Andesine or labra- 

Domed pluton of 

anorthositic 

dorite anorthosite. 

massifs in Pre- 


norite, syenite, 

cam brian ter- 


monzonile 

ranes 

Granite 

(a) Simple: granite. 

Precambrian 

batholithic 

granodiorite 

shi Ids; cores ,of 


(b) Complex: gab- 
bro, toualite, 
granodiorite, 
minor granite 

mountain ranges 

Minor granitic 

Granite (some al- 

Hypabyssal, in 

intrusive 

kalic), quartz sye- 

mountain ranges 


nite, syenite, 

and as their out- 


dioriie 

liers 

Nepheline 

syenitlc 

Feldspathoidal 

(1) Simple plir- 

rooks, carbonaiites 

tons 

(2) Bing com- 
plexes 

Lamprophyric 

Minette, kersantitc, 
camptonite 

Dike swarms 
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drill holes by electrical conductivity, radioactivity, 
and seismic wave velocities. 

Metamorphic rocks. Metamorphism transforms 
rocks through combinations of the factors of heat, 
hydrostatic pressure (load), stress (directed pres- 
sure), and solutions. Moat of the changes are in 


texture or mineral composition; major changes in 
chemical composition are called metasomatism. 
The major types of metamorphism are presented 
in Table 6. Rocks that can serve as parent material 
for metamorphic derivatives include both igneous 
and sedimentary types, and, less commonly, older 


Table 4. Synopsis of magmatic evolution* 


Primary magmas 


Mode of origin 


Common types of igneous rocks 


Alkaline 

olivine 

basiilt 

magmas 


{ By dilTcrentiation 
and pliitoiiic 
crystallization 


By differentiation 
and volcanic 
crystallization 


Granodiorite 

granite 

magmas 


Tholeiitic 

magmas 


i 

By contamination 
I involving reaction 
I with “grunit/c” of 
[ (;ontiiientiil basement ] 

f By differentiation 
< and ruodifi(!atiun 
[in geosyiicliiics 

[ By differentiation 
{ and pi II tonic 
[ crystallization 


By dilfereiitiatiiin 
and volcanic 
[ crystallization 


' By mixing with 
^ basaltic magma 

j By assimilative 
I reaction with 
I slates, limestones 
^amphibolites, etc. 


{ By differentiation 
and phitonic 
crystallization 


i By differentiation 
\ in thick sills 

{ By diffc;rentiation 
and volcanic 
crystallization 


Teschenites 
Thera lites 
Essexites 
Shonkinites 
Pyroxenites 
Picrites 
Peridotitea 

Mugea rites 
Trac;hy basalts 
Olivine basalts 
Picrite basalts 

\ f Nephelino basjdts 

< Soda lamprophyres 

I Melilite basalts 


f Lciicite basfilts 
\ Biotite lamprophyres 


/ Keratophyres 
\ Spilites 

Granites 
Granodiorites 
Tona lites 
Diorites 
Syenites 

Rhyolites 

Dacites 

Andesites 

l^tites 


Andesites — 


I Syenites 

Nephelino syenites 
Ij^lites ^ Carbonatites 


Alkali rhyolites 

T 

TVachytes 

i_ 

Phonolites 
-> Phonolites 

I Leiicite phonolites 
< La tiles 
[ Trachytes 


Pegmatites 

Aplites 


Dacites 

Rhyolites 


}- 

!- 


f Syenites 
y* \ Nepheline syenites 


f Diorites 
\ Tonalites 

Granophyres 

Diorites 

Anorthosites (Bytownite) 

Gai)bros 

Pyroxenites 

Peridotites 

Granophyres 
Quartz diabases 
Diabases 
Olivine diabases 


f Tholeiitic basalts 1 
\ Picrite basalts. / 


f Rhyolites 
[ Andesites 


F. J. Turner and J. Verhoogen, Igneous and Metamorphic Petrology, 2d ed., McGraw-Hill, 1960. 
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ijiPtamorphic rocks as well. The complexity of the 
possible metamorphic mineral assemblages stems 
nnt only from the variety of possible parent rocks 
and from the imposition of the several kinds of 
metamorphism but also from variation in the in- 
tensity of particular types of metamorphism 
(grade), and from the difficulty of readily achieving 
rliernieal equilibrium through solid-stale reactions. 
Various features characteristic of metamorphic 
rucks include foliation (slaty cleavage, schistosily, 
and gncissic structure), lineation, banding, and 
lelict structures. See Metajvkjrphism ; Metasoma- 
tism. 

The facies principle is employed in attempting 
lo reconstruct the environment under which a rnet- 
anioiphic rock was developed. A metamorphic 
faciei consists of all rocks, without respect lo 
clicmical composition, that have been recrystal- 
Ji/c(l under eqiiiJihrium within a particular en- 
\irunmcnt of stress, temperature, load, and solu- 
iKuis. The first two factors are considered critical. 
The facies are named after metamorphic rocks 
rleeined diagnostic of such restricted conditions. 
In |)ra< tice one assigns a group of related rocks of 
(ijfTerent compositions lo a particular facies upon 
liic jiresence of such a key assemblage. 

\ Kacics of conlar l metamorphism. L.oud prcs.sure 
low. generally 100 3000 bars. Water pressure 
highly variable, in some cases possibly exceed- 
ing load pressure, in a few cases very low. 
Facies listed in order of increasing tempera- 
ture for given range of pressure conditions. 

1. Mhite-epidotc hornfcls (formerly alhile-epi- 
dote amphibolite facies, actinolite-epidole 
hornfels siibfacies ) 

2. Hornblende hornfels (formerly amphibolite 
facies, cordieritej-anthophyllite subfacies) 

3. Pyroxene hornfels 

4. Sanidinite- -corresponds to minimum pres- 
•^ures (load, Ph.^o, Pco-J and maximum tem- 
peratures — pyronietamorphism. 

H. Facies of regional metamorphism. Load and 
water pressures generally equal, high (3000- 
12,000 bars). Facies listed in order of increas- 
ing temperature and pressure. 

1. Zeolitic (hitherto not recognized) 

2. Creenschist 

a. Quartz-alhite-muscovite-chlorite ( formerly 
muscovite-chlorite ) 

h. Onartz-albite-biotite (formerly biotite- 
muscovite) 

Quartz-albite-almandine (formerly albite- 
epidote amphibolite facies, chloritoid al- 
niandine siibfacies) 

-L Glaucophane schist (hitherto of uncertain 
status; previously equated with the green- 
schist facies; the glaucophane schists and 
their associates seem to represent a divergent 
line of metamorphism conditioned by devel- 
opment of unusually high pressures at low 

temperatures) 


4. Almandine amphibolite 

a, Staurolite-quartz "I (formerly 

b, Kyanite-muscovite- > staurolite- 

quartz J kyanite) 

c, Sillimanite-almandine 
Granulite 

a. Hornblende granulite 

b. Pyroxene granulite 
6. Eclogile 

Regional variations in grade may be mafiped by 
means of isograds, lines formed by the intersection 


Table 5. Selected examples of sedimentary deposits 


under various environments 


Agent 

Deposit 

Rtisulting rock 

Continental 

Streams 

Valley fill 

Sandstone 


Alluvial fan 

ConglonuTute 


Della 

Silt.stoiie 

Lakes 

Varved clay 

Shale 

Springs 


Travertine 

Silicious sinter * 

Swamps 

IVal 

Goal 

Wind 

Dune 

SandsUme 


IDiist 

Loess 


Volcanic ash 

TulT 

Glaciers 

Moraine 

Tillito 

Groundwater 

Stula<*tite 

Drifistonc 

Gravity 

Tains 

Breccia 


Avalanche 

Landslide 

(-^origloinernte 

Marine 

Breakers and 

Beach 

Sandstone 

ulongsh(>re 

currents 


(Conglomerate 

Longshore 


Sandstone 

nirrenlH 


Shale 

Murine 

Reefs and other 

Shell limi'stone 

organisms 

shell deposits 

CU>quina 

Diuloiiite 

Mf4rine water 

Evaporites 

Rock salt 

Rf»ck anhydrite 

Marine water 

Colloidal 

PlH>sphorile 


precifiitates 

Manganese oxide; con- 
cretions 

Chert 

Table 6. Types of metamorphism, 
and results 

, their factors 

Typ« 

Factors 

Changes in rock 


Culnclastic Stress, low hydro- 
Htulic pressure 

Coiiloct Heal, low lo inod- 
(thcrmal) eratc hydrostatic 
pressure 


Pyromelu- 
* soinatism 


Regional 

(dynamic) 


Heat, additive hy- 
drothermal solu- 
tions, low to mod- 
erate hydrostatic 
pressure 
Heat, weak to 
strong stress, 
moderate to high 
hydrostatic prc's- 
sure, ±: nonaddi- 
tive solutions 


Fragmentation, granu- 
lation 

hecrystallizatiofi to 
new minerals or 
coarser grains; rarely 
melting 

Reconstitution new 
minerals; change in 
rock composition 


Recrystullizalion to 
new minerals or 
coarser grains; paral- 
lel orionialion of min- 
erals to produce folia- 
tion 
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of planes of isometamorphic intensity with the 
earth’s surface. These are defined on the appear- 
ance of a specific mineral known to reflect a major 
increase in the intensity of metamorphism. 

The primary cause of stresses acting during 
regional metamorphism is diastrophism of the 
mountain-building type. The higher temperatures 
may result from deep burial, owing to the geother- 
mal gradient of the earth, in part to concentrations 
of radiogenic heat, or in part to heat supplied by 
cooling masses of magma. In contact metamorphism 
this last is the sole heat source. See Geologic 

THERMOMETRY. 

Once formed, metamorphic rocks are subject to 
further changes through folding and crumpling of 
the foliation and through extensive injection of 
igneous material to form migmatites. [e.w.h.J 

Bibliography', T. F. W. Barth, Theoretical Pe- 
trology, 1952; W. S. Fyfe, F. J. Turner, and J, Ver- 
hoogen, Metamorphic reactions and metamorphic 
facies, GeoL Soc. Am. Memoir 73:259, 1958; E, W. 
Heinrich, Microscopic Petrography^ 1956; P. Nig- 
gli, Rocks and Mineral Deposits, 1954; F. J. 
Turner and J. Verhoogen, Igneous and Metamor- 
phic Petrology, 2d ed., 1960. 

Petromyzontiformes 

One of two orders of Recent jawless fishes contain- 
ing the lampreys. This order is also known as the 
Petromyzontia. They are degenerate, modern repre- 
sentatives of the plated cephalaspidomorphs of 
Silurian and Devonian times. Lampreys differ 
fundamentally from the superficially similar but 
remotely related order Myxiniformes or hagfishes. 
The snout is produced and overlies a circular oral 
disk that bears cornified teeth and lacks enlarged 
barbels; the single nostril is located on top of the 
head before the eyes and does not penetrate the 
palate; there are seven pairs of spherical gill 
pouches that open internally into a respiratory tube 
and externally through seven pairs of pores; the 
one or two dorsal fins are more or less distinct from 
the caudal fin; and there are two pairs of semi- 
circular canals. Lampreys are bisexual animals that 
live permanently in fresh water or enter streams to 
breed. Eggs are deposited in gravel riflles, and the 
young develop into blind larvae that burrow in the 
soft bottom and feed for several years on micro- 
organisms strained from the water. At metamor- 
phosis, the oral disk and eyes develop and the 
transformed lampreys become free swimming. 





Saa lampray, P^tromyzon marinus. (After G. B. Goode, 
Great International Fisheries Exhibition, London, 1883, 
U.S. Natl, Museum Bull, 27) 


Some species, known as brook lampreys, remain in 
streams for a few months without feeding, then 
breed and die. Most lampreys, however, are para- 
sitic, feeding on other fishes and growing for a year 
or more before they breed and die. A protrusile 
tongue armed with horny teeth is employed to rasp 
an opening in the host’s body, from which blood is 
sucked. So destructive are these parasites that, 
after gaining recent access to the upper Great 
Lakes, the sea lamprey (Petromyzon marinus) all 
but exterminated the lake trout and other valuable 
commercial fishes. 

Lampreys are classified in a single family, Pet- 
romyzontidae, with 7 genera and about 30 species. 
They are chiefly inhabil^nts of temperate and cold- 
temperate waters in both the Northern and South- 
ern Hemispheres. Sec Cyclostomata (Chordata) 

[r.m.b.] 

Pewee 

A name usually applied to the wood pewee. Con- 
topus virens, a moderate-sized flycatcher of the 
family Tyrannidae. This dusky forest flycatcher 
can be distinguished from its relatives by the ab- 
sence of an eye ring and the presence of two 
white wing bars. Its clear, flutelike call, pee-a-wee. 



The wood pewee, Confopus virens; length to 6% in> | 
(From E. L. Palmer, Fieldbook of Natural History, | 
McGraw-Hill, 1949) 

with the middle syllable the low tone, is a char- 
acteristic song of the eastern deciduous forest, 
especially as the first song of the morning. It b 
replaced in the western forests by the western 
wood pewee, C. sordidulus. The name pewee is also 
often applied to the phoebe. See Flycatcheb; 
Passeriformes; Phoebe. [j.d.b.] 

Pewter 

An alloy containing tin and lead, usually in proper- 1 
tion oi four to six parts of tin to one of lead. Other 
metals are sometimes used with or in place of the 
lead, including copper, antimony, and zinc. Peivter 
has limited use in the making of ornamental wares: 


until the development of cheap china early in the 
nineteenth century, pewter was very commonly 
used throughout Europe and America for decan* 
ters, mugs, tankards, bowls, dishes, candlesticks, 
and canisters. The finer grades, those containing 
the most tin, were also used in making religious 
and civic vessels such as communion plates, chal- 
ices, and cruets, and symbolic cups and flagons. 
See Tin. fc-co-] 

pH 

A term used to describe the hydrogen-ion activity 
of a system. It is defined by the expression pH « 
—login Oh* in which an* is the activity of the hydro- 
gen ion. In dilute solutions, the activity is essen- 
tially equal to the concentration, and the pH may 
be approximately defined as pH = — logm [H^J, 
where [H^] is the concentration of the hydrogen 
ion in moles per liter. The use of the pH makes 
negative exponents unnecessary in describing the 
hydrogen-ion activity. In a system in which the hy- 
drogen-ion activity is 10 mole/liter, the pH is .3. 
The term is seldom used to describe solutions in 
which the hydrogen-ion activity is 1 or greater. 

The expression defining the pH is closely re- 
lated to the free energy of the hydrogen ion with 
respect to a standard reference state. See Acid and 
base; Glass electrode; Hydrogen elfxtrode; 
Hydrogen ion. [f.j.j,] 

Bibliography: R. G. Bates, Electrometric pH 
DoterminationSy 1957. 

Phaeophyta 

These plants, also called brown algae, are so char- 
acteristically marine that the larger members are 
commonly known as brown seaweeds or kelps They 
are widely distributed but are most numerous on 
the rocky coasts of the colder oceans. However, 
they may occur in the open ocean, on muddy salt 
marshes, or as epiphytes or endophytes. Many are 
able to withstand the desiccation of the intertidal 
isone, whereas others must remain continuously 
submerged. A few genera may be found at consid- 
erable depth. Both annual and perennial species 
have been discovered. They are distinguished from 
other algae by their brown or olive-green color, by 
their reproduction, and by the structure of the 
plant body. 

The brown color is caused by a marked predomi- 
nance of xanthophylls, including fucoxanthin, in 
the yellowish-brown chromatophores, and these 
pigments mask the green of the chlorophyll (see 
Carotenoid; Chlorophyll). Carbohydrates are 
stored not as starch but as soluble sugars, mostly 
in the form of the polysaccharide, laminarin, and 
;the alcohol mannitol. 

Economic importance. Although of neglible im- 
portance in Europe and in the Americas, several of 
the brown algae are utilized as human food in the 
^rient, chiefly Japan and the lands surrounding 
the China Sea. Here Laminaria^ Alaria, and other 
®lp8 are used in a variety of ways. They may be 
used raw or cooked, or they may be dried and pack- 
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aged for flavoring sauces, thickening soups, and 
for making wafers, cakes, or other confections. 
During the war years, the kelps were gathered and 
processed to produce organic components called 
alginates (salts of alginic acid obtained from the 
colloidal gel, algin, contained in kelps). Alginates 
are widely used in the ice cream, baking, rubber, 
and paint industries. The alginates are also used as 
suspending agents in a wide variety of pharmaceu- 
ticals. 

Reproduction. All of the Phaeophyta have an al- 
ternation of generations, that is, a definite alterna- 
tion of sexual and asexual individuals. The plant 
which develops the gametes (sex cells) is called 
the gametophyte, and that which produces the 
asexual spores is termed the sporophyte. The game- 
tophyte of this group may be small, filamentous, 
and inconspicuous, or it may not differ markedly 
from the sporophyte. In such forms as the Fucales 
the gametophyte stage is obscurely represented by 
a one-celled reproductive agent, the gamete. This 
evolving pattern of alternation of generations 
within the algae is considered important since it is 
a characteristic of all higher plants. 

Pear-shaped motile reproductive cells with two 
lateral flagella are characteristic of the phylum. 
Sexual reproduction is isogamous or anisogamous 
involving a small, active male gamete and a large, 
nonmotile egg. Asexual reproduction is accom- 
plished by fragmentation of the thallus or in most 
species by zoospores (swimming spores). 

Morphology. The plant body is always multicel- 
lular and may vary from a simple, filamentous 



Fig. 1. Eefoearpus. (a) Branched filament bearing, 
multicellular gametangla. One gametangium is re- 
leasing several biflagellate, pear-shaped gametes. 
(b) Branched filament bearing unicellular zoosporan- 
gia with zoospores. (From H. J, Fuller and O. Jippo, 
College Botany, rev* ed,. Holt, 1954) 
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form to a c'oinplex body having a basal attachment 
structure and a stemlike main plant body. The lat- 
ter may be branched or unbranched and of lengths 
varying up to about 50 meters. They may be broad 
and ribbonlike or have leaflike branches, and are 
often provided with air bladders. The largest forms 
may have a relatively complex internal structure. 

Classification. The Phaeophyta are divided into 
three classes on the basis of their life cycles. The 
Isogencraiae are distinguished by having an iso- 
morphic alternation of generations. A typical ex- 
ample (»f ihis group is Ectorarpus (Fig. 1), a genus 
of world-wide distribution with many species. It 
grows upon rocks or is epiphytic upon plants, 
usually other brown algae. The plant body is com- 
posed of branched filaments which may be 5 6 in. 
long. Fach cell is uninucleate with one or more 
simple or lobed plastids. The plant body may be 
cither garnetophytic or sporophylic (isomorphic). 
The diploid zygote is the first cell of the sporophytic 
generation which develops into the usual branched 
plant. 

Two kinds of reproductive organs may be pro- 
duced by the sporophyte. The terminal part of cer- 
tain bran<hlets enlarges forming a sporangium. 
The single nucleus of the young sporangium di- 
vide.s ineiotically and then the daughter cells sub- 
divide rnitotii ally until there are 32 or 64 free nu- 
clei (.see Mkiosis: Mitosis). There ensues a cleav- 
age of the protoplast into small uninucleate proto- 
plasts, eaeh containing a single chromatophore. 
Each of these protoplasts develops into a pyriform 
(pear-shaped), laterally biflagellate zoospore 
These zoospores are produced within a common 
cavity which (»pens through an apical fiore; this 
type of sporangium is unilocular. Meiosis occurs in 
the first of the nuclear divisions, so that the zoo- 
spores and the resulting plants are haploid. The 
terminal portions of other lateral branches, by nu- 
merous vertical and transverse cell divisions, may 
produce an aggregation of small cubical cells each 
containing a protoplast which may become a zoo- 
sj)ore. Each of these zoospores is formed from a 
separate cell; such sporangia are said to be plu- 
rilorular. The zoospores are diploid and upon ger- 
mination jiroduce additional sporophytes. These 
garnetophytic plants (developed from zoospores 
formed in the unilocular sporangia) produce only 
pliirilocular sporangia. The motile cells formed in 
sporangia may unite in pairs to form zygotes, the 
beginning of a new diploid generation, or may de- 
velop asexually into plants which are haploid and 
garnetophytic. 

Neither sexuality nor an alternation of genera- 
tions is obligate, as both the grfmetophyte and the 
sporophyte can be reproduced asexually. Other 
examf)les of common genera belonging to this or- 
der are Cutleria and Dictyota, 

The second class, the Heterogeneratae. is dis- 
tinguished by a heteromorphic alternation of gen- 
erations. This includes the order Laminariales. the 
species of which are commonly known as the kelps. 
In iMminarin the sporophyte is a large, complex. 


perennial plant consisting of a branching holdfast, 
a stipe (stemlike structure), and an expanded; 
blade (Fig. 2). This is the dominant generation. 
The gametophytes are microscopic branching fila. 
ments which, although free-living, are relatively 
ephemeral. Male and female gametes are prodiu^ed 
on separate gametophytes, and gametic union ij, 
oogamous. It is of interest that the relation of the i 
two generations is very similar to that found in ! 
the higher ferns and related groups. 

The third class, Cyclosporeae, is a group in 
which there is only a free-living diploid generation. ! 
There is but one order, the Fucales, which contain^' 
such well known genera as Fiicus, Ascophyllum, 
and Sargassum. In Fiicus (Fig. 3), the production | 
of reproductive cells is confined to the lips of the 
dichotomously branched thallus. Egg and sperm | 
may he produced on the same plant or on different I 
plants, depending on the species. As in all Pha^v 
phyla, the sperm arc laterally biflagellate. Thf i 



Fig. 2. Laminaria, (a) Devil's apron, with rootl 
holdfast, stipe, and blade, (b) Section of surface 
blade showing two zoosporangio with many z< 
spores, (c) Male gametophyte with terminal anth 
idia. (d) Female gametophyte with oogonium fr 
which an egg is emerging. (From H. J. Fuller and 
Tippo, College Bofany, rev. ed.. Half, 1954) 
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Fig. 3. Fucus. (a) Plant with basal disk or holdfast, 
dichotomous thallus, paired bladders or floats, and 
inflated tips or receptacles. The black spots on the 
latter are the openings leading into the cavities or 
conceptacles. (b) Section through a male conceptacle 


lined with paraphyses (multicellular hairs) bearing 
antheridia. (c) Section through female conceptacle 
lined with paraphyses and with a few oogonia contain- 
ing eggs. (From H. J. Fuller and O. Tippo, College 
Botany, rev. ed., Holt, 1954} 


produced in an oogonium vary from ei^ht in 
F'itnis to one in Snr ^ assurn . A meiotic division 
itikt's place in the formation of the haploid egg and 
^penn from the diploid plant. After the liberation 
i)\ the gametes when nuclear union (fertilization) 
()< ( iirs, the diploid zygote thus formed germinates 
(ilniost immediately. See Genetics. [p.a.v.] 

liihlio (> raphy : See Thai.lophyta. 

Phagocytosis 

\ term used in general biology to refer to the cn- 
gulfmenl (»f a particle by a cell, a process impor- 
tant in the nutrition of many protozoa and primi- 
tive metazoa, and in the metamorphosis and 
disposal of metabolic products of higher form.s. 
In medicine, phagocytosis refers especially to the 
engulfrnent of invading microorganisms by the 
wandering polymorphonuclear and mononuclear 
I'clls or microphages of the blood and the macro- 
phages of the reticuloendothelial system, including 
the wandering histiocytes and the various fixed 
phagO('ytic cells of the spleen, liver, lymphoid tis- 
sue. and bone marrow. Phagocytosis is thus one of 
the primary defense mechanisms in immunity 
against infection. See Cardiovascui.ar system: 
Metxzoa; Protozoa. 

The degree of phagocytosis in any particular in- 
"'tance depends, first, on the nature of the micro- 
^dal surface encountered. The virulence of many 
haettria can be correlated with their posse.ssion of 
particular polysaccharide or proteih surface com- 
.ponents that inhibit phagocytosis. The surface 
properties can frequently be altered by contact 
vith specific antibody an opsonin, or antibody 
his complement (opsonic action), so that the .sen- 
**»tizcd cell is now more readily phagocytized. A 
fecund factor is the nature of the tissue or other 
purface on which the microorganisms and phago- 
jytic cells rest; rough surfaces promote an en- 


hanced surface phagocytosis. In the body, bacteria 
may, in the presence of the appropriate antibody 
and complement, become adherent to particles 
such as erythrocytes (immune adherence), and in 
this condition, they are more susceptible to phago- 
cytosis than when free. 

A \ariety of consequences mav ensue once the 
microorganism.s have been engulfed. Tn many in- 
stances, bacteria are readily digested and de- 
stroyed; if the other factors in pathogenicity are 
favorable to the host, full protection and recovery 
follow. However, many imimrlant pathogens, such 
as the staphylococcus, can survive and often multi- 
oly within leukocytes. Intracellular microorgan- 
isms are (haracterislically found in tularemia, 
typhoid fever, brucellosis, and tuberculosis, among 
other chronic diseases. In this state, the bacteria 
may actually be protected against the bactericidal 
actions of antibody and complement, as well as 
some, although not all, antibiotics. The ultimate 
resolution of such infections depends on a complex 
balance between host and parasite. See Antibi- 
otic; Bruceij.osis; Immunity; Opsonin; .Staph- 
ylococcus; Tuberculosis; Tularemia; Typhoid 
fever; Virulence. | h.p.t.] 

Bibliography: R. A. Nelson, jr.. The immune-^ 
adherence phenomenon, Pror. Roy. Soc. Med.^ 
49:55-58, 1956; E. Suter, Interaction between 
phagocytes and pathogenic microorganisms, Bac- 
teriol. Rev., 20:94^132, 1956. 

Phalangida 

An order of the class Arachnida. The members of 
this order, also known as the Opiliones, are char- 
acterized by an unsegmented cephalothorax broadly 
joined to a segmented abdomen, paired chelate 
chelicerae, paired palpi, four pairs of segmented 
legs, a pair of simple eyes, and a genital opening 
between the fourth coxae. Their bodies range from 
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less than 1 to over 15 mm in length. Respiration 
is by tracheae. Many species possess scent glands, 
whose openings are at the antero-lateral portion of 
the cephalothorax. These emit a material with a 
pungent odor. The phalangids lay eggs which 
hatch into forms resembling the adults. Their food 
consists of vegetable matter and soft-bodied insects. 

While members of this order are found through- 
out the world, they attain their greatest abundance 
and diversity in the moist tropics. In these regions, 
they are often bizarrely spined and possess elab- 
orate dorsal color patterns. In temperate areas, the 
species are drab and often have long, spindly legs. 
These are the forms popularly known as daddy- 
long-legs or harvestmen. 

There are three suborders: the Cyphophthalmi, 
small, mitelike forms; the Laniatores, with flat- 
tened, often colorful, bodies, found chiefly in trop- 
ical areas, some species adapted to cave life; the 
Palpatores, including the long-legged forms found 
in temperate areas. Common genera are Leioba- 
num and Phnlangium. See Arachnida. 

[ r . J. GOODNIGHT 1 

Phalarope 

Any member of the family Phalaropidae, consisting 
of three monospecific genera. They are shorebirds, 
but differ from sandpipers in several respects. The 
toes are webbed basally and have lateral mem- 
branes. as in Wilson’s phalarope, Steganopus tri- 
color, or with lobed margins as in the two pelagic, 
marine species. The female is the larger and more 
brilliantly colored. It is also the female that does 
the courting and selection of the nest site, while 
the male incubates the eggs. 



The Wilson’s phalarope, Steganopus tricolor; length 
to 10 in. (From E. L. Palmer, Fieldbook of Natural His- 
tory, McGraw-Hill, 1949) 

All three species nest in the Northern Hemi- 
sphere. Wilson’s phalarope is found in the marshes 
of the Great Basin and Great Plains, whereas the 
two marine species are circumarctic. The northern 
phalarope, Lobipes lohatus, and the red phalarope, 
Phalaropiis fulicarinus, are both capable swimmers 
and may stay away from land for indefinite periods. 
See Charadriiformes; Sandpiper, [j. d. black] 

Phanerozonida 

An order of Asteroidea in which pedicellariae may 
occur, but are not the crossed type, and in which 
the margins of the body are defined by two con- 
spicuous series of marginal plates, one placed 
vertically above the other. The marginals constitute 




soperomorginol ^ ombulocral 


inferomarginali 



intermediate odombulocral 
(«) plate 


Diagnostic features of Phanerozonida. (a) Paxilla, in 
side view, (b) Three paxiilae in surface view (Pseudar- 
chaster). (c) Arm of Astropecten primigenius, showing 
marginal plates and paxiilae in transverse rows, (d) 
Transverse section of arm. 


a buttressing skeleton which is usually more robusl 
than the ambulacra! skeleton. The upper surface 
is covered by symmetrical rows of plates which 
often bear brushlike clusters of spines, the paxiilae. 
Papulae are restricted mainly to the upper surface. 
The tube-feet lie in two series in each ambulacra] 
groove. Pentamerous symmetry is more constant 
than in jhe other orders of Asteroidea. The order is 
repre.sented by Paleozoic fossils (suborder Pustu- 
losa) and by three other extant suborders. Sre 
Asteroidea; Notomyotina ; Paxillosina; Valva- 

TINA. [H. B. fell] 

Pharetronida 

An order of the subclass Calcinea in the class Cal- 
carea. These sponges have a leuconoid structure. 
The main skeleton is composed of quadriradiates 
joined together by a calcareous cement or consists 
of a rigid calcareous network not composed of 
spicules. The dermal skeleton commonly includes 
spicules in the shape of tuning forks or may be 
composed of overlapping calcareous scales. Exam- 
ples of this order are Minchinella, Murrayona, and 
Petrobiona. See Calcarea; Calcaronea. 

[w. D. hartmanI 

Pharmaceutical chemistry 

The chemistry of drugs and of medicinal and phar 
maceutical products. The important aspects o 
pharmaceutical chemistry are 

1. Isolation, purification, and characterizatioi 
of medicinally active agents and materials fron 
natural sources (mineral, vegetable, microbiologi 
cal, or animal) used in treatment of disease and i 
compounding prescriptions 

2. Synthesis of medicinal agents not known fror 
natural sources, or the synthetic duplication, fc 
reasons of economy, purity, or adequate supply, ^ 
substances first known from natural sources 



3. Semisynthesis, so called, of drugs, whereby 
atiiral substances are transformed by compara- 
vely simple steps into products with more favor- 
ble therapeutic or pharmaceutical properties 

4. Determination of the derivative or form of a 
ledicinal agent which exhibits optimum medicinal 
[•tivitv and at the same time lends itself to stable 
)rmulation and elegant dispensing 

5. Determination of incompatibilities, chemical 
id l)iologiral, between the various ingredients of 
prescription 

6. Establishment of safe and practical stand- 
•ds, with respect to both dosage and quality, in 
*der to assure uniform and therapeutically reli- 
)le forms for all medication 

7. Improvement and promotion of the use of 
lernical agents for prevention of illness, allevia- 
on of pain, cure of disease, and search for new 
icra])eutic agents, particularly where no satis- 
I' tory remedy now exists. 

Chemistry, in its various facets, along with cog- 
\tt‘ disciplines from the physical and biological 
icnecs. is essential for pharmaceutical chemis- 
\ ll is difficult to characterize any individual 
rocednre or reaction as solely or preponderantly 
liiinnaceiitical. For examjile. the jirocedure for 
m^erting alcohol to ether, an excellent general 
ipsthctic. may with slight modification be ad- 
i^tecl for the production of ethylene, an important 
idnstriiil chemical; and the step by which adi- 
•nilrile is hydrogenated to dianiinohexane, a syn- 
K’tic fiber intermediate, is useful for the conver- 
oii of strejitornycin to dihydrostreptomycin. Drug 
aiulardization uses many techniques and methods 
\ analytical chemistry. 

Tn the nineteenth century, beginning with the 
olalion of morphine from opium by F. W. A. 
^‘riiirner (1805), an apothecary from Einbeck. 
ermanv, effort was primarily directed toward the 
olalion of the active constituents of plants; this 
'suited in the discovery and description of many 
lkaJt>ids. glycosides, carbohydrates, volatile oils, 
fwl fixed oils. The terms plant chemistry and phar- 
acciitical chemistry were used interchangeably, 
nd this field of investigation remains active, even 
►dav, and promises to continue so for a long time 
► come, because it is estimated that less than 3% 

I the known flora have been examined. 

fhe Food and Drug legislation of 1906 led to the 
loadening of research activities to include the de- 
dopment of analytical procedures for the main- 
linance of the quality and potency of drugs. These 
ideavors are continuing and expanding, as may be 
in the quinquennial revisions of the National 
^>rniulary and the U.S. Pharmacopeia, both of- 
' ial standards, as supplemented by state and fed- 
"al regulations and tentative methods proposed by 
[^encies charged with the enforcement of these 
llieial standards. See Pharmacognosy; Pharma- 
olocy; Pharmacy. [w. h. hartung] 

^Miography: G. L. Jenkins, W. H. Hartung, 
• pata, and K. E. Hamlin, The Chemistry of 
^ganir Medicinal Products^ 4th ed., 1957; Na- 
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tional Formulary; Pharmacopeia of the United 
States. 

Pharmaceuticals testing 

Methods used to determine whether pharmaceuti- 
cals are efficacious; of a standard and consistent 
potency and purity; and acceptable as to color, 
flavor, and physical appearance. Pharmaceuticals 
are medicinal products prescribed by medical doc- 
tors and dispensed through pharmacies and hospi- 
tals. Pharmaceuticals are taken into the body orally 
or through parenteral injection, usually when the 
patient is weakened by infection or illness. 

The steps in the production cycle for pharma- 
ceuticals must be uniformly controlled, and each 
operation must be as completely accurate as any 
other phase in the cycle. These control phases are 
commonly staled as (1) raw materials, (2) manu- 
facturing iirocedures, (3) finished-product testing, 
and (4) control of identity. 

Raw materials. These are usually referred to as 
“fine’* chemicals and are purchased on specifica- 
tions. If the raw material is officially recognized in 
the Pharmacopeia of the United States, or in the 
National Formulary, the specifications are provided 
in monographs in these compendiums. If the raw 
material is not officially included in these compen- 
diums, chemical or physical specifications, or both, 
are prepared by the purchaser on the basis of the 
requirements for the finished product. 

Physical specifications include such characteris- 
tics as hulk density, mesh size, color, odor, extra- 
neous contamination such as fibers, and homoge- 
neity. Chemical specifications usually include such 
characteristics as chemical or physiological po- 
tency, melting point, boiling range, optical rotation, 
moisture, heavy metals content, chemical identity, 
and presence of chemical contaminants. 

Samples are taken upon receipt of a specific 
batch of raw material. Sampling may consist of a 
composite sample, composed of small portions from 
each container within the hatch, or of one or more 
random small portions of the entire batch. The 
sample or samples are subjected to testing pro- 
cedures to ensure conformance to each specifica- 
tion. In addition to physical inspection, testing pro- 
cedures may range from simple melting-point de- 
termination to very complex chromatographic as- 
says. Only after the raw material has been checked 
against each of the specifications can it be ap- 
proved for use in pharmaceuticals. 

Manufacturing procedures. To ensure products 
of the highest quality, pharmaceuticals must be 
•manufactured under strictly regulated procedures 
and with adequate checks during each operation. 
Batch tickets or manufacturing formula cards set 
forth each manufacturing step in detail, and upon 
completion of each step, the card is usually ini- 
tialed by the operator. Exact processing tempera- 
tures, specific mixing times, designated equipment, 
and precise details of operations, such as filtration 
or compression, are carefully spelled out on the 
batch ticket. All raw materials are double-checked 
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for identity and quantity before being incorporated 
in the process. 

In-process assays are used to ensure homogeneity 
of mixing or completeness of reaction in the manu- 
facturing process. Such assays range from simple 
pH measurements to complex infrared spectropho- 
tometric determinations. 

Upon complethin of the manufacturing opera- 
tion, batch tickets are usually checked by control 
inspectors to ensure that each step has been signed 
for. Representative samples of the bulk batch are 
taken by the inspectors and submitted to the chemi- 
cal or biological testing laboratory for final assays. 
These representative samples may be either com- 
posite or random samples. 

Finished-product testing. Usually each batch of 
a pharmaceutical must satisfy four requirements. 
It must conform to (1 ) the label claim for potency, 
(2) homogeneity standards, (3) standards of phar- 
maceutical elegance, and (4) identity requirements. 

Potency standards require that the batch meet la- 
bel claims within specified limits. Monographs of 
the United States Pharmacopeia or the National 
Formulary usually indicate maximum and minimuin 
limits for official products. Limits for unofficial 
products are established by the manufacturer and 
are usually modeled after those for official prod- 
ucts. Potency assays vary in complexity from a sim- 
ple test on a single-component pharmaceutical such 
as an ascorbic acid tablet to very complex <*hemi- 
cal and biological tests on a multicomponent phar- 
maceutical such as a vitamin preparation contain- 
ing several vitamins plus minerals. Before approval, 
biological products must meet similar complex and 
severe criteria for potency. 

Some special types of pharmaceuticals require 
additional complex tests. All parenteral products, 
intended for injection, must meet sterility require- 
ments. Frequently tests are required on these for 
pyrogens and for “safety” (toxicity). These addi- 
tional tests are necessary to ensure that no undesir- 
able physiological reaction will result from admin- 
istration of the pharmaceutical. 

Statistical quality control trend charts on cer- 
tain characteristics of a batch, such as tablet 
weights, ampule-filled volume, or random assay 
values, indicate conformance to homogeneity stand- 
ards. Stability tests, which are usually more com- 
plex than potency tests, are frequently made to en- 
sure that the pharmaceutical will remain potent 
and safe for use during normal shelf life. Such tests 
confirm the absence of harmful deterioration prod- 
ucts during the ordinary time lapse between manu- 
facture and use. 

Pharmaceutical elegance refers to the physical 
appearance of the dosage units of pharmaceuticals. 
Conformance to these standards includes inspection 
to ensure that solutions are “sparkling clear,” that 
tablets are not “capped” or “chipped,” that paren- 
teral ampules are free of “floaters,” and that col- 
ored products are of the right hue or shade. These 
standards govern physical quality. 

Identity. Identity is the final requirement in 
pharmaceutical testing. Testing for identity guar- 


antees that the product has been properly labeled, 
that is, that the right product is in the right hot. 
tie with the right label. Serious consequences would 
result from a bottle of strychnine tablets care- 
lessly labeled as saccharin tablets. To maintain the 
identity of the product, extensive checks are made 
throughout the manufacturing operation, including 
the use of duplicate label tags on all bulk goods, 
and very rigid controls are applied to printing, stor- 
age. and application of labels on finished pharma- 
ceuticals to ensure final identity. 

Only when all the operations in the production of 
pharmaceuticals, from securing raw materials to 
labeling the final container, are rigidly controlled 
through testing and chiteking procedures can one 
be assured that the pharmaceutical is pure, safe, 
and efficacious. See Bioassay; Quality conthol. 

[ W.Jj.FO. I 

Bibliography. W. B. Fortune, Control of fine 
chemicals and pharmaceuticals. Anal. Chern., 
29(7) : 17A 29A, 1957; National Formulary, vol. 
10, 1955; U.S. Pharmacopeia, vol. 15, 1955. 

Pharmacognosy 

The general biology, biot-hemisfry, and efononiir'" 
of nonfood natural products of value in medicine, 
pharmacy, and other health professions. 'J^hc prod 
nets studifjd are of biologic origin, either plant or 
animal. They may consist of entire organs, mix- 
tures obtained by exudation or cxtra< tion, or chem- 
icals ohtamed by extraction and subscfiuent purifi- 
(^ation. 

Pharmacognosy literally means knowledge of 
drugs, as do pharmacology and pharmacy. The 
center of interest in pharmacology, however, is on 
the mode of action of all drugs on the animal bod\. 
particularly on man. In pharmacy, major attention 
is directed toward provision of suitable dosage 
forms, their production and distribution. Pharma- 
cognosy is restricted to natural producl.s with at- 
tention centered on sources of drugs, plant and an- 
imal. 

Sources of materials. Organs, or occasionally en- 
tire plants or animals, are dried or frozen for pres- 
ervation and are termed crude drugs. They may be 
used medicinally in essentially this form, as in the 
case of the cardiac drug, digitalis, or the endocrine 
drug, thyroid, or as sources of mixtures or of chem- 
icals obtained by processes of extraction. 

Mixtures obtained by exudation from living 
plants include such drugs as opium, turpentine, 
and acacia. Processes of extraction are required tu 
obtain such mixtures as peppermint oil (steam dis- 
tillation), podophyllum resin (percolation), and 
parathyroid extract (solution). For a discussion of 
classes of natural products with medically signifi* 
cant members of this type see Essential oils; 
Fat and oil, edible; Gum; Terpene; Wax, ani* 
mal and vegetable. 

Pure chemicals may be extracted from a crude 
drug (for example, the glycoside digitoxin from 
digitalis or the hormone insulin from pancreas )* 
from a mixture obtained by exudation (for exam- 
ple, the alkaloid morphine from opium), or from 



an extracted mixture (for example, the terpene 
menthol from peppermint oil). For a discussion of 
natural products of this type see Alkaloid; Cly- 
cosfdk; Hormone. 

Vitamins as a class of natural products are 
within the scope of pharmacognosy, although many 
are now obtained commercially by laboratory syn- 
thesis. Included also are antibiotics and biologicals 
(serums, vaccines, and diagnostic biological prod- 
iiris ) . See ANTIBIOTIC ; Vitamin. 

The general biology of pharmacognosy is largely 
descriplive. It includes the taxonomic position of 
the natural source of the product, the part of the 
t)lant or animal yielding the drug, the scientific 
and common names of the biologic source, the 
trios*, and histologic anatomic characterization of 
the part used, and the princijial uses of the product 
in the health professions. 

'I'hr biochemistry is both descriptive and experi- 
mental. It includes the chemical nature and per- 
( (Milage of the medi(‘ally signific<Mnt constituent, 
the mechanisms of biosynthesis of the con^.tituent. 
and the role of the constituent in the economy of 
the plant. Increasing attention is being paid to 
mta lianisms of biosynthesis by the use of radioac- 
tive precursors of medicallv active constituents to 
l<)II(»w biosynthesis step by step. The isolation and 
chcrnical identification of new, potentially useful 
plant and animal constituents are an important 
aspect of biochemical research in pharmacognosy. 

The economic aspects include the discovery and 
study of natural sources of crude drugs and their 
druivatives, develotiment of cultivated sources 
^vhe^e feasible, improvement of the vield of useful 
roiisiituents, and protection of medically useful 
« rnp plants from their natural enemies. Methods 
of harvesting, drving, curing or other processing 
treatment, storing, packaging, and shipping enter 
into the commerc e of drugs. 

For a single drug, for exam|)le. menthol from 
peppermint oil, these several aspects are fre- 
<|ncnllv inseparable. The commercial grower must 
know the spec’ies of Mentha yielding ccjmmercially 
profitable quantities of the essential oil and of 
menthol, percentage yields from various species. 
<onditions suitable for growth, natural enemies of 
die growing plant such as specific viruses, methods 
of extraction of the oil and of isolation of the men- 
*hol, and proper conditions for packaging, storing, 
and shipping the purified drug. Scientific study of 
the genetics of species of Mentha are of academic 
micrest and of potential commercial importance. 

Uses of materials. Medical uses are chiefly as* 
therapeutic, prophylactic, or diagnostic agents. 
Ihior to the twentieth century, the materia medica 
•d all countries was preeminently of natural prod- 
”<'ts; it still is in less civilized countries. Twenli- 
^'th-century research has contributed many syn- 
thetic and semisynthetic drugs to the modern 
materia medica, but a significant number of crude 
drugs are still the drugs of choice in therapy or 
«erve as the source of widely used purified mix- 
tures or chemicals. Digitalis and its glycosides, the 
^ilkaloids of opium and belladonna, penicillin, thy- 
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roid, insulin, and poliomyelitis vaccine are exam- 
ples. 

Pharmaceutical uses are chiefly in the produc- 
tion of palatable and stable dosage forms; gums 
and mucilages in emulsions and suspensions, starch 
and lacio.sp in tablets, sugar and essential oils in 
elixirs, oils and waxes in ointments. Many natural 
products of insignificant or questionable therapeu- 
tic value continue to he used in home remedies. 

Uses in other health professions include anti- 
septics. protectives. and local anesthetics used by 
dentists: rodenticides, insecticidi^s, and other pesii- 
cides used in the protection of the public health; 
and a variety of prophylactic and therapeutic 
agents used by veterinarians. 

A large number of natural products of value in 
the health professions are used also in cosmetology 
(es.sential oils, gums, fats, and waxes), in the culi- 
nary arts (spices, essential oils, and condiments) 
and in industry (naval stores, mucilages, fats, and 
waxes). 

The role of a medically active chemical produced 
and used by the animal organism is usually well 
understood. Physiologic function within the organ- 
ism and therapeutic use by man are usually closely 
related, as in the ease of pepsin, thyroid, or the sex 
hormones. 

Corresponding knowledge of medically active 
plant (onstitLients is almost nonexistent. The role 
of menthol in the economy of Mentha piperita, of 
digitoxin in Digitalis purpurea, of morphine in 
Papai er sornniferum, or of reserpine in Rnuu olfia 
serpentina is unknown. Through the centuries, 
however, mankind has discovered that certain 
plants relieve the symptoms of or cure certain dis- 
eases. With the discovery of alkaloids in the early 
nineteenth (entury and of the other major classes 
of medically active plant constituents, the chemi- 
cals responsible for therapeutic actions have been 
identified one by one. but not the function of these 
chemicals in their respective plant sources. 

Types of materials. Classes of therapeutic agents 
have frequently been discovered by study of hio- 
svnthesi/.ed medicinal chemicals. Most such 
classes, in fart, have been developed from chemi- 
cals originally known from crude drugs or from 
their exudates or extractives. The first uses of 
opium as a narcotic and analgesic drug are lost in 
antiquity, hut its position in the medical practice 
of the day has been primary for over 2000 years. 
Morphine was among the first alkaloids to be iso- 
lated, has been widely used for more than 150 
years, and from its study has developed a class of 
analgesic drugs of wide application in medica] 
practice. 

An analogous pattern has given the modern 
classes of hypotensive drugs and tranquilizers. 
The Indian drug rauwolfia after centuries of use in 
folk medicine eventually found its way into scien- 
tific medical practice in the orient. Study of its 
chemical derivatives during the 1930s and 19408 
revealed the presence of many alkaloids one of 
which, reserpine, was shown to be an effective anti* 
hypertensive agent. Subsequent therapeutic use of 
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reserpine and other rauwolfia products soon dem- 
onstrated the tranquilizing action. A large class of 
drugs having hypotensive action, tranquilizing ef- 
fect, or both has been developed rapidly. Various 
species of the genus have been characterized mor- 
phologically, and intensive study has been under- 
taken of practical methods of culture. 

A third major class of modern drugs of natural 
origin, the antibiotics, has been developed largely 
since the beginning of World War II. The proto- 
type, penicillin, was discovered in part as a result 
of fortuitous accident, but the many other com- 
mercially available antibiotics have been developed 
as a result of carefully planned systematic search. 

Not infrequently, the clue that has led to collec- 
tion and scientific investigation of a crude drug as 
a possible source of medically significant constit- 
uents has been use of the drug by uncivilized peo- 
ples for a nonmedical, but to them desirable, pur- 
pose such as narcosis, or as a poison against wild 
animals or man. The use of opium as a narcotic by 
the laity undoubtedly preceded its medical use. 
Coca was chewed or sucked by the Indians of 
South America to increase endurance, was con- 
demned by the Spanish who conquered the Incas, 
but was eventually introduced into medical prac- 
tice in Europe. Discovery of the local anesthetic 
action of the alkaloid cocaine led to the develop- 
ment of a new and important class of therapeutic 
agents, the local anesthetics. 

A second native drug from South America, cu- 
rare, was first used by the Indians as an arrow poi- 
son for killing wild animals used as food. The 
neuromuscular paralysis caused in game by the 
drug suggested therapeutic use as a muscular re- 
laxant. Studies of the plants yielding crude curares 
revealed several species of two principal genera, 
Strychnos and Chondodendron^ as the main 
sources. A number of crystalline alkaloids was iso- 
lated from crude curares; eventually the alkaloid 
tubocurarine was identified as having the thera- 
peutic potentialities suggested by the paralyzing 
action of the native drug. The botanical source was 
established as Chondodendron tomentosum. 

Comparable studies of the African arrow poisons 
inee and kombe have added ouabain and strophan- 
thin to the class of cardioactive glycosides of which 
digitoxin is the most widely used. The arrow poi- 
sons are prepared from African species of Stro- 
phanthus and are used by natives of both the east- 
ern and western coasts. 

The alkaloid physostigmine, also from an Afri- 
can poison and useful in the treatment of glau- 
coma, was discovered as a result o{<use of its plant 
source as a human poison in the trial by ordeal of 
those accused of offenses. The alkaloid is the toxic 
constituent of the seeds of Physostigma venenosum^ 
which were fed to the accused. Toxic symptoms 
were taken as evidence of guilt ; those who vomited 
the material were considered guiltless. 

Synthgtic materials. Development of synthetic 
drugs related chemically to the active constituent 
of a natural product has frequently followed inves- 


tigation of primitive use of the natural product as 
drug or poison. The objective of such development 
is usually to produce a drug having fewer undesir- 
able side effects while retaining the useful thera- 
peutic action. Substitutes for morphine, reserpine, 
cocaine, tubocurarine, and physostigmine are 
among a host of synthetic drugs which accomplish 
the objective to a greater or less degree and whose 
discovery depended upon study of natural prod- 
ucts. 

Intermediates useful in the laboratory synthesis 
of drugs often exist as therapeutically inactive 
chemicals in natural products. Plants and animals 
biosynthesize many such compounds with chemical 
structures similar to b^t not identical with medici- 
nally useful substances. A slight change in molecu- 
lar configuration may yield a potent therapeutic 
agent. A simple example is pinene, a chemical 
abundant in turpentine oil and convertible by lab- 
oratory procedures into camphor. The resulting 
“synthetic” camphor is actually semisynthetic and 
posses.ses the therapeutic and most other proper- 
ties of natural camphor. 

An important class of natural intermediates arc 
the .steroids, widely distributed in both plants and 
animals. Some chemical variations are active phys- 
iologically and a.s drugs, for example, sex and 
adrenal cortical hormones. Natural sources, glands 
of domesticated animals used as food by man. aic 
not available in quantities adequate to fulfill the 
drug nee^s for these products. Many plants con- 
tain steniids suitable as intermediates for .sex hor- 
mones. Natural intermediates readily converted 
into adrenal cortical hormones are uncommon, and 
extensive search for such steroids has been made 
since the late 19408. Field studies involve collec- 
tion and identification of plants judged to he po 
tentially good sources of steroids, preliminary ex- 
traction and determination of the presence or 
absence of these intermediates, and further collec- 
tion, drying, and preserving of larger quantities of 
promising species. 

Systematic screening of plants of reputed thera- 
peutic value and indigenous to a country or other 
restricted geographic area is a costly and time- 
consuming procedure — a major reason it has been 
done for relatively few regions. Notwithstanding, 
such surveys give promise of uncovering new 
sources for known classes of drugs, adding lo 
knowledge of such little-known classes as halluci- 
nogens and anticarcinogenic drugs, developing en- 
tirely new classes of therapeutic agents, and 
providing profitable natural sources of intermedi- 
ates useful in drug synthesis. See Antimicrobial 
agents; Biochemistry; Pathology; Pharma- 
ceutical chemistry; Pharmacology; Phar- 
macy; Plant physiology; Tranquilizer. 

[r.a.d-I 

Bibliography: American Association of Col- 
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Claus (ed.), Gathereoal and Wirth Pharmacog- 
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Pharmacology 

The science of detection and measurement of the 
effects of drugs or other chemicals on biological 

stems. The effects of chemicals may be beneficial 
(therapeutic) or harmful (toxic) when adminis- 
tered to man, other mammals, or other living sys- 
tems. The pure chemicals or mixtures may be of 
natural origin (plant, animal, or mineral) or may 
[>e synthetic compounds. 

The broad area covered may be conveniently di- 
vided into a number of categories: chemotherapy, 
the use of chemicals to destroy invading organisms 
mich as bacteria and molds in or on the host ; phar- 
macotherapy, the use of drugs to restore or replace 
normal function in various tissue cells, organs, or 
integrated units; pharmacodynamics, studies on the 
mechanism of action of drugs which may uti- 
lize^ physiological, biochemical, or electrical tech- 
niques; toxicology, the study of the poisonous ef- 
fects of chemicals; psychopharmacology, the study 
of the effects of chemicals on the behavior of man 
or animals; biochemical pharmacology, the effects 
of ( hcmicals on biochemical reactions in living sys- 
leiris, and the effects of these systems on the chemi- 
(als, that is. their metabolism; structure-activity 
relationship, relationship of biological activity to 
(hemical structure and molecular properties; and 
clinical pharmacology, the study and evaluation of 
ihc effects of drugs in man. See Chemotherapy; 
Pathoeouy ; Toxkology. 

I'he chemicals which have a beneficial effect in 
man (such as restoring function or behavior to- 
ward the normal state, relieving pain, destroying 
harmful invading organisms, or aiding in the diag- 
n»)sis of disease) are called drugs; those chemicals 
which produce only harmful effects are called poi- 
sons. All drugs may be poisonous, however, if ad- 
ministered in large enough amounts. .See Poison. 

It is a fundamental property of drugs that their 
effects increase in intensity as the dose is increased, 
determination of this relationship delineates the 
dose-response curve. This relationship can be use- 
fully summarized by the dose required to produce a 
standardized effect and also by the slope of the 
curve. In many situations, the numerical expression 
oi the dose required to produce 50% of the maxi- 
mal response permits comparison of drugs having 
the same type of action. This EDso (dose effective 
at the 50% level) is usually the standard-effect 
dose used to compare the potency of drugs havinjg 
the same action, since it can be determined with 
^ireater precision than other doses producing a 
smaller or larger percentage of the maximal effect. 
Measurement of toxicity as manifested by lethal 
effects is expressed similarly as the LD50 (lethal 
dose 50). The relative safety of drugs is estimated 
means of the therapeutic index which is the ra- 
of the LD50 to the ED50. The higher the ratio, 
safer the drug. See Effective dose 50; Lethal 
t>osE 50. 
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The necessity to use such terms as EDgq and 
LDsot which are averages, implies that individttl^^ 
have been found to differ in the amount of drdg 
that each will require to produce the desired 
Tt is common knowledge that various IndividiMlt 
tolerate widely varying quantities of ethyl alcohol. 
Individual differences occur in the response to all 
drugs, and what may be an effective dose in one 
person may not be effective in another. Individuals 
may al.so differ qualitatively in their response to a 
drug. Depending upon the effect under study, place- 
bos (pills or other preparations containing starch, 
sugar, and coloring matter, but no pharmacologi- 
cally active agent) may also produce a favorable 
response in some individuals. The administration 
of a placebo to a person with hyperten.sion may re- 
sult in a temporary fall in blood pressure, for ex- 
ample; and in several studies of agents used to 
relieve pain, as many as 35% of the individuals 
tested obtained relief of pain from the administra- 
tion of the placebo. Observations such as^ these have 
pointed out the necessity of using a placebo con- 
trol or a positive control (a drug of established 
activity) in experiments designed to evaluate a new 
drug. Because the attitude of the physician who ad- 
ministers a drug may also influence the way pa- 
tients respond, this variable is controlled by . use of 
the double-blind technique; that is, neither the in- 
dividual nor the doctor knows which sample is 
drug and which is placebo. 

The use of animals has been and is absolutely es- 
.sential to progress in pharmacology and other medi- 
cal sciences; however, different species may differ 
markedly in their response to drugs both quantita- 
tively and qualitatively. Drugs which produce seda- 
tion in one species may produce excitement in an- 
other. Fortunately, most chemicals produce similar 
effects in many species, including man. Unfortu- 
nately, all drugs found effective in animals are not 
effective in man, presumably due to differences in 
metabolism or excretion or to unrecognized differ- 
ences in the nature of the disease process or the 
physiological mechanism of maintenance of the 
same function in different species. Study of these 
differences has yielded much basic information on 
mechanism of actions of drugs and on physiologi- 
cal and biochemical differences among species. Fu- 
ture studies may be expected to contribute to the 
understanding of individual differences within spe- 
cies. See Bioassay; Pharmaceutical chemistry; 
Pharmacognosy; Pharmacy; Psychopharmaco- 

LOCIC DRUGS. [c.J.K.] 

Bibliography', V. A. Drill (ed.), Pharmacology 
in Medicine, 2d ed., 1958; L. S. Goodman and A. 
Gilman, The Pharmacological Basis of Therapeu- 
tics, 2d ed., 1955. ' 

Pharmacy 

The health profession concerned with the discov- 
ery, development, production, and distribution of 
drugs. Drugs are substances (other than devices) 
used to diagnose, prevent, cure, or relieve the 
symptoms of disease. For relations to closely allied 
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fields see Medicine; Pharmaceutical chemistry; 
Pharmacognosy; Pharmacology. 

General pharmacy practice. This part uf the pro- 
fession is carried on in exclusive prescription phar- 
macies, semiprofessional pharmacies, and drug- 
stores. It consists of compounding and dispensing 
drugs on order of the physician, dentist, or veteri- 
narian; serving as consultant on drugs to the 
health professions and to the public; and selling 
other health supplies such as antiseptics, band- 
ages, and home remedies. Combination of nonpro- 
fessional with professional activities is customary 
in the United States, however, and is commonly 
termed retail pharmacy. 

Hospital pharmacy. In addition to qualities char- 
acteristic of general pharmacy practice, hospital 
pharmacy includes special administrative features, 
provision of drugs for nursing stations, manufac- 
turing of pharmaceutical preparations, teaching of 
nurses and medical and pharmacy interns, service 
to the hospital committee on pharmacy and thera- 
peutics, and the preparation and revision of a hos- 
t)ital formulary. The hospital pharmacist may have 
charge of investigational drugs, radioactive phar- 
maceuticals, medical and surgical sterile supplies, 
and gaseous drugs for inhalation therapy. 

Pharmaceutical research. One type of research 
is in pharmaceutical chemistry, synthetic if the ob- 
jective is to produce new and improved drugs by 
laboratory procedures, and analytic if the objective 
is to provide improved methods of assay for quality 
control of pharmaceutical production. Research 
may be in product development, aimed at provision 
of more palatable, stable, economical dosage forms. 
It may be on drugs from natural sources (pharma- 
cognosy), or on the mode of action of drugs from 
any source (pharmacology). It draws heavily on 
investigations in organic chemistry, biochemistry, 
and microbiology. 

Manufacturing pharmacy. The pharmaceutical 
industry is the mass-production medium of drugs 
and suitable dosage forms. It produces some of its 
own raw materials, but depends on the closely al- 
lied chemical industry for most of them. It spon- 
sors and conducts extensive pharmaceutical re- 
search. 

Pharmaceutical distribution and promotion 
are specialized activities within the pharmaceuti- 
cal industry which are now commonly called phar- 
macy administration; this term also includes the 
commercial phases of retail pharmacy. 

Pharmaceutical jurisprudence. This is a highly 
specialized area in pharmacy. General pharmacy 
practitioners and hospital pharmacists are subject 
to Federal and state laws on drugs and pharmacy 
practice. A board of pharmacy serves as the law 
enforcement agen<'y and the examining and licens- 
ing body in each state; various Federal agencies 
administer the provisions of the several Federal 
laws governing pharmacy. 

Other special fields of pharmacy include jour- 
nalism. administration of national and state asso- 
ciations, provisions of modern drug standards. 


Pharmaceutical education. From 1932 to I960 
the education of pharmacists consisted of collegi. 
ate studies for at least 4 years in basic science, 
mathematics, general education, and professional 
areas. In 1960 the minimal educational program 
was extended by 1 year to a total of 5 years of 
collegiate study. A flood of new and complex drugs. 
relea.sed at the rate of hundreds per year since the 
end of World War II, has made necessary for the 
pharmacist a strong background in the physical 
and biological sciences, highly specialized train' 
ing in drugs, and the sociologic and humanisti(‘ 
understanding desirable in all professional people. 

[ R.A.I).] 

Bibliography: R. A. Peno, T. D. Rowe, and D. C. 
Brodie, The Profession of Pharmacy, 1959; Health 
News Institute, Facts about Pharmacy and Phar’ 
rnaceuticals, 1958; E. W. Martin and E. F. Cook 
(eds.). Remington’s Practice of Pharmacy, 1956. 

Pharynx 

A chamber at the oral end of the vertebrate alimen- 
tary canal, leading to the esophagus. Because ol 
divergent specializations in the various classt?h of 
vertebrates, it cannot be described in general terms 
except at embryonic stages. In adult man it is di 
vided anteriorly by the soft palate into a ^jasopliai* 
ynx and an oropharynx, lying behind the tongue 
hut anterior to the epiglottis; there is also a retro- 
pliaryngeal compartment, posterior to both epiglot- 
tis and s^t palate. The nasopharynx receives the 
nasal passages and communicates with the two mid- 
dle ears through auditory tubes. 'I’he retropliarynx 
leads tt) the esophagus and to the larynx, and the 
I)aths of breathing and swallowing cross within it. 
In adult fishes, the pharynx is not segregated fn>in 
the mouth cavity but is pierced by a number of 
paired gill slits. See Esophagus; Larynx. 

Embryology. Shortly after the germ layers of the 
embryo are in place, the pharyngeal cavity appears 
as a .simple enlargement of the anterior end of the 
endoderm tube. Its lateral or lateroventral walls 
promptly become thickened as a series of paired 
pillars, the pharyngeal segments (branchial archc^' 
or visceral arches), separated from their fellows b> 
paired pouches which push outward from the endo- 
dermal lining of the cavity. These pharyngeal 
pouches are approached on each side by corre- 
sponding branchial grooves which push inward 
from the head ectoderm. The matching grooves and 
pouches may meet, their touching surfaces may 
then become thinned as clo.sing plates, and they 
may actually break through as pharyngeal clefts. 
The mouth perforates into the pharyngeal cavity 
in a similar way anteroventrally. This embryonic 
appearance of the pharynx as an enlarged anterior 
gut chamber, whose walls are marked by pouches, 
grooves, clefts, and intervening pillarlike seg- 
ments, isjL>ne of the few characteristics found in all 
members of the phylum. 

The more primitive vertebrate embryos, such as 
those of lampreys and sharks, have up to seven or 
even more pairs of large open pharyngeal clefts of 




Lamprey embryo, side view and horizontal section of 
pharynx region. 


liiiilv uni form size. Embryos of reptiles, birds, and 
mammals show fewer segments and sharp reduction 
of the more posterior ones. Also several of the last 
phaivngeal pouches fail to break through as clefts. 
Whereas in most fishes several posterior clefts be- 
(ornc enlarged and the intervening segments be- 
come equipi)ed with gills and valvtjs during devel- 
o[mient. few vestiges of either pouches or clefts 
remain at adult stages of land animals. Neverthe- 
in all vettebrates the solid tissues (»f the pha- 
rviigeal segments give rise to numerous structures 
of the head and neck. 

Each pharyngeal segment of the embryo is lined 
[)> ectoderm (the future epidermis) on the outside, 
and by endoderrn (the future mucous membrane) 
on the inside. The mesoderm enclosed between 
theve layers is of hytiomeric or lateral-plate origin, 
and differentiates chiefly into muscles and arteries 
Lsrt' Kkspiratoky system). In addition to these 
( (msiitucnts, tongues of neural crest cells migrate 
down into the pharyngeal segments and differen- 
tiate there into skeletal elements, except in cyclo- 
^tome fishes. See Neural crest. 

Pharyngeal derivatives. The first pair of pha- 
ryngeal segments, called the mandibular segments, 
enclose the mouth between them, and their skele- 
ton-forming cells produce the mandibular carti- 
lages, which arc the earliest rudiments of the lower 
jaw. Their muscle- forming cells differentiate into a 
dorsal group of muscles whose principal function 
in all gnathostome vertebrates is to snap the jaws 
‘'hut, and a ventral group which support the tongue 
by forming a sheet between the halves of the lower 
law. All the.se muscles are supplied by the motor 
division of the trigeminal nerve. See Gnathostot 
Mata. 

The second pair are called the hyoid segments. 
They arise just posterior to the mandibular seg- 
nients, usually separated from them temporarily by 
byomandibular clefts. They lie ventral to the ear 
vesicles on the sides of the embryonic head. Their 
skeleton-forming cells form important parts of the 
tongue support, and their muscles are used in some 
'vertebrates for opening the mouth, for tongue 
^'manipulation, for facial expression, and other func- 
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tions. The motor division of the facial nerve in- 
nervates the hyoid group of muscles. In higher 
vertebrates the hyomandibular pouch is involved in 
the formation of the auditory tube and the middle 
ear space. 

The third and all more posterior pairs are called 
branchial segments since in fishes they usually form 
gill-hearing arches; they tend to be repressed or 
dispersed in the development of the higher verte- 
brates. Their skeleton-forming cells either form a 
succession of jointed rodlike bones or cartilages 
for the support of gills, as in fishes, or join the 
hvoid skeleton in tongue supyjort and concentrate 
ventrally in the larynx cartilages, as in terrestrial 
vertebrates. In fishes the muscles derived from the 
first branchial segment (the third in the pharyngeal 
series) are strhlly innervated by the glossopharyn- 
geal nerve, and those of all the rest of the segments 
by individual branches of the vagus nerve. They 
function for manipulation of the gills, and for 
grinding and swallowing food. In higher verte- 
brates, the branchial segments become Jess and less 
distinct during development and the nerve supply, 
while siill derived from the glossopharyngeal and 
vagus nerves, is not so clearly segmental, since the 
striated muscles themselves become arranged in a 
more or less c ontinuous pharynx-constrictor sheet 
or congregate in the laryngeal cartilages, serving 
new mechanisms of swallowing and sound produc- 
tion. See Speech. 

Histology. The pharynx is in general lined by 
simple mucous membrane, hacked by fibrous con- 
nective tissue and a double layer of striated muscle. 
In bony fishes its skeletal arches may he thickly 
studded with simple teeth, or may even be devel- 



Chick embryo, side view and horizontal section of 
pharynx region. 
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oped into grinding or crushing plates. Terrestrial 
vertebrates show simple tubular glands emptying, 
usually in great numbers, through the mucous mem- 
brane and tonsillar collections of lymphoid tissue 
in the submucosa. See Tonsil. 

Gross derivatives. Elaborate gill pouches are 
developed in all aquatic groups and subject to many 
special adaptations. They differ sharply in design 
in lampreys, hagfishes, cartilaginous fishes, and the 
bony fishes. A median ventral evagination from the 
posterior end of the pharynx gives rise to the en- 
tire respiratory system of the land vertebrates, in- 
cluding lungs, larynx, and trachea. A similar but 
often dorsal evagination, usually from the pharynx- 
esophagus boundary, gives rise to the air bladder in 
bony fishes. See Respiratory system ; Swim blad- 
der. 

The epithelium of the pharyngeal pouches and 
of the pharynx floor produces a constellation of 
endocrine glands and other structures. See Para- 
thyroid gland; Thymus gland; Thyroid gland; 
Ultimobranchial bodies. fw.w.B.] 

Bibliography: L. B. Arey, Developmental Anat- 
omy, 6th ed., 1954; A. S. Romer, The Vertebrate 
Body, 2d ed., 1955. 

Pharynx disorders 

These include the more common congenital defects, 
inflammations, tumors, and nervous disorders which 
affect the pharynx. 

Congenital defects commonly seen are malformed 
or split uvulae, or soft palates, and extension of a 
cleft palate backward to the pharyngeal region. 
See Harelip. 

Inflammations may be local or part of a systemic 
involvement. Acute pharyngitis may be caused by 
almost any irritant and typically does not involve 
an infection by a microorganism. Acute follicular 
pharyngitis is caused by infectious bacteria, usually 
streptococci; it is also called septic sore throat. 
Acute tonsillitis involves the masses of lymphoid 
tissue found in the back of the pharynx. The tonsils 
may also be the seat of peritonsillar abcesses. All 
of the above inflammations may persist as subacute 
or chronic diseases, but usually the more prolonged 
forms occur as a result of repeated attacks or low- 
grade, persistent infections. Sec Streptococcus. 

The most common benign tumor of this region 
is the papilloma; hemangiomas, fibromas, and other 
less common nonmalignant growths are also found 
here. The malignant tumors of the pharynx include 
several varieties of carcinoma and sarcoma, particu- 
larly lymphosarcomas in children. See Oncology. 

Nervous disorders seen not infrequently are 
paresthesias (abnormal sensation) and hyperesthe- 
sia (increased sensation). Neuralgia of the glosso- 
pharyngeal nerve is marked by severe pain in the 
neck-ear- jaw region. Motor disorders which affect 
swallowing may originate from local irritations or 
from central nervous system disease, as in the case 
of rabies. See Pharynx; Somesthesis. 

[e.c.st.] 


Phase (astronomy) 

In astronomy, the changing appearance of the 
Moon, inner planets, and Mars due to the angular 
difference between the incident light from the Sun 
and the viewing direction of the observer. Phases 
of the Moon are a familiar sight. During a lunar 
month (29.53 Earth days), the Moon completes a 
cycle of appearances or phases: dark of the Moon, 
or new Moon, during which the Moon is nearer 
the Sun than is the Earth ; crescent until first quar- 
ter (about a week after new Moon) ; half an il- 
luminated disk, the Moon continues to wax, being 
gibbous, until it is fuH ; it then wanes through third 
quarter and completed the cycle as illustrated. A 



Viewer from Earth sees Moon differently illuminated 
os Moon travels around Earth. 


solar eclipse by the Moon can occur only at dark 
of the Moon; a lunar eclipse when the Earth’s 
shadow falls on the Moon can occur only at full 
Moon. 

Mercury and Venus show phases like those of the 
Moon. Mars varies in appearance from full to 
gibbous. The more remote planets are so far from 
Earth and Sun that they are viewed from sub- 
stantially the same angle as that from which they 
are illuminated and thus show no phase change. 

[C.P.K.] 

Phase (periodic phenomena) 

The fractional part of a period through which the 
time variable of a periodic quantity (alternating 
electric current, vibration ) has moved, as measured 
at any point in time from an arbitrary time origin. 
In the case of a sinusoidally varying quantity, the 
time origin is usually assumed to be the last point 
at which the quantity passed through a zero posi- 
tion from a negative to a positive direction. It is 
customary to choose the origin so that the frac- 
tional part of the period is less than unity. 

In comparing the phase relationships at a given 
instant between two time-varying quantities, the 
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phase of one is usually assumed to be zero, and 
the phase of the other is described, with respect to 
the first, as the fractional part of a period through 
which the second quantity must vary to achieve a 
zero of its own (see illustration). In this case, the 
fractional part of the period is usually expressed in 
terms of angular measure, with one period being 
equal to 360° or 27r radians. Thus two sine waves 
of a given frequency are said to be 90°, or 7r/2, 
out of phase when the second must be displaced in 
time, with respect to the first, by M period in order 
for it to achieve a zero value. See Sine wave; see 
also Phase- ANCLE measurement. [w.j.c.] 

Phase inverter 

A circuit having the primary function of changing 
the phase of a signal by 180°. The phase inverter is 
most commonly employed as the input stage for a 
push-pull amplifier. Therefore, the phase inverter 
must supply two voltages of equal magnitude and 
180° phase difference. A variety of circuits are 
available for the phase inversion. The circuit used 
in any given case depends upon such factors as 
the over-all gain of the phase inverter and push-pull 
amplifier, the possible requirement that the input 
to the push-pull amplifier may require power, space 
requirements, and cost. See Push-pull amplifier. 

The over-all fidelity of a phase inverter and push- 
pull amplifier can be adversely affected by im- 
proper design of the phase inverter. The principal 
problem is that the frequency response of one input 
channel to the push-pull amplifier may be different 
from the frequency response of the other channel. 
The popular phase-inversion circuits are capable of 
performing the job only after careful selection of 
components. Some phase-inverter circuits can per- 
form inversion at only one frequency; at other 
frequencies distortion is introduced because of un- 
equal frequency response characteristics. 

Transformer inverter. The simplest form of 
phase-inverter circuit is a transformer with a center- 
tapped secondary (Fig, 1). Careful design of the 
transformer assures that the secondary voltages are 
equal. The transformer forms a good inverter when 
the inverter must supply power to the grids of the 
push-pull amplifier. The turns ratio can be adjusted 
for maximum power transfer. See Transformer. 


(t) 


An illustration of the meaning of phase 
for a sinusoidal wave. The difference 
In phose between waves 1 and 2 is ^ 
and is called the phase angle. For 
each wave, A is the amplitude and T 
is the period. 


The transformer inverter has several disadvan- 
tages. It usually costs more and occupies more 
space than a vacuum-tube circuit. Furthermore, 
some means must be found to compensate for the 
frequency response of the transformer, which may 
not be as uniform as that which can be obtained 
from vacuum-tube circuits. 

Paraphase amplifiers. A vacuum-tube amplifier 
that provides two equal output signals 180° out of 
phase is called a paraphase amplifier. If coupling 
capacitors can be omitted, the simplest paraphase 
amplifier is illustrated in Fig. 2. The same current 
flows through Rj, and Rk, and therefore \i Rl and 
Rk are equal the ac output voltages from the plate 
and the cathoae must be equal in magnitude and 
180° out of phase. The gain of the circuit is less 
than unity, which is one factor that limits its ap- 
plicability. A second important factor is that the 
addition of coupling capacitors and grid-leak re- 
sistors, necessary when the circuit is coupled to the 
push-pull stage, causes the phase inversion to be 
other than ideal over the frequency range of ex- 
pected operation. 

A paraphase amplifier for which the gain is 
greater than unity is illustrated in Fig. 3. In 
the midfrequency range, where the reactance of the 
coupling capacitors is negligible, the gain of the 
amplifier section involving Ti is --Am where the 
minus sign indicates 180° phase shift. If R 2 / 
{Rl + R 2 ) equals 1/Am the signal at the grid of 
Tg will be — e*. If the midfrequency gain of the 
amplifier section involving T 2 is also —Amf then 
Cl * —AmCt and C 2 * Ame»- 

In general, Ci « —Act and €2 =* R 2 /{Ri 
A^et, where A is the gain of the stage. This gain is 
frequency-dependent, and therefore the phase shift 
varies with frequency. Because €2 is a function of 






Fig. 1. Transformer as a phase inverter. 
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Fig. 2. Single-tube inverter. 
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Fig. 4. Cathode-coupled phose inverter. 

the square of the gain, the phase shift of €2 will be 
twice as large at any frequency as will the phase 
shift of € 1 . The two voltages are then not 180^ out of 
phase, and distortion will be introduced. 

Numerous variations of the above two-tube para- 
phase amplifier are possible. The two-tube circuit 
can be quite compact because one twin triode 
handles the tube requirements. One of the most 
stable and important para phase amplifiers is the 
cathode-coupled phase inverter (Fig. 4). If the 
cathode resistance Rk is large compared to the im- 
pedance seen looking into the cathode of each tube, 
the current 7i will equal 7 * 2 . Under this condition the 
voltage at one plate is exactly the negative of that 
at the other plate, and push-pull operation is 
achieved. The plate-to-plate gain is exactly that 
which would be provided by a single-tube 
grounded-cathode amplifier with plate load Ri,, 

If the phase-inverter circuit is to produce two 
voltages 180^ out of phase, the equivalent circuits 
governing the behavior of the two output voltages 


must be identical. The midfrequency gain of each 
must be identical and the phase-shift functions must 
be identical (which was not true in this circuit). 
The phase-shift requirements are often com- 
promised in the interests of simplicity of the final 
circuit and freedom from critical adjustments of 
key-circuit parameters. [h.f.k.] 

Phase meter 

An instrument for the measurement of electrical 
phase angles. It is sometimes called the crossed- 
coil meter or the Tuma phase meter and is the basic 
element of power-factor meters and synchroscopes. 
When used for power-factor indication it contains 
two movable coils A an^ B on a common shaft as 
shown in the illustration. The two coils move as a 
unit, the angle /? between them remaining fixed. 
There is no restraining spring acting on the shaft 
and the system will turn as long as currents pro- 
duce an average nonzero torque. 

The meter contains a fixed coil C which carries 
the load current. The fixed coil is made in two 
sections so that its magnetic field will be nearly 
uniform in the neighborhood of the movable coils. 

The instantaneous force induced on coil A is 
proportional to the product of the instantaneous 
currents in coils A and C and to the sine of the 
angle between the planes of A and C. If^the cur- 
rents in A and C are sine-wave currents with phase 
displacement 0, the average torque T is propor- 
tional to ^ 

{In sin oit) [Ir sin (a>f + 0) ] cos a 
or T = IJc cos 0 cos a 

The movable coil A is placed in a resistive circuit 
so that its current la is in phase with the voltage V . 
The other movable coil B is placed in an inductive 
circuit so that its current lags the voltage by 
approximately 90°. 

In actual construction the circuit of coil A can- 
not be made noninductive and the circuit of coil B 
cannot be made nonresistive. Therefore, the phase 
angle between the currents in coils A and B is less 
than 90°. The phase meter is constructed to take 
this into account. 

If the current in coil B leads the current in fixed 
coil C by the angle 9, and the current in coil B 
lags the current in coil A by the angle 0, then 
the current in coil A will lead the current in the 
fixed coil by the angle (^~|-<^) and the average 
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torque on A is proportional to cos (0 -f 0) cos a, 
whereas the average torque on B is proportional to 
cos ^ cos (a + p) and in the opposite direction. 
If these torques do not cancel, the shaft will turn 
(a will vary) until the two become equal, or when 
cos cos a « cos 9 cos {a + p). 

From this equation it is now evident that if P 
equals then a equals 9 and the phase meter 
indicates directly the phase angle between the 
sources supplying coil C and the crossed coils. A 
change of 5° in phase angle produces a deflection 
of 5° on the phase meter. See Phase-angle meas- 
urkment; Power-factor meter. [h.so.] 

Bibliography. F. A. Laws, Electrical Measure^ 
merits, 2d ed., 1938; M. B. Stout, Basic Electrical 
Measurements, 1950. 

Phase modulation 

A special kind of angle modulation in which the 
linearly increasing angle of a sine-wave carrier has 
added to it a phase angle that is pn^portional to the 
instantaneous value of the modulating wave (mes- 
sage to be communicated) . Phase modulation (PM) 
is a scheme for impressing the message to be com- 
municated upon a high-frequency, sine-wave car- 
rier. There is a direct proportionality between the 
message to be communicated and the phase varia- 
tions imparted to the modulated wave propagated 
to the receiver. For basic concepts, technical terms, 
and supplementary information see Modulation; 
see also Ancle modulation. 

Advantages and applications. Like other forms 
of angle modulation, PM reduces noise at the cost 
of extra bandwidth occupancy, transmit*^ constant 
average signal power, transmits constant peak 
power which is equal to twice the average signal 
power, and has a channel-grabbing property 
whereby if two signals reach the PM detector, the 
larger signal is accepted to the near exclusion of 
the smaller. 

Important app1ication.s include certain types of 
telegraph, telemetering, and data-processing sys- 
tems. PM is used in certain microwave radio relay 
systems, some of which carry telephone conversa- 
tions and television programs simultaneously. PM 
techniques are used in many types of measuring 
and control systems. 

The sharp limitation of range (channel grab- 
bing) is especially important for some services. 
Typical examples using PM include mobile and 
fixed radio systems for police, airway, and military 
applications. 

Noise response of PM. Noise appearing in the 
output of an angle-modulation detector depends 
npon the kind of angle modulation, other factors 
being equal. When the noise disturbance has the 
characteristics of resistance noise, the average 
noise power in the output of a PM detector is uni- 
l^rmly distributed with respect to frequency (sec 
Noise, electrical). Under the same conditions, 
|be distribution of root-mean-square noise currents 
in the output of a frequency-modulation (FM) de- 
fector is a distribution increasing linearly with fre- 
quency. Other kinds of angle modulation arc 
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characterized by other kinds of noise * spectra. 
Normally, the kind of angle modulation used would 
be that giving the best signal-to-noise ratio. See 
Frequency modulation. 

Fundamental properties of PM. Instantaneous 
phase variations imply and are necessarily accom- 
panied by uniquely related instantaneous frequency 
variations, and conversely. Also, given one, it is pos- 
sible to reproduce the other. 

For example, in PM, the instantaneous phase 
variations imparted to the modulated wave are 
directly proportional to the modulating wave. The 
resulting variations in instantaneous frequency are, 
however, directly proportional to the time deriva- 
tive of the modulating wave. 

Similarly, in FM, the instantaneous frequency of 
the modulated wave is linearly proportional to the 
modulating wave. However, the resulting variations 
in instantaneous phase are directly proportional 
to the time integral of the modulating wave. 

Actually, PM and FM are not essentially differ- 
ent. A circuit whose output is inversely propor- 
tional to frequency (zero frequency excepted) 
preceding a phase modulator converts PM to FM, 
and following an FM detector, converts frequency 
to phase detection. Similarly, a circuit whose out- 
put is directly proportional to frequency (zero 
frequency excepted) preceding a frequency modu- 
lator, converts FM to PM and following a PM de- 
tector, converts phase to frequency detection. 

Angle modulation manifests itself by the zeros of 
the angle-modulated wave. These zeros are the exact 
instants of time that the angle-modulated wave 
passes through zero. Theoretically, given the zeros 
it is possible lo determine for all values of time, the 
instantaneous frequency deviations from the fixed 
frequency of the unmodulated carrier, and also, the 
instantaneous phase deviations corresponding to 
the instantaneous frequency deviations. In other 
words, the zeros, which are nothing more than a 
distribution of points along the time axiv, unam- 
biguously identify the original message. 

When detecting an angle-modulated wave per- 
turbed by noise, nonsignificant information must 
be ignored, hecau.se only by this means can the full 
noise advantage of angle modulation be realized. 
The limiter in a conventional PM detector ignores 
nonsignificant information by completely destroy- 
ing the waveform of the received wave, leaving 
only the zeros. See Phase-modulation detector; 
Phase modulator. Th.s.bl.] 

Bibliography. S. Goldman, Frequency Analysis, 
Modulation, and Noise, 1948. 

Phase modulator 

An electronic circuit that causes the phase a!?.gle 
of the modulated wave to vary (with respect to the 
unmodulated carrier) in accordance with the modu- 
lation signal. Phase modulators are commonly used 
in frequency-modulation transmitters in which a 
phase-modulated wave is altered into a frequency- 
modulated wave by frequency multiplication. Many 
methods for the generation of phase-modulated 
waves are known. Three of the more cominonly used 
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grid-to-plate capacity 



Fig. 1. A method for producing phase modulation, 
(o) Block diagram showing the principle of operation, 
(b) Vector diagram showing the combination of volt- 
ages. (c) A circuit which permits the necessary func- 
tions, except limiting, to be carried out in one tube. 

ones are described in this article. See Modulation ; 
Phase modulation. 

Phase-shift circuit. The principle of operation 
of a simple phase-modulator circuit is shown in the 
block diagram of Fig. 1. Referring to Fig. la, the 
carrier wave is generated by an oscillator, which 
is crystal-controlled if frequency stability is impor- 
tant. The signal is passed through two channels, 
1 and 2. In channel 1 the signal is shifted 90** 
in phase, and in channel 2 the signal is amplitude 
modulated. If a frequency-modulated wave is de- 
sired, the modulating voltage is first passed through 
a corrective network in which the output is in- 
versely proportional to frequency. The output of 
channels 1 and 2 are then combined and passed 
through the limiter stage to remove the residual 
amplitude modulation. The action of the circuit is 
shown in the vector diagram in Fig. 16. Here the 
vector El remains constant in amplitude and vec- 
tor E 2 corresponds to the magnitude of the unmod- 
ulated signal. The magnitude of vector E 2 can be 
changed from zero to twice its normal value as it 
experiences amplitude modulation. Thus, it can be 


seen that the resultant vector Es will vary in phase 
in accordance with the modulating signal. In prac- 
tice, a phase shift of approximately drlS*' can be 
obtained in this manner, while a nearly constant 
proportionality is maintained between the modulat- 
ing voltage and the phase of the output signal. 

A simple circuit that permits the generation of 
the phase-modulated wave in this manner is shown 
in Fig. Ic. In this particular form, a control-grid- 
modulated amplifier is used with sufficiently low 
gain to avoid the oscillations which could otherwise 
occur as a result of the feedback through the grid- 
plate capacity. In this case, the action of channel 1 
occurs because of th)^ direct transmission of the 
signal from the rf input to the output through the 
grid-plate capacity, suffering a 90® phase shift in 
the process. The output of channel 2 is delivered 
to the output circuit by the plate current and the 
normal grid modulation of the amplifier. 

Armstrong circuit. Another method of obtaining 
phase-modulated or frequency-modulated waves 
employs the Armstrong system, shown in Fig. 2. 
which is a modification of the elementary phase- 
shift circuit described above. The carrier oscillator 
supplies two channels. The first undergoes a 90° 
phase shift as before. The second enters an am- 
plitude-modulation balanced modulator, dn the out- 


channel 1 



Fig. 2. Block diagram of an Armstrong system of phase 
(or frequency) modulation. 



Rg. 3. Circuit diogram of the phase-shifter modulator. 
The phase shift through the network is voried by con- 
trolling the magnitude of the reactance presented by 
the reoctance tube. 








Fig. 4. Diagrams illustrating the principle of opera* 
tion of the phasitron tube, (a) The rotating electron 
beams originate from a central cathode (shown in 
black), (b) Bending of the electron beams by an axial 
magnetic field, supplied by the modulating coil, ad* 
vances or retards the arrival of electrons to the second 
anode. {From R. Adler, A now system of frequency 
modulation, Proc. IRE, 35(1), 1947) 

put of which the carrier is suppressed. Upon re- 
combination, the resultant phase-modulated wave 
is obtained, and has the advantage that the modula- 
tion index can be approximately twice as great as 
in the simple system described previously. A phase 
shift of ±30® can be obtained with good linearity. 

Phase-shifter modulator. Another possible way 
of deriving phase modulation employs a reactance- 
tube phase shifter in which one of the reactance 
elements is varied in magnitude electronically with 
the aid of the modulating voltage. An elementary 
form of this circuit is shown in Fig. 3. In this cir- 
cuit, the phase shift is produced by arranging the 
electron tube to act as a variable reactance, similar 
to the reactance-tube modulator (see Frequency 
modulator). The phase shift through the network 
depends upon the ratio of the reactance of the ca- 
pacitor C to the reactance presented from plate-to- 
cathode of the reactance tube. With a properly de- 
signed modulator, it is possible to obtain a nearly 
hnear modulation up to phase shifts of approxi- 
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mately ±60®. The particular advantage of 
phase-shifter type of modulation is that the 
mum modulation index can be increased indd|^ 
nitely by cascading a number of similar phase- 
shifter modulators. 

Phasitron. In this system of phase modulation, 
the phase shift of the carrier is obtained by means 
of a special electron tube, the phasitron. The prin- 
cipal difificulty with normal phase modulators is a 
result of the relatively small amount of phase shift 
that can be produced without introducing nonline- 
arities and the resultant large amount of frequency 
multiplication which is usually needed. This diffi- 
culty is alleviated to a large degree by means of 
the phasitron in which a phase swing of as much 
as ±200° can be obtained with low distortion. 

The principle of operation of the phasitron tube 
can be explained with the aid of Fig. 4. Suppose 
that an electron stream is produced in the form of 
wheel spokes from a central cathode in which the 
electrons move outward along radial lines and ro- 
tate with uniform velocity. Figure 4a shows that 
the electron beams alternatively will be intercepted 
by the first anode or permitted to pass to the sec- 
ond anode. The tuned circuit connected between 
the two anodes is therefore excited at a constant 
frequency equal to the speed of rotation of the 
electron spokes by the segmented first anode. If a 
magnetic field is applied parallel to the axis of the 
cathode, the electron beams are deflected as shown 
in Fig. 46 and arrive at the second anode either 
earlier or later than normal, depending upon the 
direction of the magnetic field. The advance caused 
by the magnetic field corresponds to the width of 
one segment of the first anode, so that the second- 
anode current is advanced in phase by 180®. The 
amount of phase .shift that can be obtained depends 
upon the magnetic field produced by the modulat- 
ing signal. 

In the phasitron, the rotating electron spokes are 
produced by surrounding the cathode by a squirrel 
cage of conductors to which three-phase voltages 
derived from a crystal oscillator are applied. A pos- 
sible arrangement of such wires is shown in Fig. 5. 
If all the wires numbered 1 are connected together, 
and all number 2, and all 3, and the three sets are 
excited from a three-phase voltage source, a ro- 



Fig. 5. Arrangement of deflector wires in the vicinity 
of the cathode of the phasitron which permits genoro- 
tion of rofoting electron beams. Three-phase potentials 
are applied to the three sets of wires. (Prom R, AeUor, 
A new systom of frequency modukifion, Proc. SRE, 3S(J), 
1947) 
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Fig. 6. Block diagram indicating the method of pro- 
ducing frequency modulation by employing the phasi- 
tron tube. 

tating electron stream can be produced. This can 
be seen by imagining that a set of wires numbered 
1 are positive whereas 2 and 3 are negative; this 
causes most of the electron current to be emitted 
in the direction of the wire numbered 1, thus caus- 
ing the spoke to form. The field along the squirrel 
cage rotates in a manner similar to that in a syn- 
chronous motor. 

Figure 6 shows the block diagram of a frequency- 
modulated transmitter using a phasitron tube. A 
crystal oscillator operating at some low radio fre- 
quency supplies a voltage to the network consist- 
ing of inductances and capacitors from which 
three voltages 120® apart are derived. The introduc- 
tion of this three-phase voltage to the squirrel-cage 
elements of the phasitron creates the rotating elec- 
tron beam. The rf output from the phasitron is in- 
troduced into subsequent frequency-multiplier 
stages. The phase of the output carrier is shifted 
by means of the signal derived from a modulator 
amplifier as indicated. [e.l.c.] 

Bibliography: R. Adler, A new system of fre- 
quency modulation, Proc. IRE, 35(1):25-31, 
1947; F. M. Bailey and H. P. Thomas, Phasitron 
F-M transmitter, Electronics, 19(10) : 108-112, 
1946; H. S. Black, Modulation Theory, 1953. 

Phase velocity 

The velocity of propagation of a simple harmonic 
wave. Such a wave is propagated with constant 
waveform, and the phase velocity is the speed, 
measured in a direction normal to the wavefront, at 
which one must move to keep up with a place of the 
same phase. The phase velocity i>p is given by 
Vp = kf, where A. is wavelength and / frequency. 

The magnitude of phase velocity is determined 
by the intrinsic properties of the medium in which 
the wave is propagated and by the Actual mode of 
propagation. For small-amplitude acoustical waves 
in a quiescent, unbounded, gaseous medium, the 
phase velocity is essentially independent of fre- 
quency and equal to the speed of sound c in the 
medium. This speed is given by the equation = 
/po» where y is the ratio of specific heat at con- 
stant pressure to that at constant volume, Po is 
the ambient pressure in the medium, and po is 
its ambient density. In a perfect gas, the speed of 


sound becomes a function only of the absolute 
temperature of the medium. In air, this quantity is 
approximately c = 49.03\/R^ ft/sec, where R is in 
degrees Rankine, or c = 20.05 \/T m/sec, where T 
is in degrees Kelvin. The phase velocity of electro- 
magnetic waves also depends on the medium, but 
in a vacuum, the velocity c is a universal constant 
approximately equal to 3 X 10® m/sec. 

Waves in a medium which require higher than 
second-order equations for their description, such 
as lateral vibrations of a bar, generally have phase 
velocities which are dependent upon frequency. 
Thus, waves of different frequencies travel with dif- 
ferent velocities, resultibig in dispersion. See Group 
velocity; Wave motion. [w.j.c.l 

Phase-angle measurement 

The determination of the relative times at which al- 
ternating currents and voltages in a circuit take on 
zero values. If two voltages Vi and v -2 are zero at 
the same instant, they are in phase, with zero phase 
difference (or out of phase with 180® difference). 
If one voltage passes through zero Vh cycle before 
a second voltage Vi, it leads by 360®/8 or 45® (see 
Fig. 1). The common phase meter, a commercial 
device for determining the angle between current 
and voltage, can be used when its presftice will 
not disturb the circuits under measurement (see 
Phase meter). When the phase angles to be meas- 
ured are in high-impedance or low-power circuits, 
this instrfJment is unsatisfactory and other meas- 
urement methods must be employed. 

Three-voltmeter method. This method can be 
used when the voltages involve a common point. 
Figure 2a shows three terminals a, 6, and c. If the 
voltages Vab, Vhe^ and Vea are measured by a high- 
impedance voltmeter (one voltmeter is sufficient) 
the magnitudes can be plotted to give a triangle, 
Fig. 2h. The angle 0 between Vnh and v^c can be 
determined from the law of cosines in trigonometry, 

Vea^ = Vab^ + Vtc^ -f 2VabVbc COS 0 

Electronic phase-angle meter. This instrument 
gives the angle (tt — 6) of Fig. 2 directly. One 
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(b) 

Fig 2. Voltages employed in three-voltmeter method, 
(a) Circuit diagram, (b) Vector diagram. 


instrum<*nl c'onvprt.s the two viiltage wave.s to 
Mfuaif waves by repeated ainplifieation and lirnil- 
iii;; The zero crossings of the s(|uare waves are 
identical to the zero crossings of the original voJt- 
iige waves. The two scpjare waves an' applied to 
the input of a circuit that will pass current onJy 
when both square waves are jiositivc. In this < ase 
llie greater the lag of one voltage, the smaller the 
(»'. erlap of the j)ositive portions and the lower the 
average current. The c urrent in this case is prot)c»i- 
ijonal to <9 of F"ig. 2. 

This circuit has the theoretical limitation that 
each input voltage must be greater than a critical 
ininiimim value. In practice the critical value is de- 
termined liy the noise on the amplifier input. Ti the 
voltage i.s too low, this noise causes a random zero- 
cros.sing shift and the results would be subjec t to 
thi S uncertainty. 

A precision pha.se-angle meter for high-frequency 
voltages uses a variable delay line, and its opera- 
tion is ba.sed on the fact that the difference of two 
voltages of constant amplitude is a minimum when 
tlie two are in phase. One of the two voltages to he 
compared is connected to both inputs of a varia- 
hle-delay line, which is then adjusted to give a 
minimum output. The two voltages to he c ompared 
are then connected to the two terminals and the 
delay line is readjusted to give a minimum output. 
The change in the delay-line setting gives the lime 
delay of one voltage relative to the other. When 
^he frequency is known, the time delay can he com- 
puted as angle of lag. If is the change in the 
delay-line setting and the frequency is / cycles per 
•‘Second, the phase angle is given by 27r/ A/ radians 
360/ A^ degrees. 

Oscilloscope methods. Phase-angle measure- 
ments by oscilloscopes are popular in the laboratory 
^hen quick approximate results are required. If 


Phase-angle measurement 

one voltage is connected to the vertical amplifier 
and the other to the horizontal amplifier, a Lissa- 
jous figure is obtained. 

If the two voltages are of the same frequency, 
as i.s the case when phase angles are measured, the 
basic figure is an ellipse. A straight line with a 
positive slope implies that the two waves are in 
phase. If one leads the other, the cathode-ray beam 
starts hack in one direction before it reaches a 
maximum in the other and the ray traces an ellipse. 

If the amplifiers are adjusted so that the horizon- 
tal amplitude; is ecpial to the veiiiral amplitude, the 
slope of the s^raight line for in-phase signals is 
45". 4’he ellipse widens to a circle when the phase 
angle is 90°. Intermediate values are indicated by 
the formula 

0 b 

tan-^=- 

where 0 is the phase angle sought, b is the width 
of the ellipse, and a i-^ il^^ length. Sre -Lissa.iods 
KK. ruEs: Osciijx)S(.oi»i:, ( a i iiodk-hay. 

Another method of utilizing an os(‘illoscoy)e, de- 
veloped by th(‘ author, may he illustrated hy the fol- 
lowing considerations. If a signal is applied ucro.ss 




Fig. 3. Basic circuits for measuring phase angle with 
an oscilloscope, (a) Clockwise circular sweep gener- 
ated. (b) Counterclockwise circular sweep generated. 
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Fig. 4. Actual circuit for measuring phase angle with 
an oscilloscope. 

the input of the bridge circuit shown in Fig. 3a, 
the output voltages and V 2 will be 90° apart, and 
if r equals x (equals l/lirfC) they will be equal in 
amplitude. Now if vi and V 2 are applied to the verti- 
cal and horizontal amplifiers of an oscilloscope, the 
resulting trace will be a circle. If r and x are inter- 
changed as in Fig. 36 the trace will again be a cir- 
cle, but the spot will trace the circle in the oppo- 
site direction. 

If these two circuits are combined so that the 
sums of the outputs are applied, the spot cannot 
go around the circles in opposite directions at the 
same time, and it will trace a straight line instead. 
As the phase of one voltage is advanced, say by the 
angle the straight line will rotate on the screen 
through the angle 2A0, A scale can be marked on 
the screen and either end of the straight line used 
for reference. The presence of harmonics and 
slight errors in the r ^ x relationship or in the 
equality of the input voltages will cause the line 
to open into a narrow ellipse. The slope of the ma- 
jor axis of the ellipse in this case is used for the 
slope of the straight line. Figure 4 shows a work- 
ing circuit. It is built so that r = ac at the operat- 
ing frequency, and R is several times r so that the 
voltages are added without appreciable loading of 
the bridge circuits. 

Electronic switch. An electronic switch can be 
used with an oscilloscope as a phase-angle meter. 
The switch permits the oscilloscope to display first 
one wave and then the other. If the linear sweep is 
at the same frequency as the waves being com- 
pared, the two waves will be superimposed on the 
screen. The phase difference and the period can be 
measured on the screen in inches, the ratio giving 
the phase angle as a fraction of 360°. 

Phase-order indicators. These devices are used 
to indicate which phase voltage of a polyphase cir- 
cuit leads or lags another. If the voltage vectors of 
a three-phase generator are as indicated in Fig. 5a, 
the voltage from neutral to line 2 reaches a maxi- 
mum % cycle (or period) after the voltage of line 1 
and M cycle before the voltage of line 3. The volt- 
age of phase 2 lags that of phase 1 and leads that 
of phase 3. The phase order or phase sequence is 
then said to be 1-2-3. 


Relative motion between the armature conduc 
tors and the magnetic field induces the voltages in 
an alternator. Therefore, if the alternator were ro- 
tated in the opposite direction, the order in which 
the phase voltages reached maximum would be re- 
versed. The phase sequence would be 1-3-2 as 
shown in Fig. 56. 

A miniature three-phase motor designed to rotate 
clockwise when connected to a three-phase system 
possessing a phase sequence 1-2-3 is used as a 
phase- sequence indicator. Counterclockwise rota- 
tion would indicate a 1-3-2 phase sequence. 

A common type of phase-order indicator consist*! 
of an inductance and\two lamps connected in Y to 
the three-phase line as in Fig. 6a. If we assume that 
the inductive reactance is very high, the common 
connection on the Y is at a voltage nearly equal 
to the midpoint of line 2-3 in Fig. 66 and c. Tht* 
voltage across the reactor is v„i, and the current 
lags by 90° and lies on n2 in Fig. 66 and on n'.] 
in Fig. 6c. This current divides, part going through 
each lamp. The result is to increase the current in 
lamp 2 when the phase sequence is 1-2- 3, and to 
increase the current in lamp 3 when the phase se 
quence is 1-3-2. 


1 
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(a> (b) 

Fig. 5. Phase sequence, (o) Sequence 1-2—3. (t) Se 
quence 1-3-2. 
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(b) 

Fig. 6. Phase-sequence indicator, (o) Circuit diagram- 
(b) Vector diogrom for sequence 1-2-3. (c) Vector dio- 
gram for sequence 1-^2, 
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1 paralleling 

switch 

Fig. 7. Paralleling a second generator with a first al- 
ready under load. 

Phase-relation indicators. These devices are 
tt) indicate the instant when two generators 
ot sources of alternating voltage are in pha.se with 
one another. If two voltages reach maximum at the 
''anu* time, they are in pha.se. When two sourc*es 
are to he connected in parallel they should have the 
‘'iime voltage, frequency, and phase. A voltmeter 
and a tachometer can be used to indicate when the 
voltages and frequencies are nearly equal. The 
[»hase relation between the two source.s is shown by 
menus of phasing lamps or by means of a synchro- 
^< ()pe or syni"hronizer. 

Phasing lamfjs placed across the open switch 
used to parallel two generators will often .suffice to 
indicate an in-phase condition (see Fig. 7). De- 
t>ending upon the relative phase of the two ma- 
I hines. the lamp voltage varies from the sum to the 
difference of the machine voltages. As the two fre- 
tpicncies approach one another, the lamps flicker, 
changing from full bright to dim at a decreasing 
Jf the two frequencie.s are equal, the lamp will 
maintain a fixed brilliance. Usually the oncoming 
machine is set with a slightly higher frequency so 
that it will take up .some load rather than be an 
additional load on the system. As the lamp.s slowly 
go through the dim phase, the switch is closed, con- 
nerting the machine to the system. 

Synchronizer or synchroscope. This is a varia- 
tion of the Tuma phase meter. The current in the 
fixed coil is supplied by one machine; the current 
‘n the movable crossed coils is supplied by the 
other machine. If the two machines are in synchro- 
their frequencies are equal and the crossed 
coils will take a position depending upon the rela- 
tive phase angle. If the frequency of one machine 
is slightly higher, the phase will continue to vary 
and the crossed coils will rotate in a direction de- 
termined by whether the speed is too low or too 
fiigh. Generally the incoming machine is given a 
•^lightly higher speed and is connected to the line 
'vhen the synchroscope pointer drifts past the zero 


mark. See Electrical measurements; ' Power- 
factor meter; Wattmeter. [h.so.] 

Bibliography I G. R. Partridge, Principles of 
Electronic Instruments^ 1958; M. B. Stout, Basic 
Electrical Measurements, 1956. 

Phase-modulation detector 

A device for the detection of phase-modulated 
radio signals. Phase-modulated signals can be de- 
tected in a manner identical to that used with fre- 
quency-modulated .signals because there is no 
essential difference between these forms of modula- 
tion. However, because the modulation index varies 
differently with modulation frequency, frequency- 
modulation detectors need to be modified by the 
addition of a low-pass network in which the ampli- 
tude is made to vary inversely with the modulation 
frequency. With this addition, any frequency- 
modulation detector can be made to operate satis- 
factorily for the demodulation of phase-modulated 
waves. See Frfquencv-modulation detector. 

To demodulate a phase-modulated wave with- 
out amplitude distortion, the signal derived from a 
frequency-modulation detector must be corrected 
by passing the output through a low-pass filter in 
which the output is inversely proportional to the 
modulation frequency. If, for example, it is desired 
to handle a bandwidth of 50-20,000 cycles per 
second, a 400 to I difference in transmission must 
he supplied by the corrective network. This large 
difference in signal strength is difficult to obtain 
from all normal detector circuits without frequency 
distortion and other noise. 

In certain pha.se-modulation communication sys- 
tems the difficulty just mentioned is partially 
eliminated by employing transmitter preemphasis, 
that is. decreasing the degree of modulation at the 
higher modulation frequencies. If used, the inverse 
of the preemphasis networks must be employed at 
the detector in addition to the corrective network 
mentioned. .See Detector. [ e.l.g.] 

Pheasant 

Any of many fowl-like birds of the family Phasi- 
anidae, primarily occurring in southeastern Asia, 
with numerous, beautiful species native to south- 
eastern China, Tibet, Burma, and the Malay Pen- 
insula. Pheasants are characterized by striking 
plumage, long tails, spurred legs, and the absence 



The ring-necked pheoKint, Fhasianus cokhkus; length 
to 3 ft. (From E. L, Palmer, Fieldbook of Natural Hif- 
iory, McGraw-Hill, 1949) 
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of feathers on the sides of the head. They eat grain, 
weed seeds, berries, insects, and snails. Pheasants 
have been raised by man for many centuries, first 
reaching western Europe through introduction by 
the Roman.s. 

The ring-necked pheasant, Phasianus colchicus, 
has been repeatedly introduced into the United 
States and has bet^ome well established over a wide 
area of the northern United States and southern 
Canada, where it ranks as a major game bird. See 
Gallikormes. [j.d.b.] 


Phenacetin 

One of a general class of medicinals known vari- 
ously as analgesics, antifebrins, or antipyretics, of 
which acetanilide is the best known. Phenacetin is 
an acetyl derivative of p-phenetidine. It is made by 

the reaction of NaO - ^ ^ NO 2 with C^HsCl to 

form C-jHnO — ^ ^ -NO^, which is reduced to the 

corresponding amine and acetylated to form phe- 

-NHCOCH.t. The reaction 


nacetin, CjH^O 

is continued as a cyclic process in which phenol, 
acetic acid, and ethyl chloride are c<intinuously 
supplied. Phenacetin is less toxic than acetanilide, 
but it lowers the ability of blood to combine with 
oxygen. See AsriRtiN ; IIvtothermia. [a.l.h.J 


Phenanthrene 

A colorless, crystalline hydrocarbon (CuHio) 
which melts at about 100°C and boils at 332°C. 
Phenanthrene is usually obtained from coal tar. 
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Phenanthrene 1,2-Cyclopenteno- 
phenanthrene 


but it may also be produced by the hydrogenation 
of coal. Since carbazole and anthracene (usually 
present in crude phenanthrene) form mixed crys- 
tals with it, commercial grades of phenanthrene 
usually melt at higher temperatures than the pure 
compound. 

Phenanthrene may be hydrogenated in the pres- 
ence of copper chromite to yield 9,10-dihydrophe- 
nanthrene, or it may be oxidized to yield 9,10- 
phenanthrenequinone. In general, substitution re- 
actions yield a mixture of products which are diffi- 
cult to separate. 

Phenanthrene has little commercial importance. 
It is of interest because the nucleus is found in 
some resin acids and is produced by the degrada- 
tion of certain alkaloids. Reduction products of 
1,2-cvclopentenophenanthrene may be regarded as 
forming the skeleton of the steroids. See Aromatic 

HYDROCARBON ; PoLYNUCLEAR HYDROCARBON ; 

Sterol. [c.k.b.] 


Phenocopies 

Nonhereditary variations of form or function re- 
sembling mutant traits, but caused by external con- 
ditions during development. They occur presum- 
ably in all types of organisms, spontaneously or 
after experimental intervention. Present knowl- 
edge of phenocopies is derived chiefly from work 
on Drosophila melanogaster and chicken embryos. 

In hereditary (dominant or recessive) rumpless* 
ness in the chicken as well as in the insulin-pro- 
duced phenocopies, the abnormalities vary from 
complete absence of all tail vertebrae to conditions 
deviating only slightly from the normal one. The 
specimens shown in thte figure are of different ages 
and sizes but illustrate an intermediate condition 
with abnormal and fused tail vertebrae. These in- 
termediate eonditions are caused by the presence 
of modifying genes which prevent the mulanl genes 
or the phen(»copy-inducing agent from exerting 
their full force. Developmental studies have shown 
that the insulin-induced phenocopy is more closeU 
akin to recessive than to dominant rum]>lessness. 

The phenocopy-producing agents inav he phvsi- 
c.al. for example, heat shocks, x-rays, or chemical 
agents. The principal resp«)nse-deterniining fact(>r> 
are the developmental stage at exposure the force 
of external agent, and the genetic constitution of 
responding organism. Unrelated phenocopies may 
he produc'ed in different stages by the same agent 
and by iJIfferent agents in the same stage. The force 
or dosage of the external agent is chiefly a source 



Pelvic hones and taiT vertebrae of a normal chicken 
(upper left), one with dominant rumplessness (upper 
right), one with recessive rumplessness (lower left), and 
one produced by injecting Insulin into the devebpinQ 
egg after 4 days of incubation (lower right). 
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of quantitative variations in the incidence and type 
of response, but qualitative response differences 
mav occur. The genetic constitution of the exposed 
organism is often derisive in determining the ef- 
fect. Plus or minus selection is possible. The pres- 
ence or absence and the kind of modifying genes 
(residual heredity) play an important role, espe- 
ciallv the presence of genetic factors predi.sposing 
to spec ific responses. Organisms can often be pro- 
tected against phenocopy-inducing chemical agents 
1)\ specific supplements. Weaknesses of genetic in- 
tegration (homeostasis) and interference in en- 
/Miie systems appear to he major factors. See 
Gknk action. Iw.L.l 

Bibliography: W. Landauer, On phenocopies. 
llieir developmental physiology and genetic mean- 
ing, Am, JSaturalisU 92(865) :201- 213, 19,58. 

Phenocryst 

^ relatively large crystal enihedd(‘d in a finer- 
drained or glassy igneous rock. The presence of 
phc'nocrvsts gives the rock a por|)hyritic texture. 
Djenocrysts are rejiresented most commonly by 
feldspar, quartz, biolitc, hornblende, pyroxene, and 
olivine. Strictly speaking, phenocrysts crystallize 
fiom molten rock material (lava or magma). They 



Granite (quartz monzonite) from the Sierra Nevada of 
California shov/ing numerous phenocrysts of microcline 
feldspar in parallel orientation with banded structure 
of the rock. The phenocrysts appear to have replaced 
the rock and are called porphyroblasts. Hammer is 
10 in. long. (USGS photograph by W. B. Hamilton) 

>’«nnmonIy represent an earlier and slower stage of 
‘Tystallization than does the matrix in which they 
are embedded. Phenocrysts are to be distinguished 
from certain relatively large crystals (porphyro- 
hlasts) which develop late in solid rock as the r^- 
•‘^ult of metamorphism or metasomatism. If the 
^>rigin of a large crystal is in question, the non- 
genetic term megacryst should be used. See Aure- 
CONTACT; Igneous rocks; Porphyroblast; 

f'oRpHYRY; RaPAKIVI GRANITES. [c.A.CA.] 

Phenol 

One of a class of acid organic compounds whose 
common structural feature is a hydroxyl group at- 
tached directly to an aromatic-ring system. 


Phenol (hydroxy benzene) is toxic to all types 
of living cells. In concentrated form, it produces 
severe skin burns. Phenols in general are toxic to 
microorganisms. Phenol itself, in dilute solution, 
was the first deliberately used antiseptic, and many 
phenols are now used for this purpose. Picric acid 
is used to treat burns. 

Uses. The chief use for pihenol is in the manufac- 
ture of phenol-formaldehyde resins and plastics, 
but it is alsci a raw material recpiired for the prep- 
aration of more complex phenols, which are iksed 
as drugs, disinfectants, antisepiics, fungicides, in- 
secticides, wc3Md preservatives, antioxidant pre- 
servatives for gasoline, oils, rubbers, fats, and 
foodstuffs, and in the manufacture of dyes, plas- 
ticizers, weed-killers, detergents, and efioxy resins. 
The annua] production of phenol in the United 
.States now exc*c‘eds 5()(),00(),()()0 lb. 

Structure and nomenclature. The simplest mem- 
ber of this c lass is phenol, also known as carbolic 
acid. Structures of other members of tbq class are 
derived from that of phenol by replacing one or 
more of the hydrogen atoms atlaehed to carbon 
atoms with othc^r atoms or atomic groupings. The 
classific-alion of phenols is based on the number 
and nature of these groupings (other than hy- 
droxyl) that are attac hed to the 6-inemhered ring 
of carbon atoms. The names of phenols are ba.sed 
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Phenol (carbolic acid) 

on the assignment of numbers to the carbon atoms 
of the aromatic ring. The carbon atom attached to 
the hydroxyl group is assigned the number 1, and 
the five remaining carbon atoms are then numbered 
consecutively. If but one atom or group is located 
on the aromatic ring at positiem 2, this group -is 
said to be ortho (o) to the hydroxyl group; if the 
second group is located at position .3, it is 
meta (m) ; at position 4, it is para (p). If two or 
more atoms or groups in addition to the hydroxyl 
are present, their positions are designated by the 
appropriate numbers. 


OH OH 



2,4-DichlorophenoI 2,4,5-Trichlorophenol 
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Phenols whose structures contain more than one 
hydroxyl group bound to an aromatic ring system 
are called polyhydric phenols. Examples are cate- 
chol, resorcinol, and hydroquinone, all dihydric 
phenols. Pyrogallol, a trihydric phenol, is a photo- 
graphic developer. Phenols in which one or more 



Pyrogallol 


hydroxyl groups are joined directly to an aromatic 
system comprising two rings of carbon atoms are 
represented by the naphthols. See Naphthol. 

Production. Phenol is produced by four compet- 
ing processes: (1) The benzenesulfonate process 
involves the sulfonation of benzene by concentrated 
sulfuric acid and then fusion of the sodium ben- 
zenesulfonate with caustic soda: 

CeHfiSOaNa + NaOH 

Na*SO, + CeHsONa ^ CgHsOH 

(2) In the chlorobenzene (Dow) process (chloro- 
benzene is treated with caustic soda in the pres- 
ence of copper at elevated temperatures and pres- 
sures: 

C»H*C1 + NaOH — NaQ + C«HsONa ^ CgHsOH 

(3) In the Raschig process benzene is first con- 
verted to chlorobenzene by hydrochloric acid and 
air in the presence of a catalyst, and then the phe- 
nol is formed from chlorobenzene and water in the 
presence of another catalyst. (4) In the cumene 
peroxidation process cumene hydroperoxide, 
formed by the action of air on cumene, is ('.onverted 
by sulfuric acid into phenol and acetone: 

C 6 HfiCH(CH ,)2 -h air-> C 6 H 5 C(CHh) 202 H 

CflHftOH -h (CH:02CO 

A more recent process consists of heating benzoic 
acid in air in the presence of copper carbonate. 



Less than 5% of the phenol now manufactured in 
this country is obtained directly from coal tar. 
More complex phenols are prepared from phenol 
itself or by the adaptation of one of the methods 
used to prepare phenol to appropriately consti- 
tuted aromatic compounds. 

Complex phenols. Bisphenol-A is made from 
phenol and acetone and is an intermediate in the 
preparation of epoxy resins. 2,6-Di-tert-butyl-4- 
methylphenol is made from p-cresol and isobutyl- 
ene, and is used to protect gasoline, oils, rubber, 
and foods from deterioration caused by atmos- 
pheric oxygen. Pentachlorophenol is used to pro- 
tect wood against attack by fungi and termites. Its 
sodium salt is used to treat industrial water to pre- 



CHs 

Bisphenol-A 



2,6-Di-/ert-butyl-4-methylphenol 

vent the growth of sfiime and algae. Salicylic acid 
is an intermediate from which aspirin and other 
analgesic drugs are made. 2,4-Dichlorophenul and 
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Salicylic acid Aspirin 


2,4,5-trichlorophenol are intermediates in the ni?n- 
ufacture of the weed-killers 2,4-dichloropheno\v- 
acetic acid (2,4-D) and 2,4,.S-trichjorophenoxv 
acetic acid (2,4,5-T) which are usually used as 
their salts or esters. 
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Some phenols occur in natural products. Foi 
example, thymol, from thyme oil, is used in dilute 
solution as an antiseptic and as an intermediate 
from which menthol is prepared. The toxic agents 
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in poison ivy are related to catechol; one of them 
OH 

(f^OH 

I!^^(CH2)i4CH, 

3* (n-Pen tadecyl) catechol 
(fr 9 m poison ivy) 



is 3. (fi-pentadecyl) catechol. See para-Aminophe- 
Noi ; Catechol; Cresol; Hydroquinone; Picric 
acid; Resorcinol. 

[r.b.c.] 

Phenol-formaldehyde resin 

One of the condensation products of phenols or 
phenolic derivatives with aldehydes such as formal- 
dehyde and furfural. The term phenoplasts is 
^ornetimes used to refer to the whole group of prod- 
ucts. The phenol-formaldehyde resins, developed 
commercially between 1905 and 1910, were the first 
truly synthetic polymers and have found wide usage 
for electrical insulation, molded objects, shell 
molds for metals, laminates, adhesives, and many 
other applications. They are characterized by low 
cost, high strength, and resistance to aging. 

Phenol is prepared by the direct oxidation of 
benzene, by the hydrolysis of chlorobenzene, or by 
the alkali fusion of sodium benzene sulfonate: 


SO3H SOaNa 

H2S04 

Hen/ene Benzene Sodium 
sulfonic benzene 

acid sulfonate 




Sodium Phenol 
phtmolale 


Rc'iorcinol, obtained by the alkaline fusion of 
w-benzene disulfonic acid, and m-cresol from coal 
lar are also used. 


OH OH 

Don On, 

m-Dihydroxy- m-Crcsol 
benzene or 
resorcinol 


Formaldehyde is produced by the oxidation of 
methane or methyl alcohol, 

CH3OH f 0 * HCHO + H2O 

65a-000"C 

Methyl Formal- 

alcohol dehyde 

«nd furfural is obtained by the hydrolysis of oat 
hulls. 
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Furfural 


l^olymerization. In the presence of alkali, phe- 
nol and aqueous formaldehyde react to form a solu- 
bon of phenolic alcohols or methylol derivatives 
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with the methylol groups in the ortho and para po- 
sitions. 


OH OH ( 



tHaOH 

A-slage resins, methylol phenols 

The methyhd phenols are solubl e, fusible materials 
which are generally called the A-stage resin. 

In the presence of acid and less than 0.86 moles 
of formaldehyde per mole of phenol, the primary 
alcohols react to yield diphenylmethane polymers 
called novoJacs which are soluble and fusible and 
contain 4-20 phenol units. 



By further beating of the A-stage resin or l?y the 
addition of more formaldehyde to the novolac, fur- 
ther condensation take.s place with the formation of 
the B-stage prodm t, a brittle resin that is partially 
soluble and fusible. 

In the production of phenolic-resin molding com- 
positions, it is common practice to neutralize, con- 
centrate, and dry the B-stage resin, to mix it with 
fillers and curing agent, and then to compact it into 
the form of pellets or briquets. The curing agent is 
hexamethylenetetramine, which at the temperature 
of molding reads with water to form formalde- 
hyde and ammonia, fn the presence of ammonia and 
the additional formaldehyde, the B-stage resin 
cures in the mold to yield a highly cross-linked, in- 
soluble, and infusible C-stage product. 



C-stage phenol-formaldehyde resin 


By use of m-phenol derivatives such as reaorcinol 
or m-cresol, resins are obtained which cure rap- 
idly at low temperature because the meta substitu- 
ents activate the ortho and para positions. By use 
of an ortho or para alkyl phenol, such as p-terr- 
butylphenol, which has only two active sites avail- 
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able for reaction (difunctional). 



CHa -C-CHa 


I 

CH, 

oil-soluble, thermoplastic resins are formed instead 
of the cross-linked materials obtained from the tri- 
functional phenols just discussed. These products, 
being somewhat more expensive than the ordinary 
phenolic resin, are used in special paint, varnish, 
and adhesive formulations. 

With the use of furfural instead of formaldehyde, 
the B-stage resin has the unique property of re- 
maining thermoplastic for a relatively long time. 
The phenol-furfural compositions are useful for 
molding large complex forms in which extra time 
is needed for the resin to fill the mold completely. 

Fabrication and use. Phenolic resins can be cast 
from syrupy intermediates that are cured by heat- 
ing. Laminated products can be produced by im- 
pregnating fiber, cloth, wood, and other materials 
with the resin. After heating, laminated sheets can 
be pressed into any shapes desired. Most of the phe- 
nolic plastics can be machined if necessary. 

Cured phenolic plastics are rigid, hard, and re- 
sistant to chemicals (except strong alkali) and to 
heat. 

Some of the uses for phenolic resins are for mak- 
ing precisely molded articles, such as telephone 
parts, strong and durable laminated boards, or for 
impregnating fabrics, wood, or paper. Phenolic res- 
ins are also widely used as adhesives, as the binder 
for grinding wheels, as ion-exchange resins, and in 
paints and varnishes. See Adhesive; Phenol; 
Plastics fabrication; Polymerization; Textile 

CHEMISTRY. [ j.A.M.; L.M.H.] 

Phenylalanine 

I'lo'i'.il » oii-liinl-. ul cIk I, I'liiiH-i .(I ( 

|.K, ((OOll) 1 JU, I'K, (MI,‘ ) "H 
I'lX'httiM .J IS 

( IplK III niltitiiiii fo ] 1,(^1 ^ IK. U — 4.'i 

>uliil»ilil\ (j; 100 ml 11 O) ^07 
Mi-nipiioii Iruni' .it 2^>0 ( ultrttviulr't ) 

An amino acid considered essential for normal 
growth of animals. The amino acids are charac- 
terized physically by the following: (1) the pKi, 
or the dissociation constant of the various titrata- 
ble groups; (2) the isoelectric point, or pH at 
which a dipolar ion does not migrate in an electric 
field; (3) the optical rotation or the rotatipn im- 
parted to a beam of plane-polarized light (fre- 
quently the D line of the sodium spectrum) pass- 
ing through 1 decimeter of a solution of 100 grams 
in 100 ml; (4) solubility; (5) absorption spec- 
trum or the wavelength at which maximum absorp- 
tion occurs. See Equilibrium, ionic; Isoelectric 



POINT; Optical activity; Spectrophotometric 

ANALYSIS. 

Dietary phenylalanine is the source of tyrosine 
in animal tissues. Phenylalanine originates, bio- 
synthetically, from phosphoenolpyruvic acid and 
D-erythrose-4- phosphate, by way of shikimic acid 
and prephenic acid (.see Amino acids) . 

During metabolic degradation, the major path- 
way in mammals is by oxidation to tyrosine, which 
is then degraded to fumarate and acetoacetate (xcf 
Tyrosine). Phenylalanine also can be deaminated 
to phenylpyruvic acid, of which three metabolic 
products are known : benzoic acid, phenylacetic 
acid, and phenyllactip acid. [e.a.ad.J 


Phenylpyruvic oligophrenia 

A type of mental deficiency caused by an inherited 
defect in protein metabolism, specifically the me- 
tabolism of phenylalanine (see Protein). It is 
also known as phenylketonuria. The condition is 
rare, with an incidence of 1 in 23,000 in the gen- 
eral population, and 3 in 2300 menial defK ients. 
However, research has created the possibility of 
preventing some types of mental deficiency caused 
by mutant genes, through medical identification of 
genetic factors in the parents (5ee Human lknet- 
ius). 

Phenylpyruvic mental deficiency is icTentified 1)\ 
the presence of phenylpyruvic acid in the urine. 
The addition of a S% solution of ferric chloride to 
the uripe causes the formation of a characterislii 
deep green color in the presence of the acid. Post 
mortem examination of affected cases discloses ab- 
sence of the liver enzyme responsible for the me- 
tabolism of phenylalanine in normal persons i.^rc 
Enzyme). The concentration of unmetaholizecl 
phenylalanine is associated with diminution of ar- 
tivity in the higher mental eenter.s and in perma- 
nent intellectual retardation. 

It is possible to alter the amount of the excre- 
tion of such abnormal metabolites by altering the 
amount of phenylalanine in the diet. Phenyla- 
lanine-free diets have been developed, and their 
efficacy is under study. There are some indication^ 
that if diet control can be applied in early infancy, 
damage to the nervous system can be halted and 
a more normal maturation anticipated. 

The mental defective of this type is usualh 
blond, with blue eyes, fair skin, signs of eczema, 
and a typical musty odor of the urine. Frequent 
bizarre behavior reactions, including withdrawal, 
fright reaction, negativism, and posturing, are 
common in some cases. These cases generally 
.show severe mental retardation although occa- 
sionally they may be classified as moderate. They 
rarely benefit from special education in the public 
schools or from residential facilities. 

From the point of view of genetics, the condition 
is due to a single mutant gene and follows a typi* 
cal recessive pattern of inheritance. It is estimated 
that the gene exists as a recessive in 1 in 173 in the 
general population. The parents are apparently 
normal heterozygotes, with no overt clinical evi- 
dence of the diseas*e, while the child appears as a 


homozygote, with obvious mental deficiency and 
ihe marked signs, of an abnormal substance in the 
urine. Recent studies of the heterozygous parents 
have demonstrated abnormal phenylalanine toler- 
ance curves. This allows the possibility of pre- 
dicting the existence of the recessive gene and the 
probable occurrence of a homozygote offspring. 
Such a technique may provide a concrete basis for 
nicdical advice which will protect .such potential 
purcrils from reproducing and thus reduce the in- 
( idence of the disease in the general population. 
Sre Mental nEFiciENCY. [m.g.k.] 

Phlebitis 

An inflammation of the wall of a vein, usually as- 
■iociatcd with a clot formation, or thrombus, in the 
vessel. Venous thrombosis is of two main types, 
phlebothromhosis without inflammation, and ihrom- 
bophlcbitis, where inflammation is involved. The 
( aiises are not completely understood: neverthe- 
less. predisposing factors include blood stasis as 
in prolonged bed rest, tissue destruction, cardiac 
failure, obesity, varicosities, and infections of a 
local or systemic nature. As a thrombus is formed, 
no matter what the cause, portions mav break off 
to become emboli. The €*ml)oli may lodge in the 
lungs with catastrophic results. 

Ill some cases, formation of a thrombus produces 
an inflammatory reaction of the adjacent vessel 
wall. If auxiliary, or collateral, circulation is es- 
tablished early, it may relieve the congestion and 
allow drainage of Mood from the affected area. In 
I lie ahsence of venous drainage serious effect.s may 
ensue iru’luding edema, fiain, tenderness, fever, and 
even gangrene. .See CiRctiLATiON; Embolus; (tAN- 
(.ri.nk; Pain, ukei*; 'runoMBOsis. 

f^eccisionally, phlebitis may develop without a 
preceding thrombus, as when trauma or infection 
produ< (*s direct inflammation. In any case, phlebitis 
ulten drastically alters both blood vessel walls and 
the circulation. Deformity or destruction of the 
venous valves occurs commonly and these in turn 
aet as precipitating factors in the formation of 
'aricose veins, thus establishing a vicious cycle of 
"lasis. thrombosis, and inflammation. Elderly in- 
rlividuals are especially susceptible to phlebitis be- 
‘ aiise of the frequency of previously impaired cir- 
ftilation. 

Milk leg is the lay term for both phlebitis and 
lyniph vessel inflammation associated with some 
pregnancies. [ e.g.st.] 

Phlebotomus fever 

niild. insect-borne virus disease occurring com- 
nionly in Mediterranean countries and in Russia, 
^-hina, and India. It is also known as sandfly fever. 

virus is about 25 m/x in diameter. Antigenic 
relationship to other arthropod-borne viruses has 
ri'»t been demonstrated. 

After the bite of an infected female Phlebotomus 
P^i>atasi, the patient develops headache, malaise, 
^J'^ijunctivifis, nausea, pain, and stiffness. All pa- 
jieiits recover. Clinical diagnosis may be confirmed 
antibody rises in blood. 


PhlMin 1 1 $ 

In endemic areas, immunizing infections arc ac- 
quired by most children. Outbreaks, occasionally 
mistaken for malaria, occur when susceptible 
adults, such as military troops, enter an endemic 
area. Prevention is by control of the vector. See 
Animal virus. [j.l.m.] 

Bibliography: T. M. Rivers and F. L. Horsfall, 
Jr. (eds. ), Viral and Rickettsial Infections of Man^ 
3d ed., 1959. 

Phloem 

The chief food-conducting tissue in vascular 
plants. Its conducting cells are known as sieve ele- 
ments. hut phloem may also include companion 
cells, parenchyma cells, fibers, sclereids, rays, and 
certain other cells. Phloem is spatially associated 
with xylem, and the two together form the vascular 
sy.stem. Min h less is known of phloem than of xy- 
lem, partly because of its lesser direct economic 
importance and partly because the sieve elements 
function for a short time (commonly oqe sea.son) 
and ihtm undergo marked structural and functional 
changes including crushing and. in woody plants, 
sloughing off as a result of periderm formation 
(acc Periderm). Further, the development of 
jihloem is more complex than that cif the xylem and 
leliable information in this regard is scanty. 

Sieve elements. Sieve elements differ from pa- 
renchyma cells in the structure of their walls and in 
the unique character of their protoplasts (see Cell 
protoplast; Parenchyma). Sieve areas, distinc- 
tive structures in sieve element walls, are special- 
ized primary pit fields in which the plasmodesmata 
(fine strands of cytoplasm) become enlarged as 
connecting strands and encased in elongate callose 
collars (Fig. 1 ). The walls of sieve elements often 
increase in thickness by the deposition of the so- 
called nacreous thickening. The protoplast of a 
young immature sieve element can not be distin- 
guished from that of a typical parenchyrtia cell of 
the same age. In the course of development into a 
fun<'tioning sieve element, however, several dis- 
tinctive changes occur. Slime bodies frequently ap- 
pear and later fuse into an amorphous mass of 
slime, the nucleus disintegrates (although the nu- 
cleolus mav escape and retain its identity), the 
boundary between the protoplasm and the vacuole 
becomes indistinct, and the protoplasm eventually 
becomes virtually unstainable by ordinary histo- 
logical dyes. Plastids producing a carbohydrate of 
peculiar character may be present. One or more of 
these features may be absent from the sieve ele- 
ment; the loss of nucleus is the most common fea- 
ture. 

As a sieve element becomes non functioning, its 
contents disintegrate. The callose first increases in 
amount and then disappears along with the con- 
necting strands, leaving empty pores in the wall. 
The element becomes filled with air and may be 
crushed later by enlargement of surrounding pa- 
renchyma cells. 

Sieve cells and sieve-tube members. Typical 
sieve cells are long elements in which all the sieve 
areas are of equal specialization, though sieve 
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areas may be more numerous in some walls than in 
others. In contrast, a sieve^ube member has some 
sieve areas more specialized than others; that is, 
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Fig. 1. (a) Part of sieve plate in surface view; con- 

necting strands and wall (black), callose cylinders 
(clear), (b) Photomicrograph of radial section of part 
of the secondary phloem of American sycamore iPiat- 
anus occidentalis) showing the sieve areas on the 
compound sieve plate of sieve tubes (Forest Products 
Laboratory, U5DA). (c) Oblique sieve plates with 
several sieve areas in end walls of sieve-tube member, 
(d) Longitudinal section of o single sieve-tube member 
and parts of two others; simple sieve plates on trans- 
verse ehd walls and two companion cells, (e) As- 
sembloge of cells derived from one phloem initial: 
sieve-tube member with sieve plates (hatched) on 
end walls, strand of parenchyma cells with nuclei, and 
companion cells (stippled). 


the pores, connecting strands, and callose cylinders 
are larger in some sieve areas. Parts of the walls 
containing such sieve areas are called sieve plates. 
Simple sieve plates have one specialized sieve area 
that generally occtirs on a transverse end wall; 
compound have two or more on an oblique end 
wall. Sieve tubes are composed of an indeterminate 
number of sieve-tube members arranged end to 
end. Thus sieve tubes are to the phloem what ves- 
sels are to the xylem. Sieve-tube members are 
shorter than sieve cells and become progressively 
more so with evolutionary change. Ser Xylem. 

Companion cells. Companion cells are special- 
ized parenchyma cells that occur in close onto- 
genetic and physioibgic association with sieve- 
tube members. They arise from the same meriste- 
matic cell that produces the sieve-tube member 
and vary in size, position, and number, but always 
retain their nucleus. Some sieve-tube members lack 
companion cells. The precise functional relation- 
ship between these two kinds of cells is unknown, 
but they become nonfunctioning simultaneously. 

Parenchyma cells. Parenchyma cells in the 
phloem are thin- or somewhat thick-walled, and oc- 
cur singly or in strands of two or more cells. Thev 
store starch, frequently contain tannins or crystals, 
commonly enlarge as the sieve elemejits become 
obliterated, or may be transformed into sclereids 
or cork cambium cells. Parenchyma cells in sec- 
ondary phloem may arise from a meristematic cell 
(phloepi initial) producing only such cells, or 
from one that also eventually' produces one or more 
sieve-tube members and companion cells. Paren- 
chyma cells seem to intergrade with companion 
cells in the angiosperms. 

Fibers. Phloem fibers vary greatly in length 
(from a fraction of a millimeter in some plants to 
% meter in the ramie plant). The secondary walls 
are commonly thick and typically have simple pits. 



Fig, 2. Photomicrograph of cross section of the sec- 
ondary phloem of paper birch (Botula papyrifera) 
close to the combial region, , Labora- 
tory, USDA) 
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^•9- 3. Block diagram of the secondary xylem, cam- (gymnosperm) Thuja (white cedar). (Courtesy of I, W. 

bial zone, and secondary phloem of the conifer Bailey) 


but may or may not be lignified. In secondary 
phloem some fibers do not increase in length be- 
yond the size of their primordia, but others may 
elongate extensively by apical intrusive growth. In 
primary phloem, immature fibers elongate, some- 
timeK hundreds of times over their original length. 
1 he fibers may become septate, are frequently mul- 
tin.icleate, and may intergrade with sclereids (sec 

Sclkrenchyma). 

Primary phloem. Primary phloem differentiates 
from derivatives of the apical meristem (see Meri- 
; apical). The earliest primary phloem (pro- 
tophloem) contains chiefly sieve elements, with or 
]J[hhoiit companion cells, and parenchyma cells, 
^he sieve elements function for a brief time and 
then are obliterated. The remaining cells may be- 
^'Onie collenchymatous as in many leaves, or be 
tiansformed into long protophloem fibers, often er- 
foneously called pericyclic fibers (see Collen- 


chyma; Pericylle). Metaphloem is formed after 
growth in length of surrounding cells is completed. 
Sieve elements, companion cells (in angiosperms) 
and parenchyma cells occur in such phloem, but 
typical fibers are generally lacking (see Ancip- 
spermae). If secondary phloem is absent, the met- 
aphloem functions throughout the life of the plant. 

Secondary phloem. Secondary phloem is pro- 
duced by the same vascular cambium that forms 
secondary xylem (see Meristem, lateral). Such 
phloem consists of two interpenetrating systems, 
the vertical or axial and horizontal or ray (Fig. 2). 
The phloem rays are basically similar to xylem 
rays, but their component cells differ in typically 
lacking secondary walls. Moreover, as the girth of 
the stem or root increases, the older phloem rky 
cells increase in width and may divide radially. 
This dilatation does not occur in all phloem rays, 
but it is a common feature of secondary phloem 
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Fig. 4. Block diagram of secondary xylem, cambial (angiosperm) Liriodendron (tulip tree). {Courtesy of 
zone, and secondary phloem of the dicotyledon /. W. Bailey) 


and stops only at the time of periderm formation 
within the ray. The vertieal system contains sieve 
elements, parenchyma, ofttm fibers or sclereids, 
and infrequently other elements such as laticifers 
(.see SKf.RF.TOHY STRurTURKS, plant). The fibers 
may occur singly, in dispersed groups, or in tan- 
gential bands. 

Phloem of conifers. The secondary phloem 
consists of long sieve cells, parehchyma cells, and 
frecfiiently of fibers (Fig, 3 ). These cells may be 
arranged in regularly alternating bands that give 
an orderly appearance to the phloem as .seen in 
transection (.see Coniferai.ks) . 

Phloem of dicotyledons. The phloem in dicoty- 
ledons (Fig. 4 ) has greater diversity of cell struc- 
tures and of arrangement than that in the conifers 
(see Dicotylkdonkak ) . It is composed in varying 
proportions and groupings of .sieve-tube members. 


companion cells, parenchyma cells, and often of 
fibers, sclereid.s, and various other kinds of cells oi 
cell groups, such as secretory. The various cell? 
may he arranged in alternating bands or have no 
regular spatial disposition. The functioning 
phloem is generally more orderly in appearance 
than the nonfimctioning. This difference result? 
from partial or total collapse of the older sieve ele- 
ments and associated companion cells, and fre 
cpiently from the concurrent enlargement of neigh- 
boring parenchyma cells. See Cytology; Plant 
tissue systems. fv. I. ciieadlf] 

Bibliography: See Plant anatomy. 

Phidgopite 

A mineral of the mica group, also called amber, or 
bronze, mica. Its composition is K2[Mg,Fe(n)]<^' 
(Si«,Al2)02o(OH).|, including minoir amounts of 
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sodiiini (Na) that substitute for potassium (K) and 
containing small amounts of Mn, Fe(III), and Ti. 
With an increase in Fe(II), it grades into biotite 
from which there is no sharp distinction. 

Plilogopite is stable at higher temperatures and 
has a higher power factor than muscovite, with 
about the same voltage breakdown. It is widely used 
as an electrical insulator. 

It occurs in disseminated flakes, foliated masses, 
or large crystals. The basal cleavage is easy and 
perfect; specific gravity is 2.8- 3.0; hardness is 
2.S-3.0. Thin sheets are transparent in shades of 
light brown and green. Reddish-brown reflections 
are characteristic of cleavage surfaces, ft mav be 
colorless to weakly pleochroic. 

The structures are monoelinic (one-layer, two- 
layer. and three-layer pseudorhombnhedral ) . Many 
phlogopites display asterism in transmitted light 
liccause of oriented exsolved rutile needles. 

Phlogopite occurs chiefly in certain peridotites 
( kimficrlites) , in serpentinized peridotites. in mar- 
l)lc> derived from impure dolomitic limestones, and 
as very large crystals of commercial importance in 
f)arsr-grained pi agiocdase-apatite-calcile- pyroxene 
ro( k'^ of pegmatitic affinity (Ontario and ()ue- 
b(‘( ). 5cc Mica: Silicatfc miinlkals. |f:.w.h.1 


Phobic reaction 

A Tvf)e of neurosis, 'fhe specific forms which phobi<* 
rc:i(’tions, or intense irrational fears whose irra- 
tionality fhe individual may realize without being 
able to dis|>el the fear itself, may take are almost as 
\aiied as the human imagination. These have often 
l»ocn labeled to render them into a medically 
ac(cpiahle terminology, for example, nyctophobia 
or morbid fear of darkness; ocholopbobia, fear of 
ciowds; zoophobia, fear of animals; mysophobia, 
fear of germs and ctintamination : claustropho- 
bia. fear of being in a confined space; agorophobia, 
fear of open places; hydrophobia, fear of water: 
and syphilophobia, fear of syphilis. These specific 
fears may be considered neurotic symptoms rather 
than relatively discrete patterns related to particu- 
lar psychodynamic foundations, and may occur 
within the context of broader patterns of maladap- 
live reaction. The origins of phobic reactions tend 
be quite varied; sometimes they originate in a 
generalized fear of a class of objects, one member 
of which initially caused a pain reaction. For ex- 
ample, when a child is bitten by a dog it may learn 
morbidly to fear all dogs. Phobias sometimes result 
m a more complex, symbolic, and distorted displace- 
ment, as when a fear of sexual penetration leads tQ 

fear of all sharp objects. 

F-ounterphobic reactions are the ones in which 
^he person goes out of his way to meet the danger- 
ous object or dangerous impulse head on, as if in 
effort to gain mastery by confrontation of the 
^^nger. More often than not, this counterphobic 
maneuver is self-defeating, for the person is di- 
*''^cting his efforts, not toward his core problem, but 
toward some fragmentary representation or some 
Jsplaced version of it. The daredevil aspects of 


such reactions often lead to a kind of heroization 
of the sufferer, providing a certain amount of sec- 
ondary gain thereby. See Abnormal behavior; 
Neurosis. [j.s.b.; w.ms.] 

Phoebe 

Any of three species of flycatchers of the genus 
Sayornis, all found in the United States. 3'he east- 
ern phoebe, 5. phoebe, is the best known. Tt nests 
in southern Canada, throughout the United States 
east of the Rocky Mountains, and south to northern 



The phoebe, Sayornis phoebe; length to 7}4 in. {From 
E. L. Palmer, Fie/dbook of Natural History, McGraw- 
Hill, 1949) 

Ge«»rgia. Its wistful call note of “phoe-be,” or 
“pe-wil pfine-he,” repealed over and over, and its 
habit of teetering, or tail-wagging, while sitting on 
a low perch are readily distinguishing traits. It 
nest*- under small bridges and other structures 
raised a few feet from the ground. See Flycatcher; 
Passeriformes ; Pewke. [.i . d.b.] 

Photidota 

An order of mammals which includes only the pan- 
golins or scaly anteaters. These, together with the 
aardvarks, were long t)laced in the same order with 
the South American edentates, until increasing 
kmiwledge showed that they are quite distinct. Fos- 
sil pangolins are practically unknown, and the an- 
cestry of the group is therefore obscure. 

The pangolins are unique among mammals in 
that they are encased in an armor of overlapping 
horny scales. Hairs are present on various parts of 
the body, even between the scales in Asiatic spe- 
cies. Teeth are completely absent, the skull is elon- 
gate, and the tongue is worm-shaped, as in the true 
anteaters. These are adaptations for a diet of ter- 
mites. Seven species are known from tropical Asia 
and Africa; all are placed in the genus Manis. See 
Eutherja; Pholidota fossils. [d.d.d,] 
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Pholidota fossils 

Fossil pangolins are represented by isolated bones 
from the Pleistocene of Asia, the middle Oligocene 
of France, and the early Miocene of France and 
Germany. These few fossils indicate animals simi- 
lar to living forms: small to medium-sized, large- 
clawed, quadrupedal, arboreal or terrestrial mam- 
mals, with edentulous, tubular skulls well-adapted 
for a diet of ants. The most remarkable character 
of the living forms is the complete covering of 
large, horny, imbricating scales. Pangolin ances- 
try is largely conjectural because of lack of fossil 
record, but it may approximate the ancestry of 
the order Edentata. See Edentata fossils. 

[d.e.s.] 


Phon 

The unit of loudness level. Although the basic unit 
of loudness is the sone, loudness level is frequently 
used. The loudness level, in phons, of a sound is 
numerically equal to the sound pressure level, in 
decibels, of a lOOO-cps reference tone which is 
judged by listeners to be equally loud, that is, to 
have the same sone value. The relation between 
loudness in sones and loudness level in phons is 
shown in the accompanying nomogram. The useful- 
ness of the phon as a unit is limited by the fact 
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that the number of phons is not proportional to 
the subjective loudness of a sound as experienced 
by a listener. 

A major problem in noise control has been the 
evaluation of the loudness of complex noise. For 
example, the loudness of a noise which contains 
energy in a number of octave bands is not equal 
to the simple sum of the sone values of the indi- 
vidual octave bands present in the noise. The loud- 
ness in sones of a complex noise can be estimated 
with the aid of the following equation : 

St ** ‘^luaz 0,3(25- Sn.ax) 

where St is the totij loudness in sones, 5max is 
the number of sones iff the loudest octave band, and 
25 is the sum of loudnesses in all the octave bands. 

The loudness of a complex sound in sones can be 
converted to loudness level in phons by use of the 
nomogram or by the formula 


Phon 


1.2 + log 5r 
0.03 


The relation between the subjective loudness of 
a sound and how noisy it sounds to people has not 
been determined. See Loijdness; see also Deci- 
bel; Sone. [k.d.k.] 

Bibliography: S. S. Stevens, Calculiftion of the 
loudness of complex noise, J, A coast. Soc. Am., 
28(5) :807-832, 1956. 

Phonetics 

The study of the sounds which make up speech. It 
includes the production and reception of the 
sounds, their classification and listing, their physi- 
cal characteristics, and the variations of the sounds 
among languages and dialects. 

A set of symbols to stand for the sounds is re- 
quired in writing. For this purpose, the letters used 
in English spelling are inadequate. Although they 
may give some hint as to pronunciation, many let- 
ters have a number of different pronunciations, 
which are indicated in dictionaries by diacritical 
marks. Other symbols have been adopted by the 
International Phonetic Association. The table lists 
38 of the IPA symbols, with English words for il- 
liLstration. This list is adequate for most usage in 
American English. 

Some sounds that are thought of as single units are 
really combinations. Thus the vowel of "my” is a 
diphthong, in the symbols of the table [mai]. The 
ch of "choice” is [tj], and the j of ”join” is [dsl- 
On the other hand, some combinations of letters are 
single sounds, like sh [$], th [e] [tS], and ng [q1- 

In a language other than English, some of the 
sounds in the table would be retained, some 
dropped, and new ones added. Each symbol of the 
table represents a phoneme, if it is recognized by 
those using the language as the same unit, although 
it may be pronounced in slightly different ways in 
different combinations or by different people. The 
slight variations in a phoneme are called alio* 
phones. International Phonetic Symbols have been 
adopted (some as *attachment8 to the symbols in 
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Vowels 

i 

meet 

0 

all 

1 

hit 

o 

note 

p 

hate 

u 

hoot 

f 

met 

u 

foot 

»• 

hat 

A 

cup 

a 

ask 

9 

aliout 

a 

father 

3 

bird (Eastern 




pronunciation) 

D 

sorry 

3* 

bird ((lenoral American 
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Slop corusonants 

V 

pit 

h 

bit 

1 

to 

d 

do 

k 

cap 





F ricaiive consonants 

f 

fat 

V 

vat 

o 

thin 

ti 

then 

s 

see 

7 

zoo 

s 

shed 

A 

vi.sion 

h 

hat 





IWasal consonants 

in 

me 


sing 

n 

no 

Glides or 

semivowels 

w 

we 

r 

red 

j 

y<^s 

1 

irX 


lilt’ tahU*) siitiirienl to indirate almost all pronun- 
ciations in the various languages. A speech utter- 
ance written in th<'se symbols is called a phonetic 
ii .inscription. 

The classificcilion used in the table is ac( ording to 
lie general method of production of the sounds. The 
Li'^ses rnav he subdivided, or the sounds may be dif- 
lerenilv classified such as voiced (having tone from 
• he vfK’al (’Olds present) or unvoiced (only the Iric- 
liorial noise of e.xfialcd air present). Consonants may 
he cl.issified according to tlie location of a constric- 
Imn, such as bilabial [p,b,m,w], labiodental [Cv], 
‘Icnial alveolar [t,d,s,z,n,r,l] , palatal 

''clar |k,g,i|l, and glottal [h]. 

\ speech sound may be analvzed into a fre- 
ipieney spectrum, which shows concentrations of 
energy in certain frequency regions, called for- 
mants of the sound. The technique known as visible 
speech, showing the smooth transformation of for- 
mants from sound to sound, is most enlightening in 
anahsis. .See Spf:ech. | h.k.d.] 

^fhlioffraphy: C. E. Kantner and R. West, Pho- 
1941; R. K. Potter. G. A. Kopp, and H. C. 
Cieen, Visible Speech, 1947. 

Phonocardiography 

I he science of graphic visualization and interpre- 
^ati(»n of sound vibrations associated with each 
heart beat. The phonocardiogram is the record 
^‘htained, the phonocardiogruph the recording in- 
"'•furnent. The latter generally consists of an audio- 
coupled to a carbon crystal or capaci- 
lanr-e microphone placed over the chest. Band-pass 
hers may be provided to allow for separation of 
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Fig. 1. Phonocardiograms. (a) Normal subject, record 
from cardiac apex: first (1) and second (2) heart sounds 
appear split, a faint third (3) heart sound is present, (b) 
Abnormal phonocardiogram; first and second heart 
sounds as in (a). The first sound is preceded by an 
atrial gallop sound (g) coinciding with atrial activity as 
seen from the electrocardiogram. Between the first and 
second sound rapid, irregular vibrations occur (m) char- 
acteristic of a systolic murmur. Simultaneous electro- 
cardiograms ore below each sound record. Time lines 
equal 0.04 sec. 

the aiisi'ultalory phenomena of the heart into vari- 
ous frequency ranges. 

The phonocardiograms are usually photographic 
images of galvanometer deflections or osrilloscopic 
tracings on a time-amplitude scale (ice Record- 
ing INSTRUMENTS, GRAPHIC). For timing purposes 
phonocardiograms are generally recorded simul- 
taneously with a pulse record, or an electrocardio- 
gram ( Fig. 1). Recording techniques generally fol- 
low the standard practice of clinical auscultation 
by comparing records obtained from specified 
chest positions. For more detailed analysis, phono- 
cardiograms have been obtained from other areas, 
such as the esophagus, the cavities of the heart, 
and the large blood vessels by means of special 
phonocathelers advanced into the heart through 
the venous system, a procedure known as intracar- 
diac phonocardiography. The miniature micro- 
phones placed on the tip of the catheter are barium 
titanate tubular elements, related to hydrophones 
used in sonar application {see Sonar), Spectra] 
phonocardiography is an adaptation of the PotW 
sound spectrograph whereby frequency, time, and 
loudness of heart noises can he displayed in 
graphic form (Fig. 2). 

Most of the vibrational energy developed during 
the heartbeat lies below the frequency threshold of 
the human ear. A small fraction of this energy, 
however, may be perceived as sound phenomena. 


dynes R.M.S. pressure amplitude 
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These are of low intensity with fundamental fre- 
quencies of 40-200 cycles per second (cps), with 
occasional higher values. Overtones and harmonics 
can be heard, but these are attenuated during 
sound transmission through body tissues and are 
usually filtered out by the recording devices. For a 



Fig. 2. Spectral phonocardiogram. Frequency-time 
plot. Intensity of sound proportional to darkness of the 
tracing. Normal subject, record over region of pulmo- 
nary artery. Note splitting of second sound (2). (From 
V. McKusick, Cardiovascular Sounds, Williams and 
Wilkins, 1958) 


sensation of equal loudness the human ear requires 
greater energy for low than for high frequency 
sounds. For this reason, almost irrespective of fre- 
quency, heart noises remain consistently at the 
lower threshold of hearing (Fig. 3). In addition, 
external noises from the room and street decrease 
sound perception of low intensity sounds, and in 
heart sounds with mixed frequencies the simulta- 
neous presence of relatively loud low frequency 
components tends to suppress perception of higher 
frequency. These phenomena are of obvious clini- 
cal importance, and are termed the masking ef- 
fects. These characteristics of the human ear are 
not shared by a microphone-amplifier system. Pho- 
nocardiograins therelpre cannot be considered 
faithful graphic reproductions of sounds as per- 
ceived by a physician through a stethoscope. A 
logarithmic phonocardiograph has been described 
which more nearly records the heart sound vibra- 
tions as perceived by human subjects. 

Clinical practice distinguishes heart sounds from 
heart murmurs. Physically they are differentiated 
only by duration because both are irregular sound 
mixtures of low frequencies and variable intensi- 
ties. The normal heartbeat is associated with two 
loud heart sounds oi curring at the beginning and 
at the end of muscular contraction or systole, coin- 
cident with the closure of the heart valve?. In vemng 
subjects a third sound of low intensity is commonlv 
heard shortly after the se<*ond sound, and a fourth 
sound ij^ occasionally present preceding the first 
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musical notation 

Fig. 3. Normal heart sounds and the characteristics sensatidn of equal loudness. Intensity and pitch of 

of hearing. The range of human hearing is indicated heart sounds always remain close to the threshold of 

by the curved lines with higher sound intensities re- audibility. (From H. B. Williams and H. F. Dodge, Arch. 

quired at lower than at higher frequencies to give the Internal Med,, 38:685, 1926) 
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cound and related to the contraction of the atria. 
These additional sounds may become accentuated 
in heart failure at any age and, together with the 
first and second sounds, may give the appearance 
of triple or quadruple rhythm known as gallop 
rhvthms. Asynchronous ventricular contraction, 
valve narrowing, and extracardiac adhesion may 
give rise to duplication of heart sounds, clicks, and 
m-ratches of brief duration. Heart murmurs may 
occur as the consequence of rapid bloodflow in an 
otherwise normal heart. These are known as flow 
murmurs or ejection murmurs, or they may be asso- 
ciated with valvular and other structural intracar- 
(jiat defects. The technique of clinical auscultation 
supplemented by phonocardiography is concerned 
with identifying pitch (frequency), intensity, tim- 
ing, duration, and maximum area of transmission 
of sounds and murmurs with specific structural 
« hangos within and about the heart. 

The physical basis for the origin of heart sounds 
and murmurs is largely speculative. In a closed 
fluid compartment, such as the vascular system, the 
lelcasc (»f sound energy requires turbulent flow 
with cddv or vortex formation caused either by ex- 
cessive* ^peed of flow or by normal or pathologic ob- 
structions resulting in sudden changes in blood 
velocity. The occurrence of high frequency tran- 
sients. and of murmurs with tonal (musical) qual- 
it\ suggests that under pathologic circumstances 
^olid structures within the heart may be set in vi- 
bration giving rise to abnormal noises. The forma- 
li(*n and collapse of vapor or gas pockets (cavita- 
tion ) occurring in local areas of high velocity has 
also been claimed as a source for pathologic 
vMjnds. .See Biophysics; ELECTROPHrsioLOGY 
( ukart) . Th.HE.I 

Bibliography: V. McKiisick, Cardiovascular 
Sounds, 1958; M. B. Rappaport, H. B. Sprague, 
The graphic registration of the normal heart 
sounds, Am, Heart 23:591, 1942; S. Rodbard 
fed.). Symposium: Present Status of Heart Sound 
Production and Recording, IRE, Trans, on Med. 
Electronics, PGME-9, December, 1957; H. B, Wil- 
liams and H. F. Dodge, Analysis of heart sounds. 
Arch. Internal Med,, 38:685, 1926. 

Phonograph 

An instrument for recording (reproducing) acous- 
tical signals, such as voice and music, by transmis- 
sion of vibrations from (to) a stylus that is in con- 
tact with a groove in a rotating disk. For an ex- 
tended discussion of phonographs, phonograph 
records, and related topics, see Disk recording. 

[h.f.o.J 

Phonoljte 

A light-colored, aphanitic (npt visibly crystalline) 

■ volcanic origin, composed largely of alkali 

i eldspar, feldspathoids (nepheline, leucite, soda- 
^t®), and smaller amounts of dark-colored (mafic) 
*^*nerals (biotite, soda amphibole, and soda pyrox- 
pe). Phonolite is chemically the effusive equiva- 
ent of nepheline syenite and similar rocks. Rocks 


Phonollfa 

in which plagioclase (oligoclase or andeaine) ex- 
ceeds alkali feldspar are rare and may be called 
feldspathoidal latite. See Feldspathoid. 

Rapid cooling at the surface causes lavas to solid- 
ify with very fine-grained textures. Most phonolitic 
lavas, however, carry abundant large crystals (phe- 
nocrysts) when they are erupted, and these are 
soon frozen into the dense matrix to give a porphy- 
ritic texture. Generally very little material congeals 
as glass. The phenocrysts, many visible to the naked 
eye, include alkali feldspar, feldspathoids, and 
mafics. These may be well-formed (euhedral) or 
moderately well-formed (subhedral). 

Most other features of phonolites can be seen 
only microscopically. The alkali feldspar is princi- 
pally soda-rich sanidine and orthoclase. It generally 
occurs in the rock matrix, but if abundant it may 
also form as phenocrysts. Plagioclase is not abun- 
dant except in nepheline latites where it may form 
abundant phenocrysts. 

Nepheline may occur as euhedral crystals 
(square or hexagonal) some of which may be phe- 
nocrysts. Otherwise it is irregular (anhedral) and 
interstitial. Nosean, hauyne, and sodalite, as euhe- 
dral or partly corroded crystals, may occur as phe- 
nocrysts and matrix grains. These twelve-sided (do- 
decahedral) crystals generally show hexagonal 
outlines in thin sections of the rock. Eight-sided, 
euhedral crystals of pseudoleucite may occur as 
phenocrysts in potash-rich rocks. More rounded 
grains of leucite may form part of the matrix. Leu- 
cite is commonly altered to pseudoleucite, hut the 
euhedral outline is retained. Analcite occurs prin- 
cipally as matrix material but in some rocks it is 
abundant and as large euhedral phenocrysts. 

Biotite is not common but may form large 
strongly resorbed phenocrysts. Amphiboles are usu- 
ally soda-rich (riebeckite, hastingsite, and arfved- 
sonite). They may occur as phenocrysts or as inter- 
stitial clusters. They may show resorption or may 
be replaced by pyroxene. The most important mafic 
is soda pyroxene. As phenocrysts it is commonly 
zoned with cores of diopside surrounded by pro- 
gressively more sodic shells of aegirine-augite and 
aegirite. Aegirite is the common pyroxene of the 
rock matrix. 

Accessory minerals are varied and include 
sphene, magnetite, zircon, and apatite. 

The structures and textures of phonolite are simi- 
lar to those of the more common rock trachyte. 
Fluidal structure, formed by flowage of solidifying 
lava and expressed by lines or trails of phenocrysts, 
may be seen without magnification. Under the mi- 
croscope, flowage is shown by subparallel arrange- 
ment of elongate feldspar crystals. See Trachyte. 

Phonolites are rare and highly variable rock^s. 
They occur as volcanic flows and tuffs and as small 
intrusive bodies (dikes and sills). They are asso- 
ciated with trachytes and a wide variety of feld- 
spathoidal rocks. 

The origin of phonolites and related rocks con- 
stitutes an interesting problem. There is still con- 
siderable difference of opinion as to how the phono- 
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litic magma (molten material) originates. One 
theory assumes an origin from basaltic magma by 
differentiation. Certain early formed crystals are 
removed (perhaps by settling) causing the residual 
magma to approach the composition of phonolite. 
Another theory supposes these peculiar magmas to 
form when a more normal rock melt assimilates 
large quantities of limestone fragments. Volatiles, 
notably carbon dioxide, are considered by many to 
play an important role in transferring and concen- 
trating certain constituents (like potassium) in the 
magma. The great variety of rock types and inodes 
of association strongly suggests that several differ- 
ent mechanisms may operate to form these feld- 
spathoidal rocks. See Igneous rocks; Magma. 

I r.A.CA.] 

Phonon 

A sound quantum. The energy of a phonon is hv^ 
where k is Planck’s constant and v the frequency 
of vibration of the sound wave. The phonon is thus 
analogous to the photon, a light quantum. 

In treatments of the scattering of electrons and 
other particles by thermal waves (short sound 
waves) in matter, the selection rules which arise 
bear a formal resemblance to the laws of conserva- 
tion of energy and momentum holding for colli- 
sions between particles. This leads to the concept 
of a phonon as a packet of sound waves, the wave 
packet having particle-like aspects. The concept is 
particularly convenient in the theory of the thermal 
conductivity of insulators, where one may speak of 
a phonon gas, collisions between phonons, and a 
phonon mean free path. In the theory of the prop- 
erties of superffuid helium, the quanta of longitu- 
dinal sound waves in the liquid helium are called 
phonons. Sec CoNDUfiTioN (heat). [j-D-l.] 

Phonoreception 

The perception of sound by animals through spe- 
cialized sense organs. A sense of hearing is pos- 
sessed by animals belonging to two divisions of 
the animal kingdom, the vertebrates, which form the 
main subphyliim of the phylum Chordata, and the 
insects, which comprise the most important class 
of the phylum Arthropoda. This sense is mediated 
by the ear, a specialized organ for the reception of 
vibratory stimuli. Such an organ is found in all 
except the most primitive vertebrates, but only in 
some of the many species of insects. The verte- 
brate and insect types of ear differ in evolutionary 
origin and in their modes of operation, but both 
have attained high levels of performance in the 
reception and discrimination of sounds. See Sound. 

Vertebrates. The vertebrate ear is a part of the 
labyrinth, located deep in the bone or cartilage of 
the head, one on either side of the brain. A com- 
plex assembly of tubes and chambers contains a 
membranous structure which bears within it a 
number of sensc»ry endings of different kinds. 

The membranous labyrinth is shown in a gener- 
alized schematic form in Fig. 1. It is convenient to 
recognize two divisions, a superior division, which 
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Fig. 1. Generalized sketch of the vertebrate labyrinth 
The three cristae, macula ultricuii, and macula sacculi 
are always present in vertebrates, and the other end- 
ings appear as indicated, with a few exceptions. 


includes the three seiriirjrcular canals and t 
utricle, and an inferior division, which include^ 
the saccule and its appendages, the Rigcna and thi 
cochlea. The superior division is remarkably iini 
form in character from the higher fishe.s upward, 
but inferior division shows many variation^ 
The saccule is always present. The lagena Is prcM-jii 
in all classes except the mammals, although il 
missing in occasional species. The cochlea is funiid 
in reptiles, birds, and mammals. 

The sensory endings within these parts of iln' 
labyrinth also vary in the vertebrate series. Again | 
there is uniformity for the superior division. 
is a crista in each ampulla of the three semicircular | 
canals and a utricular macula. In all but the niarn 
mals (with a few individual exceptions), there is a 
macula neglecta, usually located on the floor o) 
the utricle or close to the junction of utricle and 
saccule. All forms have a saccular macula. All 
those with a lagena (in general, all except ihf 
mammals) have a lagenar macula. All the am ; 
phihians have a papilla amphibiorum, but it 
found in no other forms. A basilar papilla appears 
in certain amphibians, is continued in the reptiles, 
and then is developed in a more elaborate form as 
the cochlea of higher reptiles, birds, and mammals- 

These endings contain ciliated cells (hair cell^l 
which are supplied by fibers of the eighth cranial 
(auditory) nerve. In the cristae the cilia of 
hair cells are particularly long and are embedded 
in a gelatinous substance that forms a cap 
cupola. In the maculae the cilia are surmounted 
a flat plate of gelatinous material in which numer* 
ouij?. granules of calcium carbonate (otoliths) 
usually embedded. The ciliated cells in the papill^^ 
lie on a movable membrane (basilar membran^| 
and have a membranous covering, the tectorial 
membrane. 



The superior part of the labyrinth generally 
serves for bodily posture and equilibrium, whereas 
the sacnile and its appendages (lagena, cochlea) 
serve for hearing. However, there are exceptions 
tn thi*? rule, the most important of which is that 
in the higher vertebrates, including mammals and 
prol)ahly birds and reptiles, the saccule serves only 
for equilibrium. See Equilibrium, biological. 

Beginning with the amphibians, which are the 
earliest vertebrates to spend a considerable portion 
of their lives on land, there appears a special 
mechanism, the middle ear, whose function is the 
transmission of aerial vibrations to the endings 
of the inner ear. All the vertebrates above the 
fishes, and certain of the fishes as well, have some 
type of sonnd-facilitative mechanism. 

Fishes. 'Fhe maculae of the utricle, saccule, and 
l:i;zcna in the bony fishes have a peculiar form. In- 
stead of numerous calcareous particles there is a 
single otolith, a large body of distinctive form. The 
macula neglecta is sometimes larking. 

Few questions have been more actively debated 
tlidii the ability of fish to hear. Experiments on 
this question began with G. Parker in 1903, who 
ohserved the natural reactions of fish when ex|»osed 
10 a sudden sound, and were carried forward by 
F Westerfield and others in 1922 by the introduc- 
tion of conditioned-response methods. This work 
ciilininated in the series of studies by K. von Frisch 
and his associates, who trained fish to make feeding 
responses at the sounding of a tone. These experi- 
mcnt« proved that fish may he divided into two 
groups according to hearing ability, those that hear 
only crudely and those that hear well. The first 
group includes the great majority of fish species, 
with what may be called the basic type of labyrinth 
and lacking any accessory mechanism. The fish that 
hear well have one of two general types of sound- 
facilitating .structure: either an air vesicle adjacent 
to some part of the labyrinth or a connection with 
the swimbladder. 

The second of these types of accessory structure 
i*^ the more common, and is found in a large group 
^‘f fresh-water fishes known as the Ostariophysi. 
Between the labyrinth and the anterior part of the 
swimbladder is a chain of three or four small hones, 
known from their discoverer, E. H. Weber, as the 
Weberian ossicles (Fig. 2). Weber correctly sup- 
l>o^ed. when he described this apparatus in 1820, 
duit it serves for the facilitation of sound reception, 
it has been demonstrated that the hearing is 
inipaired after removal of the swimbladder and 
after an interruption of the ossicular chain. . 

I'he moot extensive study of hearing in fish has 
been made on the European minnow (Phoxi.nus 
iaevis)^ one of the Ostariophysi that responds 
readily to training procedures. This fish is able to 
bear tones over a range from 32 cycles per second 
feps) or a little below to 5000 or 6000 cps, and in 
^be lower part of this range can discriminate a 
fi frequency of about 3%. The dwarf cat- 

IctaluTus {Ameiurus) nebulosus, responds to 
^«nesas high as 13,000 cps. 
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Fig. 2. The two labyrinths of an ostariophysan fish 
and their connections with the swimbladder through 
the Weberian ossicles. Diagrammatic view, from above. 


Foi monnyrids and labyrinthine fishes, which are 
forms with an air vesicle adjacent to the labyrinth, 
the upper limit of hearing is around 3000 cps. In 
ordinary fish (which lack the accessory mechanism) 
this limit is u.sua]ly found between 600 and 800 cps, 
and the sensitivity is 30-40 decibels (db) poorer 
than in the Ostariophysi. 

A number of experiments, mostly on minnows, 
have dealt with the problem of the particular parts 
of the fish labyrinth that are concerned with hear- 
ing. Removal of the superior portion, which in- 
cludes the utricle and semicircular canals, does not 
impair the responses to sound, but seriously affects 
the posture and swimming ability. After this opera- 
tion the fish may assume an inverted position, and 
swims erratically. These parts must therefore con- 
tain organs of equilibrium. Removal or impairment 
of either the saccule alone or the lagena alone 
leaves the fish able to hear, but the removal of both 
saccule and lagena abolishes the responses to all 
tones except those of ^ery low frequency which axt 
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perceived through skin receptors. Hence, the end- 
ings of the saccule and lagena are auditory in func- 
tion. Exceptional in this respect are the herring 
and sardine (clupeids), in which an air vesicle is 
applied to the wall of the utricle; in these the sense 
of hearing is probably mediated by the utricular 
macula. 

Amphibians, The three orders of amphibians — 
the Apoda (legless), including wormlike forms 
such as caecilians; the Caudata (tailed), including 
mud puppies, newts, and salamanders; and the 
Salientia (tailless), including frogs and toads — all 
have some type of middle-ear mechanism. 

The first two orders include animals whose ears 
show a great variety of accessory structures, some 
of which look as though they might function well in 
sound reception, whereas others seem crude. Of 
these only the salamander has been studied ex- 
perimentally. In 1938, S. Ferhat-Akat trained 
larvae to come for food at the sounding of a tone, 
and got results for tones up to 244 cps in one 
specimen and up to 218 cps in three others. 

Higher amphibians, such as the Irog, po.ssess 
a well-developed middle-ear mechanism, consisting 
of a disk of cartilage flu.sh with the lateral surface 
of the head and covered with skin, and a rod of 
cartilage and bone, called the columella, leading 
inward from the disk and expanding to form the 
stapes which is imbedded in an opening (oval 
window) in the wall of the otic capsule (Fig. 3). 

The active and often loud croaking of frogs in the 
breeding season has focused attention upon the 
problem of their hearing. R. Yerkes in 1905 first 
succeeded in obtaining experimental evidence of 
their auditory sensitivity by showing that sounds 
may enhance or inhibit their response to a strong 
tactual stimulus. Several studies in which the im- 
pulses from the eighth nerve were recorded on 
stimulation with tones showed results only for low 
frequencies, up to 500 or 600 qps, or at most to 
1024 cps. The most extensive study of the electrical 
responses of the ear by W. Strother in 1958 showed 
responses in Rana cat€,sheiana over a range from 
below 100 cps to about 3500 cps. The sensitivity 
was best at 400-1500 cps. and then fell off rapidly 
to the upper limit. 

Reptiles. The living reptiles belong to four im- 
portant groups, represented by snakes, turtles, 
chameleons and lizards, and crocodiles and alliga- 
tors. 


Many authorities have asserted that snakes are 
completely deaf, or that their ears are sensitive 
only to vibrations conducted to the head through 
the ground. This impressjon has arisen partly from 
the fact that snakes do not have any external ear 
and do not show obvious reactions to sounds. There 
is no tympanic membrane to receive aerial sound 
pressures, but its purpose is served by one of the 
bones of the skull, the quadrate bone, which i$ 
loosely attached to the main part of the skull. Al- 
though it lies beneath the skin and other tissues of 
the side of the head, the quadrate bone presents a 
flat surface for the action of sounds, and commu- 
nicates them to a thin bony rod (columella) run- 
ning inward to expand as the stapes in the oval 
window (Fig. 4) . 

Recent experiments have shown that electrical 
potentials are produced in the inner ears of snakes 
in response to low-frequency sounds, to both the 
sounds conducted through the substratum and those 
conducted through the air in the usual way. Hence, 
it seems safe to conclude that snakes have hearing, 
although only for the lower range of sound.s and 
not as highly sensitive as that of most other ani- 
mals. 

Doubt has often also been expressed about the 
ability of turtles to hear, but here aeain the evi- 
dence is that they do. They have a well-developed 
middle ear, including a cartilaginous disk on the 
side of the head beneath the skin, and a columella 
leading to a stapes in the oval window of the otic 
capsule. Two investigators have succeeded in train- 
ing turtles to make positive reactions to an acoustic 
signal, although others have failed in this attempt. 
The electrophysiological method yields positive re- 
sults. Indeed, the observations show that for low 
tones, those of 100-700 cps, the turtles have excel- 
lent sensitivity, with the wood turtle, Clrmmys in- 
sculpta, exceeding other species studied (Fig. 5) 

Structurally the ear of the lizard is superior to 
that of the turtle. There is a membranous drum, a 
columella, and a stapes. A few studies have dealt 
with their hearing, and there is no doubt that they 
hear sounds in the middle range of frequencies. 





Fig. 5. The auditory sensitivity of a wood turtle, 
Clemmys insculpta, as shown by the potentials pro- 
duced in its ear by sounds. The curve shows the sound 
pressure necessary to produce a potential of 0.3 mi- 
crovolts. 



frequency 


Fig. 6. Threshold sensitivity in the bullfinch (mean of 
4 birds). (From J. Schwartzkopfif, Uber Sitz und Lets- 
tung von Gehor und Vibrafionssinn bei Vogein, Z, 
verg/. Physiol., 31:527^08, 1949) 

C. Berger was able to train two species of lizards 
[Lacerta agilis and L. vivipara) to make feeding 
movements in respon.se to various sounds, including 
tones over a range from 69 to 8200 cps. Electrical 
poteniials have been recorded from the ears of the 
lizard Ariolis for tones in the range of 100"-10,000 
(‘ps. 

Hie crocodiles have an ear representing a dis- 
tinct advance over other reptiles, and there is a 
f^urved cochlea similar to that of birds. Probably 
they have excellent hearing, although the experi- 
mental evidence is scanty as yet. Many general ob- 
'^W'uiions indicate that they use sounds in mating 
^^'■tivities, and the males are capable of producing 
loud roars. F. Beach was able to provoke captive 
^^niinals into roaring and making movements by 
''^tnuilaiion with low tones, especially sounds at 57 
but also others at about 300 cps. E. Wever and 
J Vernon found that young caimans gave cochlear 
P^'ientials in response to sounds over a range of 
20-6000 cps. 

^irds. The labyrinth in birds is generally similar 
that of the higher reptiles. There is a membra- 
eardrum, a columella leading inward to the 
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stapes, and a curved cochlea. There are only minor 
variations in the forms of these structures among 
the various species. 

Most birds have a range of hearing of about 50“ 
20,000 cps, and an ab.solute sensitivity that proba- 
bly approaches that of man in the medium-high 
tone range. The threshold sensitivity of a finch, 
Pyrrhula p. minor., is shown in Fig. 6, as determined 
by J. Schwartzkopff by a training method. In gen- 
eral, the small songbirds are more sensitive than 
the larger birds such as chickens and pigeons. The 
owl is exceptional in having an ear with a particu- 
larly large drum membrane and other special fea- 
tures that make for high sensitivity. Thus, an owl 
perched in a tree at dusk is able to hear and to 
locate a mouse rustling in the grass below. 

Pitch discrimination in songbirds and parrots is 
about as keen as that of man (0.3-0.7%'l but in 
pigeons it is relatively poor (6%). 

Mawmoh. The auditory apparatus attains its 
highest development in the mammals. The colu- 
mella of lower forms has been replaced hy a chain 
of three ossicles, which connect the tympanic mem- 
brane with the inner ear. In the egg-laying mam- 
mals. suc h as the platypus, the cochlea is a curved 
tube as in crocodiles and birds, but In all other 
mammals it is a spiral of 1-4 turns. The great ex- 
tension of the cochlea and the corresponding mul- 
tiplication of sensory cells have enhanced the ca- 
pacities of the mammals to deal with the varieties 
and complexities of sounds. 

Despite intense interest in mammalian hearing, 
precise information is available on only a few mam- 
mals apart from man himself. Experimental stud- 
ies have been carried out on some t)f the subhuman 
primates and on a few of the common laboratory 
animals. Only fragmentary information is availa- 
ble on the many other species of mammals, al- 
though it can be assumed from their general behav- 
ior, because they seem to respond to much the same 
range and intensities of sounds that man does, that 
their hearing is similar to man's. 

Training experiments are easily carried out on 
the subhuman primates, and Fig. 7 presents thresh- 
old curves for the chimpanzee, the rhesus monkey, 
and a species of marmoset, with the human curve 
for comparison. It will be noted that these ani- 
mals have auditory sensitivity similar to man's in 
the low-tone range, but are superior to man in ^he 
high-tone range. 

The most extensive studies have been made on 
the cat. Its sensitivity also is similar to man’s over 
the lower range, but extends far above the human 
limit, to 60,000 cps or more. Electrical potentials 
have been recorded from the cat’s cochlea to tones 
as high as 100,000 cps. 

Other animals whose hearing has been studied 
experimentally are the dog, rat, guinea pig, rabbit, 
certain species of mice, and bats. 

The bats are of special interest, more particu* 
larly the small insectivorous species, because they 
repeatedly produce vocal sounds of high frequency, 
up to 40,000 cps, as they fly about in search of in- 
sect prey. They locate the prey by hei^-ing the 
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show the sound pressures that ore barely audible for and Seiden) 
man, chimpanzees, rhesus monkeys, and marmosets. 


echoes of their cries. Similarly they guide them- 
selves in the total darkness of caves by echoes 
from the walls. The hearing of bats extends far into 
the high frequencies, up to 100,000 cps at least. 
See Ear; Hearing. 

Invertebrates. The group of invertebrates which 
has received the most attention has been the in- 
sects. Other arthropods such as certain crustaceans 
and spiders have also been found to be sensitive to 
sound waves. 

Insects. The insect ear consists of a superficial 
membrane of thin chitin with an associated group 
of sensillae called scolophores. Such an apparatus 
is shown in simplified form in Fig. 8. These ears 
are found in most species of katydids, crickets, 
grasshoppers, cicadas, waterboatmen, mosquitoes, 
and nocturnal and spinner moths. They occur in 
different places in the body: on the antennae of 
mosquitoes, on the forelegs of katydids and crick- 
ets, on the metathorax of cicadas and waterboat- 
men, and on the abdomen of grasshoppers. Proba- 
bly these differently situated organs represent 
separate evolutionary developments, through the 
association of a thinned-out region of the body wall 
with sensillae that are found extensively in the 
bodies of Insects and by themselves seem to serve 
for movement perception. 

The insects mentioned above are noted for their 
production of stridulatory sounds made by rubbing 
the edges of the wings together, or a leg against a 
wing. These sounds are produced by the males and 
serve for enticing the females in mating. 


The sensitivity of insect ears is keenesr in llir 
high frequencies. Figure 9 shows threshold ciirve-' 
obtained on a katydid by observing the potential- 
produced in the auditory nerve during siiinulaiion 
with sounds. As will be seen, the sensitivity in thi" 
species is greatest in the region of 7000 -60,000 cp^ 
It extends to even higher frequencies, usually 
high as 120,000 cps and sometimes beyond. Other 
species have distinctly different sensitivity curves 
and there is reason to believe that there is a rela- 
tion to the range of the stridulation sounds. There 
is evidence that these sounds are discriminated, for 
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Fig. 9. Auditory thresholds of the katydid, Conocep/i- The auditory sensitivity of Orthoptera, Proc. Natl, 

alus sf rictus. (From E. G. Wever and J. A. Vernon, Acad. Set., 45:413-^19, 1959) 


th(* females of one species respond to the males 
of their own kind. J. Regen placed a cage of 
iliirping male crickets in a field, and found that 
lenuiles of tlieir species sought them out. This seek- 
ing activity ceased, however, when the male.s were 
deprived of their stridiilating organs or the fe- 
males were made deaf by removal of their ears. A 
most striking adaptation is that shown by mosqui- 
toes: the ear of the male mosquito is sensitive only 
to a narrow range of frequencies around 380 cps, 
and this frequency is the one produced by the 
wings of the female in flight. M. Tischner found 
that when the ear of a male mosquito was made 
nonfunctional, the mosquito failed to find a mate. 

\ K.C.W. 1 
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The auditory sensitivity of Orthoptera, Proc. Natl, 
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Phoresy 

A relationship between two different species of or- 
ganisms in which the larger, or host, organism 
transports a smaller organism, the guest. It is re- 
garded as a type of commensalism in which the re- 
lationship is limited to transportation of the guest. 
The term is credited to P. Lesne following his ob- 
servations on the biology of a small fly, Limosina 
which is transported by a scarabeid, one of 
the dung beetles, into its burrow. These burrows 
are suitable breeding sites for both animals. 

[c.B.C.] 

^Miographyi P. Lesne, Moers du Limosina 
Meig, Ph6namenes de transport mutucl chez 


les Animaux articules. Origines du parasitisme 
chez les Insectes dipleres. Bull. Soc. Ent. France, 
162-165, 1896. 

Phoronida 

A small, relatively homogeneous group of animals 
now generally considered to constitute a separate 
animal phylum, although in the past they have 
been grouped with other phyla such as the Anne- 
lida, Molluscoidea, and Chordata. Two genera, 
Phoronis and Phoronopsis. and about sixteen spe- 
cies are recognized at the pre.sent time; however, 
the taxonomy of the group is in need of thorough 
revision 

Habitat and distribution. Phoronids may occur 
in vertical tubes placed just below the surface in 
intertidal or subtidal mud flats or as feltlike masses 
of intertwined tubes attached to rocks, pilings, or 
old logs in shallow water. In both cases the tubes, 
composed basically of a .secreted, parchmentlike 
material, are encrusted with small particles of sand 
or shell. A third living habit concerns those phoro- 
nids found inside channels, probably self-made, in 
limestone rock or the shells of dead pelecypod 
mollusks. 

The geographical distribution of phoronids ap- 
pears to he world- wide in temperate and tropical 
seas. There are no records from the polar regions. 

Morphology. The body is more or less elongate, 
ranging in length from about 4-20 cm, and bears a 
crown of tentacles arranged in a double row sur- 
rounding the mouth which is usually crescent- 
shaped. The anus occurs at the level of the mouth 
and is borne on a papilla immediately outside the 
double row of tentacles. The digestive tract is 
therefore U-shaped, the mouth and anus opening 
close together at one end of the animal. The tenta« 
cles rest on a connective tissue base known as the 
lophophore (see Lophoprore) . The double row oi 
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Fig. 1. Phoronopsis harmeri removed from its tube. 
Length about 20 cm. 

tentacles may form either a slightly indented circle 
or a complex double spiral. The tentacles vary in 
number from about 50 to over 300, are ciliated, 
and create a feeding current which carries food 
particles to the mouth. Feeding and excretory cur- 
rents have not been studied in detail. Associated 
with the mouth is a ciliated flap of tissue known as 
the epistome. 

The digestive tract consists of an esophagus, 
stomach, intestine, and rectum. In some species, 
there is a distinct valve between the esophagus and 
stomach. The junction of the stomach and intes- 
tine occurs at the proximal or aboral extremity of 
the animal. The food seems to consist chiefly of mi- 
croscopic phytoplankton. Diatom shells may fre- 
quently be found in the digestive tract and in fecal 
pellets. 

There is a blood vascular system in which ellipti- 
cal nucleated corpuscles containing hemoglobin 
circulate. The vascular system consists basically of 
two longitudinal vessels, known as the afferent and 
efferent vessels, which are continuous with one an- 
other at the proximal end of the body. Distally, 
both vessels connect with a pair of semicircular 
vessels located at the level of the lophophore, im- 
mediately below the tentacles. Within each tenta- 
cle is a single, blind vessel which branches into two 
at its base and so connects with both semicircular 


vessels. In the living animal, corpuscles can be seen 
pulsating up and down in the tentacular vessels. 
Associated with the longitudinal blood vessels is a 
blood sinus surrounding the gut and a large number 
of blind blood caeca which are particularly numer- 
ous in, or may be restricted to, the proximal end 
of the body. Associated with these caeca is the 
jelly like fat body, or vaso peritoneal tissue. Found 
among the large, semifluid cells of this tissue are 
inclusions of various sorts. Some of these probably 
consist of guanine or some related form of nitrog- 
enous waste. Others may represent the products of 
hemoglobin breakdown. 

The body cavity subdivided by a series of lon- 
gitudinal mesenteries extending from the digestive 
tract to the body wall. In most phoronids there are 
four such mesenteries occupying oral, anal, right 
lateral, and left lateral positions, thus dividing the 
coelomic cavity into four chambers. There is also a 
horizontal mesentery near the tentacular end of the 
body, separating a lophophoral coelom from the 
four larger and more proximal coelomic cavities 

The two nephridia open on either side of the anal 
papilla. Each nephridiuin consists of a duct, coiled 
once on itself and, usually, a pair of funnels, one 
opening into each of the oral and anal coeloniir 
cavities. The funnels have extensive foWed and cili 
ated margins. 

The body wall consists of an outer layer of epi- 
thelial cells, many of them .secretory and concerned 
with ifie building of the tube, and two layers ol 
muscle. The outermost layer of muscle consists of 
circular fibers and inside this is a series of bundle^ 
-of longitudinal fibers. An unpolarized nerve net un- 
derlies the external epithelium and continues as d 
more dense concentration in the form of a ring in 
the horizontal mesentery. Extending proximal 1) 
from cell bodies in this ring are one or two giant 
nerve fibers which taper and disappear at the prox- 
imal end of the body. The giant nerve fibers are 
known in all species except one {Phoronis ovalis) 
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Fig. 3. Actinotroch larva of Phoronis vancouverensis . 

and are probably concerned with the rapid retrac- 
tion (»f the body into the tube. 

Reproduction. Reproductive tissue is formed 
troin ceils which multiply first on the thin walls of 
the bl(»od caeca. The phylum includes both dioe- 
cious animals and hermaphrodites. As the gonad 
increases in extent it displaces the vasoperitoneal 
1 issue which shrinks proportionately. When ripe, 
the gametes are shed into the body cavity and find 
their way to the nephridia to pass through these 
organ.s to the outside. In at least one species 
[Phoronis hippocrepia) ^ the ova are retained in the 
tentacular crown until the larval stage of develop 
ment is reached. All phoronids may reproduce sex- 
ually, and in most cases the life history includes 
the pelagic actinotroch larva. Some species are 
known to reproduce asexually by transverse fission. 
See Animal kingdom. [j.r.m.] 

Bibliography: L. A. Borradaile, F. A. Potts, 
L. E. S. Eastham, and J. T. Saunders, The Inverte- 
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Phosphate 

A negative ion having the formula PO 4 ®"* Phos- 
phates are derived from phosphoric acid, H 3 PO 4 . . 

The term phosphate is a broad term which en- 
compasses all anions derived from acids containing 
phosphorus in the 5+ oxidation state as indicated 
in the list. All of those listed are obtained from 
P-iOjo and water. 

(HPOa)^ Metaphosphoric acid 

K 5 P 3 O 10 Triphosphoric or tripolyphosphoric 

acid 

W 4 P 2 O 7 Pyrophosphoric acid 

BaP 04 Orthophosphoric acid 


Phosphate mofabolism 

The naming of these phosphates is complicated 
by the fact that the acids contain several hydrogens 
which can be replaced stepwise by reaction with a 
base, and the fact that phosphates exist as poly- 
mers of the simpler acids listed. In the case of the 
most common acid, orthophosphoric, the salts are 
named as follows; phosphate means orthophos- 
phate. 

NaHoPO^ Monosodium phosphate 

Sodium dihydrogen phosphate 
Primary sodi\»m phosphate 

Na 2 HP 04 Disodiuin phosphate 

Sodium monohydrogen phosphate 
Secondary sodium phosphate 

NaaPO^ Trisodium phosphate 

Tertiary sodium phosphate 
Normal sodium phosphate 

The alkali metal phosphates and the primary 
alkaline-earth metal phosphates are soluble in 
water, whereas most other metal phosphates are 
practically insoluble at neutral pH. 

A solution of trisodium phosphate is strongly 
basic and is used as a cleaning compound and water 
softener. Phosphates are important ingredients in 
commercial fertilizers. Natural phosphate rock can 
be converted into a useful fertilizer, superphos- 
phate. by a reaction with sulfuric acid. 

Ca3(P04)3 4 " -|“ 4H2O 

Ca(H 2 P 04)2 -f 2(CaS0,*2H20) 

An important use of polymeric phosphates is as 
an ingredient in synthetic detergents and as se- 
questering agents. 

The phosphate ion gives a yellow ammonium 
phosphomolybdate precipitate and yelb>w Ag 3 p 04 
precipitate which serve as analytical tests. 

Certain organic phosphates have been used as 
insecticides and nerve gases. See Fertilizer; 
Orcanofhosphorus compound; Phosphorus. 

rE.E.WR.] 

Phosphate metabolism 

The reactive phosphates occur in the soft tissues 
of the animal body. The phosphates in mineralized 
tissues serve as an important storage depot, con- 
taining 75-85% of all the phosphorus in the animal 
body. The release of these stored phosphates in re- 
sponse to a lowered content in the blood plasmR is 
not particularly effective. Hence, the level of inor- 
ganic phosphates in the blood plasma is relatively 
easily lowered when the dietary intake is inade- 
quate, followed by the appearance oi symptoms of 
aphosphorosis. 

The central role of phosphates in life processes 
is indicated by their occurrence in ribo- and deoxy- 
ribonucleic acids, which are so important in pro- 
tein synthesis and in the function of chromosomes 
in the processes of growth and heredity. The mgjor 
significance of phosphates in metabolism is their 
role in the conservation and transfer of energy, 
particularly the energy produced in the tricarbox- 
ylic acid cycle (Krebs cycle) and in glyoalyris* 
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They do so by participating in many phosphoryla- 
tion and transphosphorylation reactions involving 
sugars and other organic compounds. See Chro- 
mosome; Krebs cycle; Nucleic acid. 

In phosphorylation reactions, compounds are 
formed which yield relatively large amounts of free 
energy when their phosphate bonds are cleaved by 
hydrolysis. Examples of such compounds are crea- 
tine phosphate (CP) and adenosine triphosphate 
(ATP). A central part in the energy storage and 
transfer in all kinds of living tissue is played by 
ATP. In both CP and ATP, the phosphate bond can 
be transferred between molecules without libera- 
tion of inorganic phosphate. See Adenosinetri- 
PHOSPHATE (ATP). 

Phosphorus-containing coenzyme systems in- 
clude the pyridine nucleotide system concerned 
with oxidation-reduction reactions; coenzyme A, 
the functional form of pantothenic acid, concerned, 
among other things, with transacetylation in con- 
junction with ATP and acetic acid; and the di- 
phosphothiamine system, concerned with decar- 
boxylation. See Acetylcholine; Biochemistry; 
Coenzyme. [h.h.mi.] 

Bibliography: W. D. McElroy and B. Glass 
(eds.), A Symposium on Phosphorus Metabolism^ 
1951. 

Phosphatide 

A complex lipid containing phosphorus and in 
many cases nitrogen. Phosphatides are also known 
as phospholipids. The phosphatides are usually di- 
vided into groups on the basis of the nonlipid por- 
tion of the compound from which they are derived. 
For example, glycerophosphatides are derived 
from glycerophosphoric acid, sphingomyelins or 
phosphosphingosides are derived from sphiiigo- 
sinephosphate, and inositol lipids or inositol phos- 
phatides are derived from inositol monoordiphos- 
phate. 

Glycerophosphatides. These are phosphatides 
which contain a glycerophosphoric acid residue. 
They are derived from glycerophosphoric acid (1) 
where Ri * Ra “ Rs “ H. The following com- 

CH2OR1 

fflORi 

0 

CHiO— P— ORi 

in 

pounds are glycerophosphatides: (1) phosphati- 
dyl ethanolamine or cephalin where Ri » R2 » 


fatty acid, R3 » ethanolamine; (2) phosphatidyl 
choline or lecithin where Ri * R2 * fatty acid, 
R3 » choline; (3) phosphatidyl serine where 
Ri = R2 = fatty acid, R3 = serine; (4) phospha- 
tidyl inositol where Ri *= R2 « fatty acid, R;, 
inositol; (5) lysophosphatidyl ethanolamine where 
Ri or R2 = fatty acid, Ri or R2 = H, Ra = etha- 
nolamine; (6) lysophosphatidyl choline where R, 
or R2 = fatty acid, Ri or R2 = H, Ra - choline; 
(7) plasmalogens where Ri or R2 = fatty acid, R, 
or R2 * a,/?-unsaturated ether, R., = ethanolamine 
or serine; (8) ether lipid where Ri = saturated 
ether, R2 = fatty acid, Ra = ethanolamine; (9) 
phosphatidic acid .where Ri = R2 = fatty acid. 
Ra = H; (10) cardiMipin is a polymer of phospha- 
tidic acid. 

Sphingophosphatides. These are phosphatides 
which contain a sphingosine phosphate residue. 
There are two known members of this class — sphin- 
gomyelin (II) and phyloglycolipid which is con- 
sidered in the section on glycolipids. 

Occurrence and functions. Cephalin, lecithin, 
phosphatidyl inositol and the plasmalogens are 
present in both plant and animal tissues; phospha- 
tidic acids and phyloglycolipid have been found 
only in plants; sphingomyelin has been found onl\ 
in animal tissues; and the ether lipidUwas i.solated 
recently from egg yolk. 

Since an individual phosphatide may contain a 
variety of fatty acid residues it may be described 
as pu^e only with that limitation in mind. Phospha- 
tides can act as protective colloids, wetting and 
emulsifying agents, and as antioxidants, and are 
therefore used considerably in the food and petro- 
leum industries. The chief source of commercial 
phosphatides is soy bean. See Lipid, [h.e.c.; r.h.c.J 

Bibliography: H. Wittcoff, The Phosphatides, 
1951. 

Phosphorescence 

Sometimes called afterglow, phosphorescence com- 
monly denotes a delayed luminescence, that is, a 
luminescence that persists after removal of the ex- 
citing source. This original definition is rather im- 
precise, because the nature of the detector used 
will determine whether or not there is observable 
persistence. In a more rigorous sense, phosphores- 
cence may be defined as delayed luminescence 
whose persistence time decreases with increasini! 
temperature. In nonphotoconductive systems, phos- 
phorescence arises when some process has placed 
the luminescent atom (or ion or molecule) in ® 
metastable energy state (from which transitions to 
the state of lowest energy, or ground state, are for- 
bidden) and energy has been provided to raise the 


(:H3(CH2)i2CH=M:H— CH— CH— CH 2 OP— (X3l2CH2N(CH3)3 (II) 
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atom to an energy state from which luminescent 
transitions are allowed. In photocond active solids, 
phosphorescence generally arises when electrons or 
holes set free by the excitation process and trapped 
at lattice defects are expelled from their traps by 
added energy. (Holes are unoccupied energy 
^latcs in an energy band that is normally filled. 
See Holes in solids.) 

The temperature dependence of phosphorescence 
results in a wide variation of afterglow, or per- 
‘iistcnce, times. At very low temperatures, where 
the activation energy to raise atoms from metasta- 
hle to emitting states or to expel electrons from 
traps is not available, little or no afterglow is ob- 
served. At some higher temperature a low-intensity, 
Inng-lived afterglow will he observed; at a still 
higher temperature the afterglow will be brighter, 
l)iil of shoTbM duration. Finally, at some high tem- 
perature where the rate of expulsion of atoms from 
nietastable states or the rate of expulsion of elec- 
trons from traps is very rapid, the afterglow can 
heconic immeasurably short. 

riie luminescence decay law for phosphorescence 
can he extremely complex, depending on the iium- 
hei and energies of the metastahle states or elec- 
tron traps involved. Phosphors have been synthe- 
sized which give a phosphorescent emission visible 
to the eye for about half a day at normal tempera- 
lure'i. 

See Fuminkscknce; ser also Absorption (elec- 

THOM\GNETI(J KADIATION ) . fc.C.K.; J.H.S.] 

Phosphorus 

Chemical element number IS, phosphorus, P, forms 
the basis of a very large number of compounds, the 
most important class of which are the phosphates, 
for every form of life, phosphates play an essential 



^^le in all energy-transfer processes such as me- 
^al3olism, photosynthesis, nerve function, and mus- 
action. The nucleic acids which, among other 
**dngs, make up the hereditary material (the chro- 
mosomes) are phosphates, as are a number of co- 
^ozyrnes. 

Approximately 3,000,000,000 lb of phosphorus, 
essentially all in the form of phosphates, is used 
annually in the United States, and phosphate utili- 
j nation is on the increase. About 70% of this goes 
I *nto fertilizers, 13% into built detergents, 8% as 
; animal feeds, 2% into water*8oftening applications, 
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3,0% into pharmaceuticals and foods, 14% into 
metal protection, 0,7% into plasticizers, gasoline 
additives, and insecticides, and 4 % into miscella- 
neous applications. 

Occurrence and manufacture. Of the nearly 200 
different phosphate minerals, only one, fluorapa- 
tite, is commercially important. This mineral, 
Ca5F(P04)R, is mined from large secondary de- 
posits originating from the hones of dead crea- 
tures deposited on the bottom of prehistoric seas 
and from bird droppings in ancient rookeries. In 
the United States, the major phosphate deposits 
are in Florida, Tennessee, and the Montana-Idaho 
region. Other important deposits are found in Mo- 
rocco, Tunisia, and Russia. 

Conversion of phosphate rock (the name given 
to the common impure form of the mineral apa- 
tite) to usable chemicals is accomplished by two 
major routes: wet arid, and elemental phosphorus. 
In the wet-arid process, the phosphate rock is 
treated with sulfurir acid to obtain a very im- 
pure phosphoric acid, plus a precipitate of cal- 
cium sulfate. A large body of technology has been 
developed to ac hieve easy removal of the calcium 
sulfate and subsequent concentration and partial 
purification of the phosphoric acid. Under present- 
day economic conditions in the United States, the 
cost of making industrial-grade phosphates via the 
wet-acid pro<*ess is about equivalent to the cost of 
converting the ore to elemental pho.sphorus and 
then burning it to give a highly pure phosphoric 
acid, which is converted into the phosphate. In ele- 
mental phosphorus manufacture, phosphate rock, 
silica, and coke are fed to an electric furnace in 
which a high-lemperature reaction occurs to give 
the white modification of elemental phosphorus, 
P 4 ; a calcium silicate slag; and, from iron im- 
purities in the phosphate rock, an iron phosphide 
called ferrophosphorus. Pretreatnient of the ore 
removes most of the fluorine. 

Although some elemental phosphorus used as 
such in incendiary bombs, in metallurgy, and in the 
production of organic derivatives and chemicals 
for matches, most elemental phosphorus is con- 
verted to phosphoric acid by reaction with air and 
water in large burning towers. Elemental phos- 
phorus and phosphoric acid are the starting mate- 
rials for the synthesis of all other compounds of 
phosphorus. Phosphoric acid is treated with sgda 
ash, Na^COs, and the resulting orthophosphate 
composition is then calcined in large rotary con- 
verters to make pyro- and tripolyphosphates in 
very large amounts. 

Phosphorus chemistry. Because of the tremen- 
dously large number of compounds based on car- 
bon, descriptive chemistry has been divided into 
organic, which treats of carbon compounds, and 
inorganic chemistry, which deals with the com- 
pounds of the 100 -odd other elements. Recent sci- 
entific work in the field of phosphorus chemistry 
indicates that potentially there may be as many 
compounds based on phosphorus as on carbon, so 
that the chemistry of phosphorus may one day be- 
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Fig. 1. Long-chain phosphate anion, (P„ 

(From R, E. Kirk and D. F. Ofhmer, eds.. Encyclopedia 
of Chemical Technology, vol. 10, Interscience, 1953) 



Fig. 2, Ring phosphate anion, (From R. E. 

Kirk and D. F. Othmer, eds.. Encyclopedia of Chem- 
ical Technology, vol. 10, Inferscience, 1953) 



Fig. 3. White phosphorus, P,|. (From R, E, Kirk and 
D. F. Othmer, eds.. Encyclopedia of Chemical Tech- 
nology, vol. 10, Interscience, 1953) 



Fig. 4. Phosphorus pantoxide, P 4 OX 0 / in the vapor 
state. (From R. £, Kirk and D. F. Othmer, eds.. En- 
cyclopedia of Chemical Technology, vol. 10, Intersci- 
ence, 1953) 


come a major branch of chemicaJ knowledge. In 
organic chemistry, it has been (-ustornary to group 
the various chemical compounds based on carbon 
into families whi(‘h are called homologous series 
This can be done in the chemistry of phosphoru- 
compounds, although at the present time niaii\ 
such phosphorus-based homologous series are qiiiic 
incomplete. The best known of the homologous sp 
ries of compounds based on phosphorus is the plio^ 
phate family. Phosphate salts consist of cations 
such as sodium, along with chain anions whi( 
may have 1 1.000,000 phosphorus atoms per anion 
A s|fuctural representation of the end of a long 
chain, strelched-out phosphate anion is given in 
Fig. 1. 

As shown in the diagrammatic representation, 
the phosphates are based on phosphorus atonic 
tetrahedrally surrounded by oxygen atoms, with 
the lowest member of the series being the sinipk- 
PO-i'^ anion (the orthophosphate ion). The fainih 
of chain phosphates is based on a row of allernat 
ing phosphorus and oxygen atoms in which each 
phosphorus atom remains in the center of a tetra 
hedron of four oxygen atoms, as shown in the struc- 
tural diagram. There is also a closely-related fain 
ily of ring phosphates, a member of which, the 
trimetaphosphate, is shown in Fig. 2. 

An interesting structural characteristic of many 
known phosphorus compounds is the formation of 
cagelike structures. Such cagelike molecules are 
exemplified by white phosphorus, P 4 . and one of 
the forms of phosphorus pentoxide, that with the 
chemical formula P4O10. Network structures are 
also common. An example is found in black pho^ 
phorus, in the crystals of which the atoms are 
bonded together in the form of vast, corrugated 
planes. 

In the majority of its compounds, phosphorus 
chemically bonded to 4 neighboring atoms. There 
is also a large number of compounds in which 1 of 
tho4 neighboring atoms is absent, and in which its 
place is taken by an unshared pair of electrons 
Two typical compounds based on this type oj 
phosphorus are shown in Figs. 6 and 7. In addi* 
tion to the compounds based on quadruply 




Fig. 5. Black phosphorus, P„. {From R. E. Kirk and 
0 . F. Ofhmer, eds.. Encyclopedia of Chemical Tech- 
nology, vol. to. Interscience, 1953) 



Fig. 6 . Trimethyl phosphite, PCOCHi)^. 



Fig. 7. Biphosphine, P^H,. {From R. E. Kirk and D. F. 
Ofhmer, eds.. Encyclopedia of Chemical Technology, 
vol. 10, Interscience, 1953) 


upcltMl phosphorus and those based on triply con- 
neclcd phosphorus, there are al.so a few foinpounds 
in whirh tlierc arc 5 or 6 neighboring atoms bonded 
to the phosphoru.s. These coinpouiid.s ar-e very reac- 
tive and tend to be unstable becau.se of the u.se of *! 
orbitals in their o-bond electronic structure. Exam- 
plc> are given in Figs. 8 and 9. 

Structural reorganization plays an important role 
in the chemistry of phosphorus compounds. Thus, 
for example, when various mixtures of POBr.s and 
POCl.'i are sealed in a glass tube and allowed to 
come to equilibrium, the intermediate compounds, 
POClBr^ and POCloBr are formed in various 
amounts depending on the ratio of the starting 
materials (Fig. 10). The POBr;^— POCl.i reorgani- 
'-^alion involves comppunds based on a single phos- 
phoriis atom to which is bonded 1 oxygen and 3 
halogen atoms (chlorine and bromine are halo- 
gens). Structural reorganization also occurs be- 
tween various members of a homologous series of 
compounds. In the polyphosphoryl chloride bomol- 
egous series, reorganization takes place by «x- 
change of bridging oxygen atoms with chlorine 
ahmis, just as in the POB^.^ — POCla system the 
[jxchange is between chlorine and bromine atoms, 
i^he various structural units in a polyphosphoryl 
‘ hloride composition are the monophosphoriis com- 
pound, POCljt; the end group, Cl(0)P0Mt — 5 
jniddle group, ~Ov. (C1)P(0)0h— ; and the 
branching group, OP(Ow — ) 3 , in which the bridg- 
oxygen atoms are shown as Ow, since they are 
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shared between neighboring phosphorus atoms. A 
typical structure in a polyphosphoryl chloride is 
shown in Fig. 11. 

When various ratios of chlorine to oxygen are 
employed, the distribution of the structural units 
changes as shown in Fig. 10, where A stands for 
the monophosphorus compound, POClrt; B for the 
ends; C for the middles; D for the branches, ahd 
ly for ihe completely branched compound, phos- 
phorus pentoxide. The ends, middles, and branches 
do not exist by themselves, but must be combined 
together to form chemical compounds. The line 
labeled x in the figure represenls the limit beyond 
which there is a sufficient^ large proportion of 
branching jioints that infinite wall-to-wall molecu- 
lar structures become statistically probable. The 
presence of .such wall-to-wall molecular structures 
in the mixture of various sized and shaped poly- 
pho.sphoryl chloride molec-ulcs 'eads to high vis- 
cosities and noticeable elastic behavior. 

In spite of the fact that homologous^ series and 
c*.ompoiinds based on a number of phosphorus 
atoms are emphasized in this article, the exten.sive 
chcnijcal literature before 1950 dealing with phos- 
phorus chemistry was restricted almost entirely to 
compounds thought to be based on a single phos- 
phorus atcmi (nionoph«)sphoriJs compounds). 

Principal compounds and uses. Essentially all 
of the phosphorus used in commerce is in the 
form of phosphates. The majority of phosphatic 
fertilizers consist of highly impure monocalcium 
or dicalciuin orthophosphate, CafH 2 POi )2 and 
CallPOi. These phosphates are salts of ortho- 
phosphoric acid, which is the monophosphorus 
compound in the phosphate homologous series. 
Impure dicalcium orthoxihosphate for fertilizer 
use is usually called superx>hosx>hate, whereas 
the impure monocalcium phosx)hate used in this 



Fig. 8 . Phosphorus dichloride trifluoride, PCI 2 F 3 . 
{From R. E. Kirk and D. F. Ofhmer, eds.. Encyclopedia 
of Chemical Technology, vol. 10, Interscienco, 1953) 



Fig. 9. HexafluorophospKate anion, PF^-. 
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0 original amount of Jy 100% 

Fig. 10. Reorganization equilibria where A is POCI;)/ 
B is POCIoBr, C is POCiBr.j, and D and D' are POBr^. 

application is called triple superphosphate. See 
Fkrtilizer. 

Two properties of the family of chain phos- 
phates have led to numerous industrial applica- 
tions for these compounds. These properties are 
deflocculation of colloidal particles and formation 
of soluble complexes with cations. The chain phos- 
phates are strongly adsorbed on the surfaces of 
inorganic solids, and hence, give these surfaces 
high negative charges. When finely divided parti- 
cles bear such high charges, they repel each other 
and are deflocculated, peptized, or dispersed. An 
interesting example of this phenomenon is found 
when a plastic clay-water mass is treated with a 
chain phosphate. By addition of, perhaps, a few 
tenths of 1 % of sodium tripoly phosphate to a plas- 
tic mass of clay suitably rigid for sculpturing, the 
clay particles are deflocculated so that the mass 
liquefies to a consistency similar to that of tomato 
soup. 

The formation of soluble complexes with cations 
has often been described under the term sequestra- 
tion, because a complexed ion is sequestered or 
hidden away in the solution so that it no longer 
exhibits its normal chemical reactions. The calcium 
and magnesium of hard water are sequestered by 
the addition of small (stoichiometric) amounts of 
chain phosphates so that the water is effectively 
softened. The complexed calcium will then no 
longer form precipitates with the carbonate or 
sulfate in the water to give pipe scale, or with 
soap anions to give, for example, a ring around the 
bathtub. 

The third member of the family of sodium phos- 
phates, sodium tripolyphosphate, is the major com- 
pound used in building synthetic detergents to 
achieve improved cleaning, primarily by dispersing 
inorganic soil and softening the water. The average 
household detergent produced in the United States 


for washing clothes consists of 50% by weight of 
sodium tripolyphosphate, NasP.sOio. This com- 
pound is used extensively in water softening, as 
are other members of the homologous series of 
chain phosphates. See Detergknt; Surface- activl 
agent; Water softening. 

An interesting water-softening application is 
found in “threshold treatment” in which tiny traces 
of a chain phosphate (much less than would he 
used in sequestering) are used to prevent the for- 
mation of pipe scale from hard waters. This ap- 
plication is related to the dispersing action of 
phosphates, because traces of phosphate adsorb on 
the growing surface, of the pipe scale as it begins 
to form, and this inhil)its its further growth. 

A major pharmaceutical use of phosphates is in 
toothpastes, in which dicalcium phosphate is tht^ 
most popular polishing agent. Monocalciiim ])bns- 
phate and sodium acid pyrophosphate, Na 2 HjPj 07 
(the pyrophosphate is the second member of the 
phosphate family), are employed as leavening 
agents in cake mixes, refrigerated biscuits, self 
rising flour, and baking powder. 

Special mixtures based on orthophosphoric acid. 
H.iPOi. are used to phosphatize metal surface.^. In 
this treatment, the surfaces become covered with ci 
thin adhering layer of insoluble ortij«)phosphalf 
salts which protect the metal from corrosion and 
offer an especially adherent base for painting. Au- 
tomobile bodies, for example, arc now generulK 
phosplifatized before they are painted, to prevent 
rusting in use. Orthophosphate esters find wide 
use as plasticizers having flame-proofing pro])er 
ties, and as gasoline and oil additives. 

The phosphorus compound of major biological 
importance is adenosine triphosphate, which is an 
ester of the salt, sodium tripolyphosphate, wudclv 
employed in detergents and water-softening com 
pounds. Practically every reaction in metabolism 
and photosynthesis involves the hydrolysis of this 
tripolyphosphate to its pyrophosphate derivative, 
called adenosine diphosphate. The hydrolysis ol 
chain phosphates occurs through splitting of a 
P- -O — P linkage as indicated in the following 
chemical equation: 

0 0 

I I 

_0— P—0— P—0 + H 2 O 



0 0 

— O— O + H— 0— 0 -I- 
(!)__ 0 — 

In neutral solution at room temperature, the rate 
for this process is extremely slow. However, en- 
zymes increase thfe rate many thousandfold. The 
equilibrium between adenosine triphosphate, water, 
adenosine diphosphate, and the orthophosphate ion 
is strongly shifted toward the hydrolysis product, 
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Fig. 11- Isopentapolyphosphoryl chloride, 


adenosine diphosphate and the orthophosphate ion. 
Hocaiise of these facts, organic reactions in biologi- 
( al svstems are naturally controlled so that life can 
exist. See Adenosinetriphosphate (ATP). 

[j.V.W.l 

Hihlio^raphy: J. H. Van Wazer, Phosphorus and 
Ii.'^ Compounds, vol. 1, 19!S8. 

Phot 

The unit of illumination when the square centi- 
nicier is taken as the tinit of area. If is equal to 
the densilv of one lumen per .square centimeter 
and is defined in a similar manner as the foot-can- 
dle and the lux. See Foot-candle; Illumina- 
tion; Lux. fR.C.P.l 

Photochemistry 

The branch of chemistry dealing with the interrela- 
tionships between light and chemical reactions. 
Photochemistry includes the study of chemical re- 
in tions producing, or prodiu'ed by. visible and neai 
nitravifdet light of wavelengths between those of 
infrared light and x-rays. This region of the spec- 
trum includes sunlight or solar energy as it reaches 
the earth’s crust, namely, the near infrared, visible, 
and near ultraviolet part of sunlight between 12,000 
and 3000 angstroms (A), and sunlight as it exists 
at reasonable intensity in outer space, namely, down 
about 1000 A. The maximum intensity of sun- 
light is in the red part of the spectrum between 
6000 and 12,000 A. Radiation chemistry pertains to 
studies of the chemical reactions produced by 
x-rays, y-rays, and particles such as electrons of 
about the same or higher energy equivalent. 

Common photochemical reactions are the natu- 
ral pliotosynthetic process and photography. Chem- 
ical reactions producing light are usually identified 
a-^ burning, or combustion. The chemical reactioti 
the firefly and other chemilumitiescent reactions, 
l^^wever, produce cold light. 

In the natural photosynthetic process the reac- 
tion.s are brought about by light absorbed by chlo- 
rophyll. The over-all reaction should be written as 

"CO* + 2nH20* + light 

- (CH*0)r + n0i* + nH20 
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in order to indicate that all the oxygen gas comes 
from the water and none from the carbon dioxide. 
This has been proved by employing the oxygen iso- 
tope of mas.s 18 to follow the path of oxygen in the 
process. The path of carbon in the process has been 
followed by employing the radioactive carbon iso- 
tope of mass 14. Very little is known, however, about 
the way in which the light absorbed by the chloro- 
phyll hring.s about the reactions. 

The unit of light energy most useful in photo- 
chemistry is the photon, c = Ac/A, where h is 
Planck’s constant (6..S X 10 ^rg sec), c is the 
velocity of light (3 X 10^° cm/sec) and A is the 
wavelength of the light in cm (lA = 10 ^ cm). 

Another photochemical unit of light energy is 
the einstein which is the energy of 6 X 10*^‘‘, or 1 
mole N, of light quanta. Thus 1 einstein of red 
light is Ne = Nhc/X = (6 X 10- * X 6.5 X 10 -^ x 
3 X 10’«)/(6700 A X 10 M = 17.5 X 10^' ergs or 
(17.5 X 10’')/(4.186 X ion = 42,000 cal. This 
amount of energy is greater than the ^activation 
energy required to initiate many thermal rcactioiLS. 

Quantum yield. The efficiency of a photochemi- 
cal reaction is usually expressed in terms of the 
quantum yield, which is equal to the number of 
moles of the stated reat'tani disappearing, or to the 
number of moles of the stated product produced, 
per einstein of light of the stated wavelength ab- 
sorbed. The gross quantum yield is calculated from 
the light absorbed by the entire photosensitive sys- 
tem. Net quantum yield is ba.sed on the light ah- 
.sorbed by the slated component or specie.s of the 
system. Photochemical reactions are most easily 
understood in terms of net quantum yields. 

Photochemical reactions. Photochemistry may 
al.so be defined as the chcmi.stry of energy -rich, 
photon-excited states. When produced by the ab- 
sorption of vi.sihle or ultraviolet light, these are 
electronically excited states resulting from the 
transfer of an electron to a higher energy level. 
The lime required for this transfer is so .short that 
during this time the positions of the nuclei of the 
atoms involved remain unchanged. This is known as 
the Franck-Condon principle. 

Following this primary act, one of a great many 
different kinds of processes may take place: 

1. Production of energy-rich singlet and triplet 
states, followed by fluorescence, phosphorescence, 
and degradation of the absorbed energy to heal.* 

2. Transfer of the electronic energy, or transfer 
of electrons, photons, or hydrogen atoms, to or from 
other species. 

3. Breaking apart of excited species such as CI2 
into Cl atoms, O3 into O2 and O, 

4. Production of a wide variety of chemical reac- 
tions. Among these reactions are the electron trans- 
fer reaction in which water is decomposed into hy- 
drogen and oxygen by light absorbed by cerium 
ions in water; cis to trans, and trans to cis, isomer- 
ization as in the case of thioindigo; shifting of the 
positions of double bonds as when ergosterol is con- 
verted into vitamin D; dissociation of the excited 
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species into atoms, ions, molecules, and radicals; 
changes in the acidic or basic strength of the light- 
absorbing species; polymerization reactions; ger- 
micidal action ; sunburn and tanning. 

In its broadest sense photochemistry may prop- 
erly be said to deal with the study of any of these 
processes. In a narrower sense, however, photo- 
chemistry deals only with the chemical reactions 
brought about by absorbed light. This includes 
studies of the kinetics and mechanisms of reactions 
such as that between and CI 2 to produce HCl. In 
this case, only CI 2 absorbs visible and near ultra- 
violet light and the reaction proceeds mainly as 
follows : 

CI 2 + light = 2C1 (1) 

Cl -I- H 2 = HCl 4- H (2) 

H -f CI 2 = HCl + Cl (3) 

The net quantum yield for this chain reaction is 
over 1,000,000 under favorable conditions. 

Light absorption. The fraction of the light ab- 
sorbed by a stated component or species in a sys- 
tem requires a knowledge of the relative concentra- 
tions and light-absorbing powers of all the species 
in the system which absorb a significant amount of 
light. Concentrations for this purpose are slated in 
terms of the number of light-absorbing species per 
unit volume, for example, in moles per liter. Light- 
absorbing powers are expressed in terms of a con- 
stant which is characteristic of the stated species in 
the stated environment at the stated wavelength 
such as the molar absorptivity, f, = /c„ where 

= logio/o //, Cj is the concentration of the stated 
species in the stated environment, and / is the 
length of the light path over which the light inten- 
sity of the stated wavelength decreases from an ini- 
tial intensity /o to I because light is absorbed by 
the stated species. See Spectrophotomktric anal- 
ysis. 

Light sources. The interpretation of a photo- 
chemical reaction is greatly simplified when con- 
centrations are uniform throughout the reacting 
mixture. This requires that the light fill the whole 
system and be weakly absorbed, or that there be 
adequate mixing, especially in the parts of the sys- 
tem absorbing most of the light. 

Light intensities, light-absorbing powers, and 
quantum yields sometimes change rapidly as a 
function of wavelength, so that quantitative photo- 
chemical studies are best carried out with mono- 
chromatic light or with light consisting of a suit- 
ably small range of wavelengths. 

Monochromatic light is conveniently obtained by 
employing atomic light sources which emit the de- 
sired wavelength as part of a discontinuous spec- 
trum. The desired light must be sufficiently different 
in wavelength from the other emitted rays so that it 
can be isolated easily at a relatively high intensity. 
A common light source is the mercury arc lamp. 

Monochromatic light intensities obtained from 
most light sources are usually low. Therefore, the 
success of a photochemical study often depends 


upon the proper design of an apparatus for isolat. 
ing and bringing to bear upon a sufficiently small 
volume of the photosensitive system, most of the 
light of the desired wavelength emitted from the 
light source. Monochromatic light is isolated 
successfully for photochemical studies by means of 
filters or monochromators and occasionally 
means of focal isolation. 

Whenever possible, advantage is taken of the fact 
that the photosensitive system may absorb a suit- 
ably small range of wavelengths of the light inri 
dent upon it, although the latter may consist of a 
very wide range of wavelengths. Under these oondi 
lions, however, thft evaluation of the light absorbed 
by the system is esj^cially difficult. 

Measurement of the light absorbed by a system 
has been accomplished by means of chemical acli 
nometers, bolometers, thermopiles, and pbototubcK 
with proper auxiliary equipment. The uranyl oxa 
late and ferric oxalate actinometers are convenient 
and reliable. 

Energy relationships. It is sometimes convenient 
to think of a photochemical reactif)ii in a Jiciuid 
system as being initiated in a photochemical cluster 
not unlike the critical complex of thermal reaction'^ 
There is, however, one important difTercncf 
namely, that the prodm^ts of a plnitt^heniical reac 
tion may contain as chemical energy a significant 
fraction of the energy of the absorbed light, even 
when the reaction is essentially complete, wherea- 
thejyfial reactions do not take place to any signih 
cant extent if the free energy of the products 1 - 
greater than the free energy of the reactants. Tin 
latter is also true of photochemical reactions whni 
one includes the energy of the absorbed light 
part of the free energy of the reactants. 

The elucidation of photochemical reaction*- i- 
often ea.sier in terms of changes in net (fiiantiini 
yields than of changes in rate constants. Also it 
often possible to identify the part of the light-ab 
sorbing species responsible for the light absorption 
and thereby obtain information about inlramolecii- 
lar as well as intermolecular energy transfer proc 
esses and accompanying thermal reactions. Set 
Free radical; Light; Luminescknce ; Photocka 
phy; Photosynthesis; Radiation chkmistrv. 
Spectroscopy. [ i—* 1 

Bibliography: F. Basolo and R. G. Pearson. 
Mechanisms of Inorganic Reactions, 1958; E. J 
Bowen, The Chemical Aspects of Light, 2d ed-. 
1946; L. J. Heidt, Converting solar to chemical en- 
Proceedings of the World Symposium on 
Applied Solar Energy, 1956; C. Reid, Excited States 
in Chemistry and Biology, 1957 ; A. Weissberger 
(ed.). Technique of Organic Chemistry, vol. 2- 
2ded., 1956. 

Photoclinometer 

A ierm applied to directional surveying instruments 
which record photographically the direction and 
magnitude of well deviations from the vertical 
Two instruments of this type arc in wide use, th« 



nominal size compass 
of glass needle 


Pliofo€llnom»f«r 1 M 



Fig. 1. (a) Principal features of the Schlumberger 

Photoclinometer, (b) Type of record obtained with the 
Schlumberger Photoclinometer. (Schlumberger Well 
Surveying Corp.) 

Schlumberger Photoclinometer and the Surwell 
Clinograph. Both instruments record a series of 
deviation measurements on one trip into and out of 
the well. From this series of data it is possiI)le t(» 
plot (|uite accurately the course of the well. 

In the Schlumberger Photoclinometer the devia- 
tion from the vertical is indicated by a small metal 
hall whic h rolls in a transparent glass bowl gradu- 
ated in circular degrees. The direction of the devia- 
tion in azimuth is indicated by a magnetic compas'<. 
With the instrument suspended by an electri- 
cal cable, the positions of the compass and steel 
hall are photographed on a 3.5-mm film by opera- 
li‘)n of electrical controls at the surface which turn 
nn lights in the instrument and snap the camera 
shutter. After the picture is taken the fi.lm is 
moved to a new position. Pictures can be taken at 
H rale of about one per minute. Correlation of the 
pictures with the depths at which they are taken 
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Fig. 3. Vertical section through Surwell clinograph. 
(Sperry-Sun Well Surveying Co.) 


(known by the length of the suspending cable) 
yields a measure of the magnitude and direction of 
deviation of the hole as a function of depth. 


f ia- 2. Motion-picture film recordi made by the Surwell cllno 9 roph. (Sperry-Sun Well Surveylitp Co.) 
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The Surwell Clinograph also operates electri- 
cally but is powered by batteries contained in the 
instrument. The deviation from the vertical is indi- 
cated by a box level gage and the direction in azi- 
muth by a gyroscopic compass permitting its use 
inside steel pipe. This operation is not possible 
when a magnetic compass is used unless the pipe 
is made of special nonmagnetic steel. Since the in- 
strument also contains a watch and a dial thermom- 
eter, a simultaneous record of amount and direc- 
tion of deviation, temperature, and time can be 
made on 16-mm film. Readings are taken, both de- 
scending and ascending, at regular intervals which 
are preset on the instrument before it is lowered on 
a wire line into the well, thus providing a check on 
accuracy. Level gages having maximum inclina- 
tions of 20, 40, and 55° respectively are provided 
to be used according to the magnitude of deviation. 

I H.G.BO. j 

Bibliography'. L. C. Uren, Petroleum Production 
Engineering : Oil Field Development, 4th ed., 1956. 

Photoconductive cell 

A device for detecting or measuring electromag- 
netic radiation by variation of the conductivity of 
a substance (called a photoconductor) upon ab- 
sorption of the radiation by this substance. 

To detect or measure the radiation, the cell is 
connected in series with an electrical source and a 
galvanometer. The current through the cell is a 
function of the intensity of the radiation falling on 
the cell. The galvanometer measures the current. 

Photoconductors can be classified into the ele- 
mental types, such as selenium, iodine, boron, dia- 
mond, germanium, and silicon; and the compound 
types, such as the sulfides, selenides, and tellurides 
of lead, thallium, and cadmium. Each of these ma- 
terials must be doped with the proper amount of a 
selected impurity. 

The photoconductor is usually prepared in the 
form of a thin film by evaporation of the material 
under vacuum, by chemical precipitation or by sin- 
tering of the powdered material. 

Cadmium sulfide cells are extensively used in 
the visible spectrum for industrial applications be- 
cause of their high sensitivity. However, they have 
a certain inertia, and their response depends upon 
previous exposure to light (hysteresis). They also 
generate a relatively high current when not illu- 
minated (dark current). 

The antimony sulfide cells are less sensitive than 
the cadmium sulfide cells, but their response time 
is much shorter and they do not display any hys- 
teresis. 

Lead sulfide and lead selenide cells are spe- 
cially sensitive to infrared radiation, and this sen- 
sitivity toward the higher wavelengths increases at 
low temperature. For measurement in the far in- 
frared, certain cells are cooled with liquid hydro- 
gen (-250*^0. 

Photoconductive cells are characterized by their 
sensitivity in infrared (1-25 microns) and their 


short response time. They are used for high-speed 
recording, high-resolution spectroscopy, television, 
electrophotography, and as infrared detectors. For 
more detailed information see Infrared detector; 
see also Photoconductivity; PHOTOELtXTRic nt- 
VICES. Lj*J.Ro.] 

Bibliography: R. G. Breckenbridge (ed.), Pho^ 
toconductivity Conference, 1956. 

Photoconductivity 

The increase in electrical conductivity displayed 1)\ 
many nonmetallic solids when they absorb elec- 
tromagnetic radiation. The radiation may lie in any 
part of the spectrum from the infrared to the x-ray 
and y-ray region. Pta^toconduction may proceed 1)\ 
several different mechanisms, depending on the 
type, the composition, and the crystal perfection 
of the solid involved. Photocondiiction finds con- 
siderable practical application in television cam- 
eras, infrared detectors, light meters, and indirertb 
in the photographic process. 

Alkali halides. Photoconductivity due to color 
centers in alkali halides (frequently called primary 
photoconduction) occurs in crystals such as com- 
mon rock salt (sodium chloride) if they have been 
heated in sodium or other alkali metal vapor. This 
treatment gives rise to irnperfections^called ( olor 
centers which color the crystal. These centers arc 
lattice sites at which electrons take the place ol 
missing negative ions; the color centers absorb vis- 
ible Ijf^ht (see Color centers). As a result, the 
electrons are set free, and they are set in motion 
when an electric field is applied to the crystal. Thi^ 
motion induces electric charges on the electrnd^•'^ 
that supply the field. Current flows in the external 
circuit even though no charges pass from the elei - 
trodes into the crystal. 

After being set free by the light, the electrons 
usually move only a short distance before they arc 
slopped. This happens mainly at other color cen- 
ters. The distance over which the electrons move is 
called the range, and it increases as the applied 
field is made stronger. The photoconduction is ap- 
proximately proportional to the field strength as 
long as the electron range (in a typical case lO '’ 
cm) is shorter than the sample length. When this 
is no longer true, the freed electrons move to the 
end of the sample. At this point, the photoconduc- 
tion is constant with increasing applied field. 

This photoconduction is excited most easily by 
photon energies lying in the optical absorption 
peak of the color centers. For potassium iodide, a 
typical alkali halide, this peak is centered near Lb 
ev, in the red region of the spectrum. Primary pho- 
toconductivity can also occur, however, at higher 
photon energies. Above 2.5 ev, in .jthp blue and ultra- 
violet spectral regions, the elect^^s ejected from 
-the color centers have enough energy to escape 
throfigh the crystal surface. They then contribute 
to photoemission. See Photoemission. 

Primary photoconductivity usually occurs for 
only a relatively short time in an alkali halide. R 



he current flows for too long (say 4 min), a much 
Iiiore complex phenomenon called secondary photo- 
undiicrivity may result. 

Exciton-induced photoconductivity occurs in al- 
uili halides that contain color centers if the in- 
idcnt radiation lies in the first intrinsic (or fun- 
lamental) optical absorption peak of the crystal 
(For potassium iodide, this peak lies at a 
ihoton energy of 5.6 ev in the far ultraviolet.) The 
effect is like exciton-induced photoemission, except 
hal the excited electrons remain in the crystal. It 
x’ciirs in two stages. The absorbed photons pro- 
Iiire cxcitons, which are electrically neutral en- 
ities. These then transfer enough energy to color 
enters to eject electrons. Thereafter, the process 
- similar to primary photoconductivity. Exciton- 
ndijced photoconduction occurs also in crystals 
IK h barium oxide. See Exciton. 

Intrinsic photoconductivity in alkali halides 
akes place when light is absorbed in the ideal 
>iirc crystal lattice with the resultant production 
d mobile electrons and positive holes (see IIoi.ES 
N SOI. ids). In the absence of defects such as <*olor 
enters, pboloconduclion does not occur at energies 
orre^ponding to the first optical absorption peak 
)f iin alkali halide. The concept of excitons as neu- 
ral “iiarticles” devcloyied as it did because of this 
'\perimcnlal fact. At a slightly higher photon 
Micrgy. one expects intrinsic photoconductivity to 
•et in. It is analogous to the intrinsic photoemission 
vliicli begins in potassium iodide at about 7 ev. 
IHiutmondiiction should set in at slightly lower 
)lioton energies than photocmission, ft is difficult 
o measure a<'curately. 

Silver halides. Photons having energies just 
ligh enough to produce optical absorption in a 
pure silver halide also produce electrons and holes, 
fntrinsic photoconductivity results. Thus, the silver 
lalides stand in contrast to pure alkali halides, in 
Ahich optical ab.sorption in the first fundamental 
ibsorption band does not produce intrinsic photo- 
•unductivity. The motion of positive holes in silver 
hloride, a typical silver halide, is apparently not 
appreciable. The electrons, on the other hand, can 
nove as much as 1 cm in experimentally fca.sihle 
^leclric fields. The motion of electrons is often lim- 
ited by electron traps (see Traps in solids). The 
electron migration then resembles that for extrin- 
'ie photoconductivity caused by color centers in al- 
Wi halides. At photon energies near 6 ev, the ex- 
cited electrons are so energetic that some of them 
through the surface, and intrinsic photo- 
pmission results. 

Photoconduction with consequent ionic motiort 
the silver halides plays an important role in the 
photographic process. See Photography. 

Germanium. Intrinsic excitation of photocon- 
ductivity in germanium, a typical elemental .semi- 
f’onductor, occurs for photon energies in the funda- 
Jl'^ntal (intrinsic) optical absorption band. This 
hand has an edge at about 0.7 ev in the infrared, 
and it extends continuously through higher photon 
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energies in the visible and ultraviolet regions. Elec- 
trodes are connected to the germanium crystal to 
furnish an electric field. Electrons or positive holes 
can pass from these connections into the crystal, 
and an electric current flows through the specimen 
in the dark. When the crystal is illuminated, addi- 
tional electrons and holes are created in equal num- 
bers. In general, both the.se excess-current carriers 
move in the electric field and contribute to the pho- 
toconductivity. An important consideration is that 
the sample must contain them in equal numbers 
(this is called the charge neutrality condition) ; oth- 
erwise, prohibitive electric fields would build up. 
Thus, if an electron leave.s the sample through one 
electrode, another electron enters at the other end. 
Alternatively, an electron and hole may annihilate 
one another in a recombination proce.ss. Direct re- 
combination is possible, hut nol very probable. Al- 
most all of the recombination takes place at defects 
or impurities called recombination centers, some 
of which may he at the .sample surface.. If the il- 
lumination is turned off, the concentration of excess 
electrons and holes (and therefore the photocon- 
ductive current) disappears as a function of time 
in an exponential way. It decreases by a factor of 
e “ 2.718 ... in an interval t, which is called the 
lifetime for electron-hole pairs. This time is deter- 
mined by the number and type of recombination 
centers in the particular sample. For very pure 
germanium cry.sta1s at ordinary temperatures, the 
pair lifetime is 1 msec or higher. 

To calculate the magnitude of the photoconduc- 
tive current, it is convenient to consider a cube of 
germanium 1 cm on a side with electrodes on two 
opposite faces. If N photons /sec are absorbed uni- 
formly in this volume, the number of excess free 
electrons and holes reaches a steady concentration 
Nt (for each currier type). The number of elec- 
trons P flowing per second through the battery in 
the external circuit is 

P = VNtifle + t^h) 

where V is the battery voltage, and /t, and /Xh are 
the mobilities of the electrons and holes respec- 
tively. The ratio G = P/N determines the sensitiv- 
ity, and is called the photoconductive gain factor. 
Now the transit time Te required for an electron to 
traverse the germanium sample is 1/Vf.t.f; that for 
holes i.s Tlx ^ l/Vfjih- Thus the gain may be ex- 
pressed as 



If the germanium cube is at ordinary temperature, 
with t = lO""* see and F = 1 volt, G is about 5. 

Photoconduction of this same general kind oc- 
curs in silicon and in certain compounds such as 
indium antimonide. 

High-gain photoconduction can occur when elec- 
tron or hole traps are present in a crystal of ger- 
manium. For example, nickel atoms deliberately 
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added as impurities behave as hole traps in germa- 
nium near the temperature of liquid nitrogen. If an 
appropriate amount of arsenic is also present, each 
Ni atom becomes a doubly negative ion, Ni \ Be- 
cause of its strong negative electric charge, it repels 
electrons and attracts positive holes. Thus, when illu- 
mination sets both holes and electrons free in the 
sample, the Ni ■ ~ ions quickly capture holes. Accord- 
ingly, the doubly negative Nr becomes singly neg- 
ative Ni . It is still negative and it still repels 
electrons. Thus, recombination of electrons with 
the captured holes is drastically reduced, and the 
hole is said to be trapped. It is immobile and does 
not contribute to photoconduction. However, for 
each trapped hole, a mobile electron is held in the 
crystal to preserve the condition of charge neu- 
trality. Recombination occurs after a comparatively 
long time, called the free-electron lifetime, te. It 
determines the speed with which the photoconduc- 
tor responds to changes in illumination. The pho- 
toconductivc gain is in this case /T,, where T#., 
as before, is the electron transit time. At the low 
temperature considered here, 1\ is about lO ^* sec 
if the sample is a cube of unit volume and if 1 
volt is applied by the battery. Thus, the gain be- 
comes 10^, and for every photon absorbed in the 
sample, a great many electrons flow through the 
external circuit. The gain increases as the applied 
voltage increases, but complications prevent it from 
increasing indefinitely. 

High-gain photoconductivity of the same general 
character occurs in many other materials, such as 
cadmium sulfide, cadmium selenide, and lead sul- 
fide. It was recognized in many of these before be- 
ing studied in germanium. It is not understood 
quite as precisely as in germanium because the 
traps are not yet as well identified and because it 
is more difficult to control the composition and per- 
fection of the crystals. On the other hand, high gain 
can occur in cadmium sulfide, for instance, at ordi- 
nary temperatures, and is important for applica- 
tions in photoconductive devices. For the germa- 
nium photoconductors, a high sensitivity or gain 
corresponds to a proportionately long response 
time. In more complex photoconductors, the re- 
sponse may be sluggish even when the gain is low. 
This usually means that both electrons and holes 
are being trapped, frequently in complex fashion. 

In germanium and other semiconductors, extrin- 
sic excitation of photoconductivity occurs when ra- 
diation ejects electrons or holes directly from im- 
purities into the conduction band or the valence 
band. Photon energies may bq.much less than those 
in the intrinsic optical absorption range, and the 
photoconductor may respond much farther into the 
infrared. 

In certain cases, the condition of charge neutral- 
ity may not be satisfied in semiconductors. The pho- 
toconductivity then behaves in a more complicated 
manner than outlined here. See Absorption (elec- 
tromagnetic radiation) ; Luminescence, [l-a.] 

Bibliography. R. G. Breckenridge, B. R. Russell 
and E. E. Hahn (eds. ), Photoconductivity Confer- 


ence, 1956; C. Kittel, Introduction to Solid State 
Physics, 2d ed., 1956; F. Seitz and D. Turnbull 
(eds. ) , Solid State Physics, vol. 8, 1959. 

Photocopying processes 

Those means by which a copy is created on a sen- 
sitive surface (generally paper, film, or metal 
plate) by the action of light. The term is generalh 
applied only to documentary reproduction. It is dis- 
tinct from the photographing of gross objects (por. 
traiture, for example), from cinematography, and 
from other highly specialized applications of pho- 
tography, although these applications frequeml\ 
overlap or are confined with photocopying of docu- 
ments. The docunient to be photocopied must al- 
ready have been prepared by other applications of 
photography, by manuscript, or by typewriter. A 
document in this case is classed as either a line 
drawing or continuous tone illustration, or a combi 
nation. Some photocopying processes do not handle 
lone satisfactorily. 

Photocopying offers practical printing method" 
for the production of a single copy or a limited 
number of copies, or for the production of a sleniii 
or master from which to run off larger numbers 1)\ 
use of diazo paper or offset lithography. It fall" 
into several chemically distinct pi^cesses, distin 
guished by the chemistry of the photographic ina 
ferial and its development and fixation. Several sen 
sitiv^ materials are used silver halide salts, dia 
zon^m salts, and ferric salt ; newer methods of e^ 
posure apply infrared radiation, electrostati(‘s, and 
electrolysis. The last three forms, along with thf 
diazo when developed by exposure to ammonia 
are referred to as dry processes, as opposed to tin’ 
more common wet processes which use liquids. Tin 
basic camera techniques of photocopying are noi 
so distinctive as is the mechanical equipment de 
veloped for use with the many photographic mat» 
rials and the va.st variety of their chemical charar 
teristic.s. 

For a discussion of the development of photogra 
phy and a full description of specific photographic 
materials see Photographic materials; Photog 

RAPHY. 

Photocopying is now applied in business office^ 
and libraries, in diverse problems of industrial 
duction, as well as in sophisticated data-processing 
systems. Advantages of photocopying are its photo- 
graphic accuracy except for occasional problewi 
with color; reduction and enlargement ability of 
some processes; speed in most instances; spacf 
saving in the case of microfilm; economy of laht^r 
and materials over any other short-run copying 
process; convenience of handling the thin flexible 
material as opposed to letterpress type or electro 
lytic plates; simplicity of machine ofieration b^ 
untrained staff for certain processes ; flexibility 
a§^ achieved by the combination of photocopying 
processes with other printing processes. 

Photocopying processes may be somewhat arbi 
trarily divided into seven classes: silver halide pb^ 
tocopying, transfer processes, thermography (tech 




O continuous prismatic photocopier. {Photostat Corp.) 
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nically not photographic but a similar technique), 
plan copying, electrostatic processes, the electro- 
lytic process, and microfilming. 

The seven classes are not mutually exclusive be- 
cause one may be used in combination with another. 
This is frequently the case with microfilming, in 
which the transparency may be the intermediate for 
enlargement to one of a variety of end products, 
for example, bound volumes printed by continuous 
xerography, offset plates, and multilith master. 
Transfer processes and thermography are referred 
to as rapid copy or office-type copying because they 
are relatively or completely dry, require no dark- 
etied laboratory, and are mechanically simple for an 
office assistant to operate. Facsimile reproduction 
is sometimes erroneously classed as photocopying 
when it is actually a mechanical or chemical tran- 
scription of electrical impulses generated by a pho- 
toelectric-cell scanning device; yet experiments are 
now combining this communications method with 
photocopying as the end process. 


Silver halide photocopying. This is the familiar 
technique which has been developed into various 
forms, including microfilm. The simplest is contact 
exposure of an original with negative or direct po«i 
live paper in front of a light box. such as the pho- 
toprinting machines designed for making blueprint!^ 
or whiteprints. Add a nonadjustable bellows and 
adjustable lens, and it approximates the hand cam- 
era, such as the Leica which has been commonly 
used to copy documents since 1924. With an ad- 
justable bellows, it resembles the process camera 
which is so admirably adapted to photomechanical 
graphic reproduction demanding enlargement, re- 
duction, and excellent handling of tone. 

The next stage of sophistication uses a prismatj*^ 
mirror to obtain a direct-reading amative instead 
of the usual inverted negative. Sin6e its introdiic^ 
tion in 1906, this has been the most frequently 
method of photocopying. The best-known machine- 
are the Dexigraph, Photoclerk; f^otostat. Reel* 
graph, Rutherstat, and Statmadfi^l ( Fig. !)• Sonv 




of these have fixed focus or are capable of only 
reductions; some automatically process, cut, 
and dry the prints. The most elaborate equipment 
can be used to make copy negatives and prints, 
slides, halftone prints from color transparencies, 
screened Veloxes, and stripped-in prints for photo- 
offset copy (see Printing plate). In some models, 
use of direct-reading positive paper is possible. 

Photocom posing is a process which serves as a 
ivpe-i^elting substitute. Characters on a transparent 
surface are brought to a correct position over the 
copy being made. In some devices, this positioning 
is accomplished by means of a punched tape con- 
rrol which indicates letters, face, point size, and 
justification. A strobe flash projects the image 
through appropriate lenses onto the sensitive silver 
film, or paper; and from the developed film, plates 
aic prepared, usually for gravure or photolithog- 
raphy. Since such a process was first patented in 
1877. more than 50 variant schemes have been pro- 
posed. Most of the machines now available use the 
standard typewriter layout for initial composition, 
and most have their own correction units. This 
jirocess has been used for credit lines of motion pic- 
ture film. Use for newspaper and magazine produc- 
tiiin, especially for advertisements, is now most 
common. 

One .special application of silver photocopying is 
the automatic high-speed IJstomatic Camera, devel- 
)ped in 1953. This machine photographs data on 
tabulating cards and prints it in columnar form on 
roll film; the film negative is then used for printing 
hv photolithography (Fig. 2). The process is par- 
iK'ularly suited to the preparation of directories 
and other lists. 

In sum. the silver halide technique can produce 
copies having excellent range of contrast, resolu- 
tion, superb continuous tone, and the permanence 
of rag paper. Relatively speaking, it is not inexpen- 
sive. but its quality has not yet been matched by 
anv of the five processes below. 

Transfer processes. Transfer proce.sses are of 
the soft gelatin (or Verifax) type and the diffu- 
‘^ion type. Both of these reflex contact processes 
produce copies that are generally less expensive 
than copies by the silver process, but more expen- 
sive than those from any of the other processes that 
follow; and their quality is belter than thermo- 
graphic, diazo, or electrostatic prints. However, 
they are not good for tone, and the image will de- 
teriorate over a period of years. Both processes are 
packaged in a variety of compact machines iitiliz- 
a monobath to combine developing and fixing 
'vhile retaining, to a marked degree, the sen.sitome^ 
characteristics of conventionally developed 
paper. 

The gelatin type, introduced in 1952, is a physb 
transfer of dye from a gelatin emulsion siispend- 
silver halide, a dye-forming component, and a 
^ ®rdening agent. The Verifax matrix is processed 
monobath solution in which the black dye is 
throughout the gelatin, but is hardened only 
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in the background areas. The wet matrix is pressed 
against plain paper to get the positive copy from 
the unhardened dye. By pressing additional sheets, 
from two to nine additional positives may be ob- 
tained, each fainter than the preceding; the proc- 
ess can also produce masters for offset duplicators 
and translucent copies for diazo prints. 

The diffusion type, introduced in 1950, uses a 
silver chloride emulsion on film or paper, with the 
image diffused to opaque paper, translucent paper, 
or clear film. The light-sensitive negative paper, 
after exposure with the original, is matched with a 
chemically coated positive paper which is not light- 
sensitive. They pass through a monohath, are 
squeezed together for 15-30 sec, and are then 
peeled apart. The unexposed text area of the nega- 
tive gives up its unused .silver salts to the positive 
paper, thereby coming in contact with the f hemical 
coating of the positive paper to form a black im- 
age. Generally, more than one positive per negative 
is not possible. Although more than 6Q different 
models using this process are marketed, the essen- 
tial differences are in the method of holding the 
original material to be copied, tightly bound books 
being the major problem because it is difficult to 
make firm contact with the light source at the in- 
ner margin. The process can also produce a two- 
sided positive copy on airmail tissue, on translu- 
cent .stock, or on transparent film. In 1959, a projec- 
tion camera was made available with a higher- 
s])eed sensitized negative, providing this process 
with the ability to change the size of the original. 

Thermography. This is not a photographic proc- 
ess, because instead of light, it uses the heat of in- 
frared rays for exposure. Yet this process, avail- 
able since 1950, is a contact reflex rapid-copy print- 
ing process, similar in its use to the transfer proc- 
ess. It is a direct-positive process — no negative is 
created. The original copy must have carbon or a 



Fig. 3. How djogrom of Whitoprint mochino. (CfioWtfs 
Bruning Co.) 
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metallic compound in the text ink to transform the 
radiant energy to heat and so effect the desired 
chemical change on the substance laminated be- 
tween the transparent sheet of paper and the white 
waxy backing. The heat-sensitive substance under- 
goes chemical change and produces a black image 
lacking maximum sharpness. It is a completely dry 
operation completed in about 4 sec ; finished 
copies remain sensitive to heat and can become in- 
creasingly dark. It does not satisfactorily handle 
tone, and the print is not as sharp as copies by 
most other processes because of the difficulty of fo- 
cusing the long wavelengths of heat. For inexpen- 
sive, short-use, clean, and rapid copying of corre- 
spondence or printed textual matter for informa- 
tional purposes, this process excels. 

Plan-copying. This is a simple contact operation 
using a number of possible chemical processes to 
print from a translucent original, or by direct-posi- 
tive paper from opaque originals. Materials used 
are so insensitive to light that powerful arc lamps 
must be used for exposure. There is less of the 
usual wastage of materials in this process than in 
others. The photocopying machine may be a glass 
tube, box, or rotary-drum device with a large sur- 
face to accommodate architectural plans, engineer- 
ing drawings, charts, maps, or other such material. 
Of the many processes, the three following are 
common. 

Brownprint (also called sepia negative or van- 
dyke) is an intermediate for making prints, intro- 
duced in 1895. The material is paper sensitized with 
ferric iron and silver salts, the first ingredient be- 
ing the light-sensitive material. Exposure reduces 
the iron salt, and when developed by immersion in 
water, the ferrous salt reduces the silver salt to 
metallic silver. Washing with a hypo solution re- 
moves any unreduced silver and leaves white lines 
on a brown background. From this negative, a 
brown line print can be made, or a Photolracing 
can be made on paper having a wash-off silver gela- 
tin emulsion the image of which can be erased with 
a wet eraser and additions made in ink. 

Blueprint (also called cyanotype), dating from 
1842, is a ferropnissiate paper, sensitized with a 
mixture of ferric salt and potassium ferricyanide, 
developed by immersion in water. The result is 
white lines on a background of Prussian blue. As 
with the brownprint, the color of line and back- 
ground can be reversed by printing from a translu- 
cent negative so as to make a blue line print. 

Whiteprint (also called dyeline or diazo print), 
dating from the 1920s, is produced on diazo paper, 
or film, the emulsion containing jn diazo compound 
and a coupling or activating component. The proc- 
ess is based on sensitivity to ultraviolet light, and 
development is by ammonia vapors or a liquid ap- 
plication (Fig. 3). The use of this method to pro- 
duce translucent film originals from which multiple 
prints can be inexpensively made on paper has been 
a highly developed technique. Indeed, despite the 
fact that the image will deteriorate somewhat over 
a period of years, this process has largely super- 


seded the familiar blueprint chiefly because of bet- 
ter appearance, easier use for notations, somewhat 
better quality and comparable cost. 

It should be added that small diazo-process ma- 
chines are available to copy letter-size materials 
and pages from bound books. When limitations im- 
posed by the material to be copied can be over- 
come, the excellent sharpness of a diazo print and 
its exceedingly low cost make it competitive with 
the transfer process. 

Electrostatic processes. There are three dis- 
tinct dry photoelectrical processes producing posi- 
tive copies without a negative intermediary: xerog- 
raphy was invented in 1937 ; Electrofax was an- 
nounced in 1954; ahjd Smokeprinting was patented 
in 1958. 

Xerography is a printing method using a photo- 
conductive plate having an electrically conductive 
backing material coated with vitreous selenium. 
When the plate is precharged to a 6000-volt screen 
potential by a corona discharge which impart.s a 
uniform electrostatic charge, the coating become? 
sensitive to light and the charge is dissipated to a 
ground by light rays reflected from the white parts 
of the document being copied. The sensitized platr 
may be exposed by contact, by projection, or in a 
camera to achieve enlargement or reduction. The 
latent image is the remaining positive rtiarge wliich 
attracts negatively charged black powder (a mix- 
ture of a carrier and a resinous pigment) which is 
then heated and passed to paper, on which it is 
fused/A resolution adequate for most textual mat- 
ter can be achieved, and recent developments have 
improved the handling of continuous tone. Experi- 
mental work has been done on the use of color and 
in the depositing of images on copper laminate 
and on clear acetate sheets for lantern slides. Be- 
sides its use for enlarging microfilm, some of its 
important uses are for making translucent negatives 
for diazo printing, paper and metal plates for off- 
set lithography, and masters for spirit duplicating 

(Fig. 4). 

Electrofax is similar to the xerographic process 
except that it substitutes an electrically charged 
paper on which the copy is printed for the selenium- 
coated plate. The paper is coated with a thin layer 
of special zinc oxide in a resin binder, and it is 
sensitive to light only after having been given a 
negative electrostatic charge upon entering the ma- 
chine; it can therefore be stored without deteriora- 
tion for long periods before being used. The fin- 
ished print is exceedingly stable. Experimental 
work has been done on many applications similar to 
those of xerography, as well as on satisfactory 
treatment of half-tone and continuous tone, produc- 
tion of relief printing plates, use as a dry offset 
process, and on electronic typesetting at 2000 char- 
acters per second under control of magnetic tape or 
punched paper tape. The process appears to be in- 
trinsically more flexible than does xerography- 

Smokeprinting is a process which deposits elec- 
trically charged particles on paper or other mate- 
rial. The paper is held behind a sheet of gln^^ 
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whirli is barked with a thin metallic coating. The 
mist of particles is dispensed from behind the pa- 
per hv an electrode which gives it a charge A posi- 
tive or negative print can he made, depending upon 
the srn<»ke material used and whether it is charged 
positively or negatively. Experimental work has 
been success ful on a Vertical Slep-and-Repeat Mi- 
<-n»fiIniing Camera for producing microfilm images 
on sheet film and on the Photronic Reproducer for 
microfilm enlargement. 

Electrolysis. Electrolysis has been applied to 
photocopying under a process developed in 1957. 
I he exposure is made by projection on a sheet 
1 t onsisling of a paper support, a thin aluminum lam- 
inate, and a coating of a white photoconductive sub- 
'’tance. A dc potential applied across the electrolyte 
; and the aluminum underlayer are necessary for de- 
j ''<*lopment, which is through contact with the elec- 
I trolyte and thereby produces the image on the ex- 
posed surface by electrolysis. A positive image is 
produced from a negative microfilm projection be- 
cause the light exposure causes the photoconductor 
lose resistance, resulting in electrolysis taking 
place in exposed rather than in nonexposed areas. 

MicrofUmlng. This is a documentary reproduc- 
hon process. The first patent for a commercial ap- 
plication was granted in 1859, although wide appli- 
cation dates from 1928. A microfilm copy may be 
a transparent photocopy at a reduction 
^utiicient that optical enlargement is required for 
.formal reading and with resolving power suflScient 


for accurate recording of textual and tonal de- 
tail. Normal reductions are from 12 to 22 diame- 
ters, although 100 diameters is feasible. Resolving 
power is well over 100 lines/mm — generally about 
145 lines/mm for good positive film, 160 lines/rnm 
for good microfilm lenses, and 180 lines/mm for 
good negative film. Emulsions giving 500 lines/mm 
are being developed. Such a microphotograph is 
distinguished from a macrophotograph, which i.« a 
copy near the original size as in all the processes 
described above. 

The microfilm is composed of a slow-speed pan- 
chromatic emulsion on a mechanical base of cellu- 
lose acetate (nitrocellulose has unacceptable qual- 
ities). In the United States, it generally is no 
longer used with perforated edges in order that bet* 
ter use may be made of the film width. Positive 
copies may be made from silver negatives by con- 
tact printing on silver or Kalfax film, or sometimes 
on paper. Diazo film is used for exact duplication 
of silver roll film, a negative-to-negative or positive- 
to-positive print. These three emulsions are avail- 
able in the common 35-mm roll form, and also in 
rolls of 16 mm for material such as bank checks 
which have no fine detail, 70 and 105 mm for mate- 
rial such as engineering drawings, and in flat sheets 
of 7K> by 12t4 cm and larger sizes which have fil- 
ing and searching advantages. 

Kalfax microfilm is a variant use of diazo which 
on exposure creates gas bubbles which form the im- 
age by scattering the Jight. Kalfax (announced in 
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1955) is a plastic emulsion on a polyester base. 
Upon exposure to ultraviolet light, the photosensi- 
tive compound in the background area decomposes 
in the thermoplastic vehicle, with one of the prod- 
ucts being nitrogen gas. When the film is developed 
by heat (for 2 sec at 255®F), the high pressure 
created by the gas blows microscopic air sacs; and 
fixation by ultraviolet light stabilizes the com- 
pound by permitting the nitrogen now created in 
the text area to diffuse out of the emulsion in about 
8 hours. The air sacs serve to scatter the light fall- 
ing on them during projection for reading. Where 
they do not exist to scatter the light, the compound 
casts a shadow which forms the image. 

Microfilm is very inexpensive of materials, is 
valued as a substitute for deteriorating paper and 
for the space and weight it saves over full-size 
copies, is advantageous as a flexible intermediate, 
and has the physical properties of other silver and 
diazo copies. In any application, such as those de- 
scribed below, detail will be lost increasingly the 
more distant the generation is from the original 
(that is, original copied to negative copied to posi- 
tive copied to a second negative equals three gen- 
erations removed, this loss being estimated as 
roughly 30% in each generation. 

Equipment for microfilming is specialized be- 
cause of the exacting requirements. Cameras have 
exceptionally fine lenses, and may have a flat bed 
or rotary feed and be manual or automatic in op- 
eration. Similarly, processing equipment varies 
from hand-fed deep tanks to large automatic ma- 
chines adapted from those designed for motion pic- 
ture film. Reading machines are also available in 
considerable variety. 

Besides the advantages of microfilm in its own 
right, other applications and specialized techniques 
have brought microfilm to a high state of technical 
development. These may be classed as enlargement 
techniques, publishing techniques, and data-proc- 
essing applications. 

Enlargement printing, both individually of single 
frames and automatically and continuously of rolls 
of frames, can be accomplished by any projection 
process. Enlargement is possible from frames se- 
lected while viewing microfilm on a reading ma- 
chine by the inclusion in the machine of a device 
for producing an electrolytic copy or a silver halide 
copy developed in a monobath. The most advanced 
automatic enlarging machine is the Copyflo, which 
was first available in 1956. This xerographic en- 
larger makes photocopies from negative or posi- 
tive 16-mm or 35-mm microfilm, as well as from 
original documents, at the rate of 20 ft/min on rolls 
of unsensitized paper up to 11 in. wide. 

Publishing of opaque microtexts is accomplished 
by three variant edition processes. Microcards, pro- 
posed in 1944, are photographic prints X 12% 
cm in size, prepared from 16-mm or 35-mm film, 
commonly at a reduction of 20 diameters, with in- 
dexing data legible to the naked eye at the top of 
the card. Readex Microprint is a somewhat similar 
product on 6 X 9-in. cards, but is prepared from 


microfilm and printed by offset. Microlex is similar 
to the Microprint in appearance, but is a photo< 
graphic print from a sheet negative (microfiche) 
made on a step-and-repeat camera, and two posi. 
tives containing consecutive pages are laminated 
back to back. Microfiche is the name applied to 
transparent forms of microtext in various sizes of 
sheet film ; it is not an edition process. 

Data processing has used microfilm in the unit- 
ized, strip, and roll form. Unitized film is roll film 
cut and handled in units of single frames, whereas 
a film strip is roll film handled in lengths of 2-10 
frames; diazo film is commonly used for makk^ 
copies. Both unitized and strip film are commonlv 
mounted in or on cards having indexing informa- 
tion which is readable to the naked eye, and if the 
card has a rectangular hole through which the film 
may be viewed, it is called an aperture card. Two 
versions using a different technique are Microstrip, 
which is an opaque paper strip printed from micro 
film and having a moisture-type adhesive on the 
back, and Microtape, which is similarly an opaquf^ 
strip but has a pressure-sensitive adhesive. Much 
special equipment is available for mounting, view- 
ing, enlarging, and duplicating film mounted on 
aperture cards ; and use of such cards with tahulat 
ing machines has become a common application of 
microfilm. In unitized form, film has reached h 
most sophisticated application in the Minicard 
tei^ which automatically searches units of film. 3' 
mm by 16 mm in size, containing both textual mai 
ter reduced at 60 diameters and digital infoimation 
for photoelectric eye selection. Roll film is also be 
ing applied in data processing systems; an earb 
device was the Rapid Selector developed from prin- 
ciples suggested by Vannevar Bush in 1945, and a 
more highly developed machine is the FLIP (Film 
Library Instantaneous Presentation) which, upon 
instruction from a keyboard, punched cards, or 
magnetic tape, automatically locates and projects 
for viev^ing coded frames within 1600 feet of film 
See Printing. ( d.c.w] 

Bibliography. H. W. Ballou, Guide to Microre- 
production Equipment^ 1959; C. M. Lewis and 
W. H. Offenhauser, Microrecording ; Industrial and 
Library Applications, 1956; Manual on Document 
Reproduction and Selection, FID Publ. 264, 1953 
and continuation; H. R. Verry, Document CopyiH 
and Reproduction Processes, 1958. 

Photodiode 

A semiconductor two-terminal component with 
electrical characteristics that are ligbt-8ensitiv<*- 
All semiconductor diodes are light-sensitive to 
some degree, unless enclosed in opaque packages^ 
but only those designed specifically to enhance the 
light sensitivity are called photodiodes. 

^Most photodiodes consist of semiconductor p*" 
junctions housed in a container designed to collect 
and focus the ambient light close to the junction- 
They are normally biased in the reverse, or block 
ing, direction; the current therefore is quite small 
in the dark, ^en they are illuminated^ the current 
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is proportional to the amount of light falling on 
the photodiode. For a discussion of the properties 
of p-w junctions, see Junction diode. 

Photodiodes are used both to detect the presence 
of light, and to measure light intensity. See Photo- 
electric DEVICES. [w.R.SI.] 

Photoelasticity 

An experimental technique for the measurement of 
stresses and strains in material objects by means of 
the phenomenon of mechanical birefringence. Pho- 
toelasticity is especially useful for the study of 
objects with irregular boundaries and stress con- 
centrations, such as pieces of machinery with 
notches or curves, structural components with slits 
or holes, and materials with cracks. The method 
provides a visual means of observing over-all stress 
characteristics of an object by means of light pat- 
terns projected on a screen or photographic film. 
Regions of stress concentrations can be determined 
in general by simple observation. However, precise 
analysis of tension, compression, and shear stresses 
and strains at any point in an object requires more 
involved techniques. Photoelasticity is generally 
ii^ied to study objects stressed in two planar direc- 
lion<i (biaxial), but with refinements it can be used 
for <»bjects stressed in three spatial directions (tri- 
uxial ) . 

For biaxial studies, a model geometrically simi- 
lar to the object to be analyzed is prepared from a 
sheet of special transparent material and loaded as 
the object would be loaded. 

Use of birefringent phenomenon. Model mate- 
rials commonly used for photoelasticity are Bake- 
lite, celluloid, gelatin, synthetic resins, glass, and 
other commercial products that are optically sen- 
sitive to stress and strain. The materials must have 
the optical properties of polarizing light when un- 
der stress (optical sensitivity) and of transmitting 
it on the principal stress planes with velocities de- 
pendent on the stresses (birefringence or double 
refraction). In addition, the material should be 
clear, elastic, homogeneous, optically isotropic 
when under no stress or strain, and reasonably free 
from creep, aging, and edge disturbances. 

When the stressed model is subject to mono- 
chromatic polarized light in a polariscope the bire- 
i fringence of the model causes the light to emerge 
I refracted into two orthogonal planes (^ee Po- 
j larized light). Because the velocities of light 
propagation are different in each direction, there 
occurs a phase shifting of the light waves. Wfeen 
the waves are recombined with the polariscope, Re- 
gions of stress where the wave phases cancel ap- 
pear black, and regions of stress where the wave 
i poises combine appear light. Therefore, in mod- 
els of complex stress distribution, light and dark 
*■**^8© patterns (isochromatic fringes) are pro- 
jected from the model. These fringes are related 
^0 the stresses. 

When white light is used in place of monochro* 
*oatic light, the relative retardation of the model 
: Ae fringes to appear in colors of the spec- 



Fig. 1. Basic photoelastic polariscope. 

trum. White light is often used for demonstration, 
and monochromatic light is used for precise meas- 
urements. 

Polariscope. A basic polari.scope used in photo- 
elasticity has a light source (generally monochro- 
matic), a collimating lens, a polarizer, and a quar- 
ter wave plate (Fig. 1). This plate is a birefringent 
material that causes the relative retardation of 
light to be exactly one-quarter the wavelength of 
the light. Next in the optical path is a planar model 
of the object under test and stressed in the direc- 
tion of the plane. Finally there are a second quar- 
ter wave plate, a polarizer called the analyzef, a 
focusing lens, and a viewing screen or film. Many 
variations of this basic transmission-type appara- 
tus are in use. Other lenses may be added and com- 
ponents rearranged. If appropriate mirrors are 
added, the polariscope convert.s to a doubling type 
which is useful for the study of thin models under 
low stress, as the number of fringes doubles. ^ 

A typical isochromatic fringe pattern shows 
the effect on a flat plate with a central hole, pulled 
at the upper and lower ends (Fig. 2). The conges- 
tion of fringes at the boundary of the hole indicates 
a region of stress concentration, typical of stress 
behavior at cutouts. To study the exact stress at a 
given point in the 4Aodel, the i^odel is gradually, 
loaded (from a condition of no load) and the num- 
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ber of fringe changes (fringe order) at that point 
is observed. Special equipment is sometimes em- 
ployed to obtain partial fringe orders and to 
sharpen vague fringe boundaries. The fringe order 
is directly related by a calibrated constant to the 
difference of the principal stresses at that point. 

Determination of principal stresses. Shear 
stresses can be related mathematically to the differ- 
ence of the principal stresses, thereby relating 
shear stresses directly to fringe order. High shear 
stresses often cause the material to yield or fail, so 
that a point of large fringe order indicates a point 
of potential failure. In many applications of pho- 
toelasticity a knowledge of shear stress is all that 
is needed. This fact makes photoelasticity a simple 
and direct tool for investigation of complex stress 
systems. However, if principal stresses and their 
directions are required, additional experimentation 
is necessary, as described later. 

Isoclinic fringes are a different set of interfer- 
ence patterns made by using white light, removing 
the quarter wave plates and rotating the polarizer 
and analyzer a fixed number of degrees. These 
fringes represent lines making known angles with 
the principal planes of stress. 

Stress trajectories are lines of principal stress 
directions over the model, obtained graphically 
from the isoclinic fringes. Stress trajectories are 
not lines of constant stress. 

The determination of the principal stresses re- 
quires additional information, which may be ob- 
tained in several ways. Principal stresses are de- 
termined analytically by differences of the shear 
stresses based on equilibrium equations. This pro- 
cedure requires a numerical point by point study 
of the model, utilizing the shear stresses and stress 
trajectories. Principal stresses can be found ana- 
lytically or experimentally by solution of Laplace’s 
equation of elasticity {see Elasticity). In prin- 
ciple, this procedure supplies equations pertain- 
ing to the sum of the principal stresses at any point 
in the model. Utilizing equations for the difference 
of the principal stresses from the isochromatic 
fringe orders, the stresses may be found by solving 
the two equations for the two principal stresses. 
Principal stresses are found experimentally by 
measuring the changes in thickness of the model 
under stress. Because thickness changes caused by 
the Poisson’s ratio effect are minute, a sensitive 
measuring device such as an optical interferometer 
is needed, although direct-reading thickness gages 
are sometimes used. The interferometer produces 
fringe patterns called isopgphic fringes. This 
method essentially provides information regarding 
the sum of the principal stresses as with Laplace’s 
equation. Another experimental method is to pass 
polarized light obliquely to the surface of the 
model. The relative retardations of the light pro- 
duce interference fringes. These oblique fringe or- 
ders can be related to the principal stresses differ- 
ently from those obtained by isochromatic fringes. 
Using the information on stresses from the isochro- 



Fig. 2. Isochromatic fringe \p«itferti for plate with hols. 
(From M, M. Frochf, Phok^aitioify, voL 2, Wiley, 1 948) 


matics in conjunction with the oblique relations, 
the principal stresses may be obtained. 

With care, stresses determined by photoelastic- 
ity are 98% accurate. With stresses determined, 
strains may be easily computed by elastic relations. 
Three-dimensional measurements. Three-di- 


mensional photoelasticity is also possible, al* 
though the techniques and stress-strain relation- 
ships are more involved than for planar objects. 

The frozen stress method is well suited for 
three-dimension -studies. Certain optically sensitive 
materials, such as Bakelite, when annealed in a 
stressed condition retain the deformation and 
birefringent characteristics of the indljally stressed 
state when the load is removdl^^^ynlhee-diinen* 



Typical stress patterns in a plastic model Stress concentrations in plastic models of roots 

viewed under polarized light. (Bausch & Lomb of steam turbine blades under simulated oper- 

Opfical Company) ating conditions. (Westinghouse Electric Cor- 

poration) 

Stress distribution around a circular hole and two saw cuts using photostress technique. Plastic 
photoelectric coating on actual steel specimen allows study of actual metal part rather than of a 
plastic model. The proximity of color fringes In the vicinity of the saw cuts indicates high stresses 
in that region. (Battel/e Memorial Institute) 





f,nal model may therefore be cut up into slices. 
These slices may then be analyzed individually on 
Mirnewhat the same principles as are the planar 
models. 

The scattered light technique may also be used 
for three-dimension models, such as torsion bars. 
The scattered light principle is based on the fact 
that polarized light passing through birefrigent 
materials scatters in a predictable manner, acting 
as an optical aitalyzer in a polariscope. 

Measurements on actual objects. The Photo- 
Stress method is essentially a variation of the nor- 
mal polariscope. A sheet of birefringent material 
bonded to the polished surface of the actual ob- 
ject to be studied, with a polarizer and quarter 
wave plate interposed between the light and the ob- 
lect. The light (usually white light) passes through 
the ^tressed birefringent material and is reflected 
back through the quarter wave plate and the po- 
larizer (which now acts as an analyzer). Isochro- 
matic fringes are projected as in a normal polari- 
ope. Dependent on good bonding between the 
birefringent material and the stressed object, Pho- 
loStrp'^s has the advantage that it can be used on 
a;tiial structures under service loads without being 
fnlo<‘ed to model form. It may be used to find sur- 
fare stresses and strains on curved or three-dimen- 
sional objects. Although photoelasticity is gener- 
all\ limited to elastic behavior, PhotoStress may be 
Used 1(1 determine the nonelastic strains (but not 
stresses) of objects, provided the bonded optical 
material remains elastic. The technique may also 
be used with nonlieterogeneous materials such as 
wood and concrete. 

Dynamically induced stresses and strains may 
also ho studied by photoelastioity when high-speed 
motion picture cameras are used to photograph the 
fringe patterns. See Stress and strain. fw.z.l 
bibliography : E. G. Coker and L. N. G. Filon, A 
realise on Photo-Elasticity, 2d ed., 1957 ; M. M. 

i rochl. Photoelasticity, 2 vols., 1941-1948; M. I. 
cti^nyi (ed.), Handbook of Experimental Stress 
nalysis, 1950; G. H. Lee, An Introduction to Ex- 
"^irm-ntal Stress Analysis, 1950. 

hotoelectric devices 

evices in which a significant and useful change in 
metrical characteristics is caused by incident ra- 
iaiion energy. While all materials are sensitive to 
react with electromagnetic radiation to some de- 
gree, photoelectric devices exhibit a significant 
sensitivity which can be used to detect, measure, or^ 
'Onvert the incident radiation. Photosensitivity 
herein implies the infrared and ultraviolet sections 
^ the spectrum as well as the visible. See Photo- 
rLECTHlCTTY. 

devices react with the incident 
>r ^ variety of ways. In photoconductive 

^ photoresistive cells the resistance varies de- 
the intensity and wavelength of the 
these cells are particularly sensitive in 
^ *tif Fared region of the spectrum {see Photo- 
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CONDUCTIVE cell). Photovoltaic cells, sometimes 
called photronic or boundary layer photocells, gen- 
erate an output voltage when excited by photons of 
light. A variety of photovoltaic cells are available 
to cover sections of the infrared and ultraviolet re- 
gions, as well as the visible. When loaded with a 
low impedance of about 1000 ohms or less, the ra- 
tio between the light input and current output is 
linear and the frequency response of the system is 
fairly flat to about 2 kilocycles per second. When 
the cell is open circ^'.ited, the ^(>ltage output in- 
creases logarithmically with light input. See Pho- 
tovoltaic CELL. 

Photodiodes and phototransistors are photovol- 
taic devices in which the junction barrier height is 
modulated by incident light. In the photodiode this 
causes the reverse current to vary as a function of 
the light intensity and back voltage, while in a 
transistor it can be employed as the input or injec- 
tion signal to a fixed-biased circuit or used to vary 
the bias conditions. See Photodiode; PubTOTRAN- 
SISTOR. [d.b.k.] 

Photoelectricity 

Visible light or other electromagnetic radiation in- 
cident on a solid, liquid, or gas can liberate elec- 
tric charge which moves in an electric field : this 
process is called photoelectricity. The term in- 
cludes three distinct phenomena, as follows: 

1. In the external photoelectric effect, often 
called photoemission and first explained on a quan- 
tum basis by Albert Einslein, electrons are ejected 
from a solid (or liquid) surface into a surrounding 
vacuum ; the common multiplier phototube depends 
upon this effect. 

2. In a gas, electrons and positive ions may be 
produced in the process known as photoionization. 
An application of this is made in the use of ioniza- 
tion chambers to detect x-rays. 

.3. Mobile electrons and positive “holes” which 
remain inside a solid may give rise either to photo- 
conduction or to the photovoltaic effect. Photocon- 
duction is used in television camera tubes, in elec- 
trical duplicating processes, and in control devices 
(where a simple external battery furnishes the elec- 
tric power). The photovoltaic cell is an energy- 
conversion device which furnishes its own power. 
It is used, for example, in photographic exposure 
meters and in solar batteries. 

In addition to the three phenomena just de- 
scribed, there is an internal photoelectric process 
in an atom called the Auger effect, or autoioniza- 
tion. A part of the absorption of x-rayts can be at- 
tributed to the Auger effect, which involves photo- 
electric absorption of the x-ray quanta with re- 
sulting ejection of electrons from the atom. X-ray 
absorption also occurs by photoelectric excitation 
and by fluorescence. 

Finally, there is the inverse photoelectric effect, 
which is simply the inverse of the normal photoelec- 
tric process. In this effect, an electron is absorbed 
by a solid and a photon emerges. The inverse pho- 
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loelectric effect is not commonly investigated be- 
cause it is an extremely difficult process to meas- 
ure. iSee Auger effect; PHOTocoNDUcTivn'Y; Pho- 
toemission : Photovoltaic effect; see also 
Compton effect. (l.a.] 

Photoemission 

Photoemission, also called the external photoelec- 
tric effect, is the ejection of electrons from a solid 
(or less commonly, a liquid) by incident electro- 
magnetic radiation. The visible and ultraviolet re- 
gions of the electromagnetic spectrum are most 
often involved, although the infrared and x-ray re- 
gions are also of interest. For important practical 
applications of photoemission, see Phototube; 
Television camera tube. 

The salient experimental features of photoemis- 
sion are the following: (1) there is no detectable 
time lag between irradiation of an emitter and the 
ejection of photoelectrons; (2) at a given fre- 
quency, the number of photoelectrons ejected per 
second is proportional to the intensity of the inci- 
dent radiation; and (3) the photoelectrons have 
kinetic energies ranging from zero up to a well-de- 
fined maximum, which is proportional to the fre- 
quency of the incident radiation and independent 
of the intensity. 

Einstein photoelectric law. These characteristics 
can not be explained by J. C. Maxwell’s theory of 
electromagnetic waves. In 1905 Albert Einstein 
made the clarifying assumption that the radiation 
had characteristics like those of particles when it 
delivered energy to electrons in the emitter. In 
Einstein’s approach, the light beam behaves like a 
stream of photons, each of energy where h is 
Planck’s constant, and v is the frequency of the 
photon (Fig. 1). The energy required to eject an 
electron from the emitter has a well-defined mini- 
mum value ip called the photoelectric threshold 
energy. When a photon interacts with an electron, 
the latter absorbs the entire photon energy. See 
Photon. 

For hv values below the threshold, photoelec- 
irons are not ejected. Even though the electrons 
absorb photon energy, they do not receive enough 
to surmount the potential barrier at the surface, 
which normally holds the electrons in the solid. 
(For a discussion of the surface potential barrier, 
.see ScHOTTKY effect.) The threshold energy ip 
is associated with a threshold frequency ip/h and 



Fig. 1. External photoelectric effect. 



Fig. 2. Energy diagram for electrons in sodium. Tne 
photoelectric thre^old energy is 9; in a metal ^ jj 
equal to the electronic work function. The band of en 
ergy levels occupied by almost free electrons has a 
width B. 

a threshold wavelength ch/ip, where c is the \elo( 
ity of light. For photon energies above ip, the ki 
netic energies of photoelectrons range from zem 
up to a maximum value, E = hv — ip. This is ih,- 
Ein.stein photoelectric law, and E is coinriionh 
termed the Einstein maximum energy. Careful phn 
toelectric experiments by R. A. Millikan in 
fixed h in Einstein’s law with cogsiderahle pmi 
sion and furthered its identification with the cdn 
slant which M. Planck had used in his !heor\ o! 
black-body radiation. 

/Metals. The Einstein law is based only on llic 
photon hypothesis and on the conservation ol ni 
ergy. It does not take into account momentum, 
which must also be conserved. The incident pholoii 
has a momentum hv/c which is negligible roiii 
pared to the change in momentum of the electron 
when it gains the energy hv. Thus, it is not po^^i 
ble for a free electron to absorb the entire ener«\ 
of a photon. In order for this to happen, the ek* 
Iron must be bound to another body, which take* 
up the recoil momentum. See Compton effect. 

Figure 2 shows an energy diagram of the elec- 
trons in the metal sodium. There is a potential bar 
rier at the surface, which the electrons must sur 
mount before they can escape. The most easib 
ejected electrons must acquire 2.3 ev of additional 
energy from photons in order to do this. This 2..H e' 
is the electronic work function, which for a mefa 
is equal to the photoelectric threshold energy. 
Work function (electronic). Inside the meial 
the electrons occupy a band of energies about 3 ^ 
wide. These electrons are said to be quasi b'^^' 
This means that they behave in many ways 
gas of free, noninteracting electrons; iieverthcle?^ 
they move in the periodic potential due to the 
live sodium ions, and in this sense, they are boun 
See Free-electron theory of metals. 

In this situation, two types of photoemission 
theoretically possible, the surface effect and i 
volume effect. In the surface effect, recoil 
turn is communicated to the crystal because ^ 
electron is coupled to the. barrier at the surfa^ 
during photoi^ absorption, tn the volume effect, t 
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Pig. 3. Spectral distribution of the photoelectric yield 
from typical samples of barium (Ba), potassium (K), 
platinum (Pt), and tellurium (Te). Platinum and tellu- 
rium have practically the same electronic work func- 
tion. Note the higher threshold and more steeply rising 
curve for tellurium, which is a typical elemental semi- 
conductor. 

is coupled to the internal i)criodi<- imten- 

tial. 

Exfteriniental determination of the relative im- 
parlance of surface and volume photoeffects in 
inctaK is difficult. Experiments hy H. Mayer and 
liis collaborators indicate that for potassium the 
volume effect is predominant for photon energies 
fioin I he thre.shold value at 2.1 ev to at lea.st 4 ev. 
Tlius, I he photoelectric emission increases as the 
thickness of a potassium film increases. (This 
^Nould not be true for the surface effect.) Photo- 
I elf'ctrons can escape from depths greater than 
lO '* cm when excited by light in the threshold re- 
I gion. 

Thus far the photoelectric threshold has been 
treated as a sharply defined quantity. This is pre- 
cisely true for metals only at temperature.s near 
ah«ohile zero. At higher temperatures, the uppier 
edge of the band of occupied electron energy states 
in lig. 2 is no longer sharp. It becomes diffuse he- 
rause of thermal agitation. Electrons may he then 
emitted for photon energies less than the ihresh- 
;rjh) value, At ordinary room temperatures, for 
example, measurable photoemis.sion appears for 
photon energies as much as 0.2 ev below the thresh- 
old. R. Fowler has developed a convenient graphi- 
eal technique, known as a Fowler plot, for deter- 
i^hning the absolute-zero threshold from data taken 

higher temperatures on the spectral dependence 
of the photoelectric yield, which is the number of 
P lotoelecirons ejected per incident photon. L. A. 

uBridge has developed a similar technique using 
the temperature dependence of the photo- 
f yield or the distribution of photoelectrons 
pn energy at fixed frequency. These treatments 
P'ow that the photoelectric yield is approximately 
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proportional to the quantity (hv ^ when the 
photon energy hv is within about 1 cv of the thresh- 
old energy (p. Figure 3 shows a graph of the spec- 
tral dependence of photoelectric yield for some 
typical emitters. Figure 4 shows typical energy 
distributions. Photoelectric yields from metals are 
of the order of 10"’* electron per Incident photon 
when hv — (p is 1 ev. Photoelectric threshold en- 
ergies range from 2 ev for cesium to values such as 
.S ev for platinum. They vary for different types of 
crystal faces on the same crystal and are exceed- 
ingly sensitive to small traces of adsorbed gases. 

Semiconductors. The photoelectric behavior of 
semiconductors such as germanium or tellurium 
differs from that of metals. As shown in Fig. 5, the 
electrons in a semiconducting emitter completely 
occupy a closed band of energies, which lies just 
below a .‘<o-called forbidden energy band {see 
B\Nn THKORY OF soMDs). The electrons behave 
quite differently from those in metals. As a result, 
the photoelectric threshold energy <p ' is larger 
than the ele‘etronic work function IF. Thus, a semi- 
conductor exhibits a higher photoelectric threshold 
energy than a metal having the same work function. 
An example of this is shown for the metal platinum 
and the semiconductor tellurium in Fig. 3. Both 
this particular jilatinum sample (Pi) and the tel- 
lurium (Te) have the same electronic work fiinc- 
tit)n, about 4.8 ev. The photoelectric threshold of 
the platinum is equal to the work function, whereas 
that for the telluriinn is clearly higher. Spectral 
and energy distributions are shown in Figs. 3 and 
4. Clean surfaces of silicon, germaniuin. and cer- 
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Fig. 4. Energy distributions of photoeleotrons from 
tellurium and from a metol haviiiq the samo 
function. The solid line for the metal shows results for 
ordinory room temperature, and tho dashed line is for 
obsolute zero. The orrow marks the Einstein moximum 
energy. The photon energy is 5.42 av. 
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Fig. 5. Energy diagram for electrons in a semicon- 
ductor. The occupied band is filled with bound elec- 
trons that behave differently from those in metals. As 
a result, the electronic work function W is smaller than 
the photoelectric threshold energy 

tain semiconducting chemical compounds have 
been made by cleaving single crystals in ultra-high 
vacuum. Both the surface photoelectric effect and 
the volume effect have been measured. From the 
measurements of the volume effect, valuable in- 
formation on the detailed nature of the electron 
energy bands has been deduced from structure 
that occurs in photoeleclron energy distributions. 

A particularly interesting and important kind of 
pholoemitter is typified by cesium antimonide, 
Cs.sSb. This material is a semiconductor having a 
forbidden energy hand about 1.5 ev wide. The pho- 
toelectric threshold energy is only slightly higher 
than this. Electrons excited from the occupied en- 
ergy band by incident photons (Cannot assume en- 
ergies lying in the forbidden band. They must re- 
main in the conduction band shown in Fig. 5. Thus, 
even the slowest ones must retain energies only 
slightly less than that required for escape. The 
probability of photoemission is higher than for 
metals (or for semiconductors that have threshold 
energies greater than twice the width of the for- 
bidden energy band). Cs.^Sb is sensitive over much 
of the visible range and can give very high yields, 
in excess of 0.2 electron per incident photon. It is 
widely used in practical phototubes. Related com- 
pounds can be made with enhanced photoelectric 
response in the red or ultraviolet regions of the 
spectrum. 

Alkali halides. Three basically different kinds of 
photoemission are possible for alkali halides — in- 
trinsic, extrinsic, and exciton-induced phofoemis- 
sion. 

Intrinsic photoemission. This is characteristic of 
the ideally pure and perfect crystal. It is thus anal- 
ogous to the emission already described for metals 
and semiconductors. It appears only for photon 
energies higher than the intrin.sic thresliold. For 
example, potassium iodide, KI, is an alkali halide 
having this intrinsic thre.shold in the far ultraviolet 
near 7 ev. Apparently, the width of the forbidden 
electron energy band in Kl is only about 1 ev less 
than this. For the same reason that was mentioned 


for the semiconductor CsaSb, the photoelectric 
yields are high, in excess of 0.1 electron per inci^ 
dent photon, as shown by section C of the curve in 
Fig. 6, 

Extrinsic photo e mission , A second kind of emis- 
sion occurs when a KI crystal contains imperfer. 
tions in the form of negative ion vacancies (lattice 
sites from which negative iodine ions are missing) 
These vacancies can be filled by electrons. Color 
centers, which absorb visible light, are formed f^cc 
Color centkrs). They may reach concentralion^ 
as high as 10^^ per cm\ External photoelectrons 
may be ejected directly from these centers by j)h( 
tons. It Is termed an extrinsic process since thf 
light is absorbed by a crystal defect; it is also 
called dire(‘t ionization. The threshold energy for 
this process is about 2.5 ev. The yields can reach 
values of the order of 10“* electron per incident 
photon, as shown in section A of tlie curve in Fiji 
6. The exact value of the yield depends on the 
concentration of color centers. Most of the irni 
dent radiation is lost because it is not inlercrpterl 
by the centers, which present a limited cross-spc 
tion to the incident photons. 

Exciton-indiicvd phntovnnssion. When cf)lor cen- 
ters are i)rescnt, another photoelectric procevs 
takes place, in two stages. Potassiifin iodide lia^ ;i 
sharp optical absorption band peaking at a pliotcn 
energy of 5.5 ev. This is the first fundamental or 
intr^sic optical absorption band. Energy absorbed 
in This peak does not release free electric cliarpc^ 
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Fig. 6. SpectMl distribution of photoelectric 
from potassium Iodide containing color centers. 

A of the curve is due to direct ejection of photoel^^ 
trons from color centers; the peak due to exciton 
induced emission; C Is due 
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in the crystal. Rather, it leads to a kind of non- 
conducting excited state called an exciton state. 
The exciton can transfer enough energy to color 
renters to eject photoelectrons from the crystal. 
This two-stage process is termed exciton-induced 
photoemission. It appears in the peak B on the 
curve in Fig. 6. It is more efiBcient than direct 
ejection of photoelectrons from color centers. The 
entire crystal is capable of the primary photon 
absorption, and the energy can he transferred 
rather efficiently to color centers. Thus, the proc- 
ess avoids much of the loss in incident energy that 
arises from the limited cross section of color cen- 
ters when they absorb photons directly. See Exci- 
ton. 

Other compounds. Other ionic crystals, such as 
barium oxide, behave much like the alkali halides. 
Dirert ejection of photoelectrons from chemical 
impurities and from energy levels or defects local- 
ized at the crystal surface can be important. Resides 
these extrinsic processes, exciton-induced emission 
and intrinsic photoemission both occur. 

Compounds such as zinc sulfide behave some- 
what like germanium, but have higher intrinsic 
thrcsbcdd energies, of the order of 7 ev. The pho- 
toelectric yields are comparatively low, as for ger- 
manium. Extrinsic proces.ses such as direct ejec- 
tion ol electrons from chemical impuiities (or 
defects) are sometimes detectable, but are usually 
weak. 

Ceitain complex photoemitters are made by let- 
ting cesium react with silver oxide to form cesium 
oxide and silver. They are valuable because they 
have threshold energies below 1 ev, and thus they 
are sensitive in the infrared. The photoelectrons 
apjiear to be directly ejected either from cesium 
adsorbed on the oxide surface or from discrete en- 
ergy levels in the cesium oxide. The yields are 
about electron per incident photon. Intrinsic 
emission from ce.siiim oxide (wdth yields above 
0.01) occurs for photon energies above the intrin- 
' sic threshold at about 4 ev. I l.a.] 

Bibliography: W. Shockley (ed.). Imperfections 
Pd early Perfect Crystals^ 1952; A. Sommer, Pho- 
toelectric Tubes, 2d ed., 1951; A. Van der Ziel, 
^olid State Physical Electronics, 1957 ; V. K. 
Zworykin and E. G. Ramberg, Photoelectricity and 
I Application, 1949. 

' Photoflash lamp 

I A combustion lamp that burns with a burst of 
^igb-intensity light, of short time duration and with 
definitely regulated time characteristics. The illus- 
tration shows the lumen-time characteristics of 
typical lamps. 

photoflash lamp has a glass bulb filled with 
i tf*ely shredded aluminum foil in an atmosphere of 
^^ygen. The foil is ignited by a low-voltage dry 
^^11- The color temperatures in the various types 
from 3800 to 6000°K. To protect against 
^rsiing, the outside and inside of the lamp has a 
^ asiic coating. Photoflash lamps are used for tak- 



Lumen-time curves of some photoflash lamps. 

ing ordinary photographs under poor ambient-light 
conditions, for high-speed photographs requiring 
fast shutter speed and high-intensity light, and for 
photographs requiring special lighting. See Pho- 
TOCRAPHY. [ J.O.K.] 

Photogrammetry 

The practice of obtaining surveys by means of 
photography. Photographs may be taken bn the 
ground or from an airplane. See Si JRV frying. 

Ground phoU^graphs normally are taken with the 
camera horizontal. Where position, orientation, and 
elevation of the ca?n<3ra and elevations of objects 
to he mapped are known, mapping can be per- 
formed with single photographs by reversing the 
procedure for constructing two-point perspective 



Fig. 1. Steraoplotting ^ififttrummt. (Aafo Sarvka Corp.) 
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Fig. 2. Plotting table. (Lockwood, Kessler and Bart- 
lett, Inc-) 

drawings. Elevations of objects need not be meas- 
ured where two photographs are taken from known 
points. Positions are plotted from graphic or ana- 
lytic solutions of line-of-sight intersection prob- 
lems. 

Aerial photographs commonly are taken with the 
camera center vertical. Adjacent photos, taken at 
a prescribed altitude above a reference plane, are 
overlapped. The two images of the same terrain 
then can be viewed by using a stereoscopic tech- 
nique so that one image is seen with one eye and 
the other image is seen superimposed with the 
other eye. 

Although analytical methods exist for fixing the 
points measured on a stereoscopic image, direct 
mechanical solution of the problem is available. 
In one widely used procedure, glass positives of the 
two photos are placed in the projectors of a stereo- 
plotting instrument (Fig. 1). With the aid of iden- 
tifiable position and elevation points (from ground 
surveys) the photos are oriented to the relative 
positions they had at the instants of exposure. 
Projections are aimed with the aid of space bars 
at a plotting-table top (white disk. Fig. 2), which 
can be raised or lowered. The image is in precise 
focus at the center of the disk only when the disk 
is at the correct scalar elevation for a given hori- 
zontal position. The center of the disk is indicated 
by a small spot of light called the floating dot. To 
trace a contour the operator sets its elevation on a 
dial integral with the table; he moves the table 
laterally until the elevation’s focus is encountered 
by the floating dot, lowers the plotting pencil and 
follows the contour by keeping the image in focus 
at the floating dot. With special equipment, table 
movements can be recorded for electronic com- 
puter applications. [r- h. dodds] 


Photographic materials 

The common sensitive materials of photography-- 
plates, film, and papers. They consist of a support 
of glass, plastic sheet, or paper, respectively 
coated with an emulsion, which in the usual in- 
stance is a suspension of silver halide crystals in 
gelatin and which provides the light-sensitive layer 
in which the picture will be formed. 

Supports. The glass supports for plates are se- 
lected for optical clarity and flatness, and the thick- 
ness increases with the size of the plate, ranging 
usually from about %(> to % in. Film support, (nr 
many years mo^y of flammable cellulose nitrate 
sheet, is now almost exclusively of the safely va- 
riety, consisting of a thin, flexible, transparent, 
optically uniform sheet of slow-burning material- 
cellulose acetate, and cellulose acetate propionate 
When improved dimensional stability is required, 
film support consists of a variety of polymeric ma 
terials such as Vinylite, polystyrene, polyrar])o 
nate, and polyesters, particularly those related to 
substances derived from esters of terephthalic arid 
and ethylene glycol. Plasticizers are added to givp 
flexibility in the case of the cellulose ester sup 
ports. Film support usually ranges from 0.00.32r) 
0.009 in. in thickness and is ma(le in conliniioii- 
rolls up to 60 in. wide and usually cut to ahoiii 
2000 ft. Photographi<; paper is made from rag stork 
or^ostly from wood pulp specially prepared t(^ h 
free of chemical impurities, and has high uef 
strength. It is usually coaled with a suspension of 
baryta (barium sulfate) in gelatin for high refleri 
ance and may be calendered for high gloss. 

Before the emulsion is coated on the support, in 
the case of plates and film, a “sub” or sub-stralmri 
is applied to ensure good adhesion of the gelatin 
layer (Fig. 1). In general, no sub is used with pa 
per, although it might be needed in special cases, 
such as in water-repellent paper. 

Emulsions. The emulsion consists basically of a 
suspension of silver halide crystals in gelatin, pre- 
pared by adding a solution of silver nitrate to a 
solution of halides in gelatin. The silver salts used 
in emulsions are the chlorides, bromides, and io- 
dides. During manufacture, the emulsion is “rip 
ened” and chemicals are added to control speed, 
image tune, contrast, and fog; to harden tbf 

gelatin overcoat 
seniitive emulwof 

substratum 


film support 


•ed antlhaM*® 
backing 

Fig. 1. Diagrammatic cross section of film. 



trelatin; to assist in uniformity of coating; and to 
make the emulsion sensitive to desired wavelengths. 

After being coated on the support, the emulsion 
is chilled to “set,” and dried to a specific moisture 
'ontent. Many films and some plates receive more 
han one coating, with individual layers being as 
hin as 0.0002 in. Most x-ray films are coated on 
both sides, some black-and-white films are double- 
boated on one side, and some color films have more 
han six coalings. Nonsensitized coatings may be 
applied over the surface of the emulsion to prolec^t 
igainst abrasion during handling; roll film may 
\a\e a gelatin coating on the back to reduce the 
endency to curl by counteracting the effect of the 
gelatin emulsion on the front; and materials for 
iiaking negatives usually have an antihalation coat- 
ing on the back. Photographic paper emulsions are 
jcnfually coated thinner than film emulsions and 
are more highly hardened. 

Spectral sensitivity. The silver halides are nor- 
riallv sensitive only to the ultraviolet, violet, and 
l)Iiip ])iit they can be made sensitive to longer wave- 
englhs by adding to the emulsion special dyes, 
now usually of the carbocyanine and rnerocyanine 
■lass. This is known as optical sensitizing. Tn order 
to he able to reproduce tone values as seen by the 
i‘vo. emulsions must respond to wavelengths to 
vvhirh the eye is .sensitive, that is, approximately 
lOOO 7000 A. or from violet to red. 

Nonsensitized emulsions are known as blue-sensi- 
ive, color-blind, or ordinary. Emulsions which have 
lieeii treated with dyes to extend the sensitivity 
hrough the green are known as orthochromatic, 
nnd when the sensitivity is extended through the 
red they are known as panchromatic. On ordinary 
eijuilsions, blues are reproduced light and green- 
and reds dark. Orthochromatic emulsions repro 
[luce blues and greens as light and reds as dark, 
uid they are used extensively in portraiture, com- 
[nercial and industrial photography, and in the 
graphic arts. Panchromatic emulsions give reason- 
ably good reproduction in black and white of the 
tone values of colored subjects and are particularly 
useiul with incandescent light sources. The far- 
thest extension of sensitizing by dyes is to about 
11,000 A, which is in the near infrared region. Ul- 
traviolet sensitivity limited by the strong opti- 
['al absorption by gelatin below 2800 A, but emul- 
sions sensitive to much shorter wavelengths are pre- 
pared, with the gelatin greatly reduced. 

Photographic characteristics. Many of the char- 
acteristics of sensitive materials, and the theory -of 
^h«? photographic process, latent image, and sensi- 
tometry, are discussed in another article (see Pho- 
tociuphy). All these characteristics are related 
the combination of the emulsion, developer, and 
exposure. The structure of the developed image 
of great importance for determining the quality 
ih particular the definition or 

^ ability to reproduce fine detail — the most im- 
P<^rtani factors being graininess, resolving power, 
? ^^Pness, and acutance. Graininess, the objective 
a’^pect of granularity, manifests itself as a non- 
; ^^^^^K^neous, grainy appearaiice which may be 
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visible directly and is always visible under magni* 
fication. High-speed emulsions are generally grain- 
ier than slow emulsions, the graininess being de- 
pendent to a large extent on the nature of the 
development and the density of the image. The at- 
tempt is constantly made To increase speed with- 
out obtaining a correspondingly coarser grain. In 
prints, the graininess is higher as the density of 
the negatives from which they are made increases. 

Resolving power, sharpness, and acutance de- 
pend on the turbidity (light scattering) and inher- 
ent contrast of the emulsion. Resolving power gives 
a measure of the ability to record fine detail and is 
usually expressed as the number of lines per milli- 
meter which ran just he separated visually. Resolv- 
ing power values normally range up to about ISO 
lines/mm but may range from less than 50 to over 
1000. They depend on the nature of the emulsion, 
subject contra.st, density, and developer. 

Sharpness refers to the ability of the emulsion 
to show a sharp line of demarcation between areas 
receiving different exposures. Usually such an edge 
is not sharp but graded to an extent depending 
upon the development conditions and the turbidity. 
Sharpness is related to the rale of change of den- 
sity across such a boundary; the objective aspect 
worked out to describe this in terms of numbers is 
known as acutance. 

Photographic products. Thousands of types and 
sizes of plate, film, and paper are available for a 
wide variety of applications. Generally, each field 
of use requires special properties. Amateur, pro- 
fessional, commercial, and industrial products for 
camera use may range from an exposure index of 
less than 10 to over 1000. from very fine grain and 
optimiim sharpness to fairly coarse grain with cor- 
responding loss in definition, and in a wide range 
of contrasts and spectral sensitivity, especially for 
.scientific and industrial photography. Films of ex- 
tremely high contrast and density arc used in 
graphic reproduction in industry and the printing 
trade to give high-contrast line and halftone nega- 
tives. Blue-sensitive emulsions are used for copying 
and making duplicate negatives. Many types of 
x-ray film are made, some coated on both sides and 
for use with or without int^insifying screens. Spe- 
cial multiple coatings are used for color photog- 
raphy. See Photography, color. 

A wide range of photographic papers available 
includes continuous-tone contact and enlarging pa- 
pers in a range of contrasts for professional, ama- 
teur, and photofinishing printing, and a range of 
image tones and tinted paper support is available. 
A variety of papers having a range of speeds and 
contrasts is available for trace recording in oscillo- 
graphs. High-contrast negative and direct positive 
papers are used for photographic reproduction of 
documents and engineering drawings. Papers for 
document reproduction by image-transfer systems 
arc of two forms, (1) solvent transfer, in which the 
developed negative is placed in contact with a ro* 
ceiving sheet to whidh the undeveloped silver hat 
ide is transferred by a solvent and is redpeed to a 
positive silver image, and (^) the aystem 
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Fig. 2. Polaroid-Land camera. (Polaroid Corporation) 


the processed negative is placed in contact with the 
receiving sheet to which the undeveloped emulsion 
is physically transferred and darkened. 

Polaroid-Land camera photography. In this 
technique, the solvent-transfer process is used to 
give direct positive prints in the camera itself. The 
optical system of the camera (Fig. 2) is conven- 
tional and exposes a negative material in the back 
(see Camera), This is wound into contact with a 
separate roll of paper, using pressure rollers which 
burst a “pod” containing a thickened developer- 
silver halide solvent mixture which is spread as a 
thin layer between the two sheets. The negative is 
developed in the exposed sheet, and the undevel- 
oped silver halide is dissolved and transferred to 
the receiving sheet where it is reduced to silver to 
form a positive image. This process is used for ob- 
taining pictures in a minute. It is popular for ama- 
teur photography and has been adapted for press, 
commercial, and real-estate photography, aerial 
photography, reproduction of oathode-ray-tube im- 
ages, and for other purposes where rapid produc- 
tion of a picture is desired. 

Storage of materials. Films and papers may be 
damaged by high temperatures and especially high 
relative humidities. Color films are more seriously 
affected than black-and-white because the emulsion 
layers may be changed to different extents. Protec- 
tion against high relative humidity is provided by 
special packaging, which is kept closed until the 
film is to be used. The package does not provide 
protection against heat. The lower the temperature, 
the better the film keeps, and for storage over 
several months a maximum of 45-“55®F is desirable. 

TW. CLARK] 

Bibliography: See Photography. 

Photography 

The process of forming visible images directly or 
indirectly by the action of light or other forms of 
radiation on sensitive surfaces. In the traditional 
sense photography utiliaes the action of light to 


bring about changes in silver halides which may be 
invisible, necessitating a developer to reveal the im- 
age, or which may be a directly visible darkening 
(print-out). Most photography is of the first kind 
and the function of the developer is to convert the 
exposed silver halide to silver. The bright parts of 
the subject give more exposure than the dark parts 
so that a negative results; that is, the brighter 
parts of the subject correspond to the darker parts 
of the reproduction. A positive, in which the rela- 
tion between light and dark areas corresponds to 
that of the subject, is obtained when a negative is 
printed onto a sheet of similar material so that the 
negative tones ate reversed. In the reversal proc- 
ess, direct production of the positive occurs if the 
developed negative silver is removed chemically and 
the remaining silver halide is then redeveloped: 
direct positive images can also be obtained directh 
by using special materials. 

The common materials of photography consist of 
an emulsion of finely dispersed silver halide erv^ 
tals (chloride, bromide, or iodide, depending on 
the purpose) in gelatin (Fig. 1) coated in a thin 
layer (usually less than Viom) in.) on glass, flexible 
transparent film, or paper (.see Photographic ma- 
terials). The most sensitive materials, used for 
negative-making, consist of silver ffromide contain- 
ing some silver iodide; the slow materials, used 
for prints, are usually of silver chloride; materiah 
of^ntermediate sensitivity are of silver bromide 
silver bromide and chloride. 

After exposure of the emulsion-coated material 
in a camera or other exposing device, such as a 
spectrograph or recording instrument, the sheet 
developed, fixed in a solution which dissolves tlip 
undeveloped silver halide, washed to remove thf* 
soluble .salts, and dried. Printing from the negative 
is done by contact with or optical projection ont^ 
an emulsion-coated film or paper, and the same f-e 
quence of steps is followed as for the negative. 

For about 100 years the results of practical pla> 
tography were almost exclusively in black and 
white, but since the introduction of the Kodachroiae 
process in 1935 a large and increasing percentage 
of photography has been done in color. In coloi 
photography, development is basically the same af 
in black-and-white photography except that the ar 
tion h accompanied by formation of products whid 
react to give dyes in addition to the silver, which i' 
removed (see Photography, color). Other photo 
sensitive systems which are used in photograph' 
utilize diazo compounds, sensitive iron salts, pho 
tosensitive polymeric systems, bichromated col 
loids, bleachable dyes, photosensitive glass, 
electrostatic, electrolytic, and photoconductivity d 
fects. Gelatin is the common medium for the silve 
halide systems, but cellulose nitrate (collodion 
has been used in photomechanical reproductioi 
and polyvinyl acetate, albumen, and other colloid 
have been used. Glass is usually the sui 

port when flatness and rigidity“ai|l!|t]^ii^ Tran 
parent film support is of cellul^lwSp^ate, celh 
lose triacetate, cellulose acetate propionate, PjjJ' 
styrene, polycarbonate, or polyester material. 




Fig. 1. Silver halide grains in a photographic emul- 
sion, highly magnified. 


i) f)nrniiilsi<>n-coatod side ol films and plates fre- 
(liirntlv carries a dyed coating to prevent l>roftdeii- 
iiifi of the image hy halation (light spreading") or 
.1 gelatin coating to counteract curl. 

This article lists the major hranches of phot4>g- 
laphv. with subheadings on infrared idiotography, 
iiltraviolel phologratihy, high-speed })holography, 
stere(js(‘opic photography, document copying, 
(ihotographic phot<»metrv, niudear particle re- 
Muding, microphotography (including microfilm- 
ing); discusses the theory of the pholografihic 

j) rocess, ineluding latent image formation. dt‘velo|> 
incnt. and after process<*s; and treats seiisitonietrv. 
darkroom equipment, and contaet and proje<‘Iion 
|)riiUers (enlargers). For related information, 
stT AkHIAI, l‘HOTOGHAl'fT; ASTRONOMICAL JUrOTOC- 

kmmiy ; Camlra ; CiN lm atocraiuiy ; Lantkrn 
^ iiDF.s; Li:\s, oi*tical; Microradiograpiiy ; Mi- 
ntoscopK, optk.al; Os(:ii.ia)S(;oi*i:, c.a i uodi-.-kay ; 
PllOTOFLASTlCITY ; PtlOTOCR AMMKTRY ; RaDIOGRa* 
I’HY; Sriir.iKRFN photography; Sho('K-wavi: dis- 
play; SpF.C TROGKAPHY ; StROBOSC OPIC PHOTOGRA- 

fuy; Unijfrwatkr photography. 


BRANCHES OF PHOTOGRAPHY 

The main branches of photography are amateur 
; professional, eommereial, edueational, press, seien- 
tili( and teehnieal, and cinemalogratiliy. 

I Amateur photography is the biggest branch and 
\ includes making photographs for record, for 
iinuisement. and for artistic purposes. Profes- 
•dnnal photography is concerned primarily with 
portraiture for commercial purposes. Commercial 
photography is mainly for advertising and indiis- 
Inal illustrative purposes. Educational photogra- 
phy is devoted to teaching and visual education. 
Tress photography is for newspaper and magazine 
illustrations of topical events. 

Photography is one of the most important tools 
scientific and technical fields. It extends the 
^ange of vision, allowing records to be made of 
things which are invisible because they are associ- 
with radiation to which the eye is insensitive 
or because they move too fast, or are too small, or 
^00 far away. Photographs are used as simple rec- 
^hich can be studied at leisure and measured 
:®nd filed for reference or for se^rily. 
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infrared photography. Emulsions can be made 
to respond to radiations out to an upper wavelength 
limit of about 13,000 A using special sensitizing 
dyes. Photographs can thus be made of subjects as* 
sociated with radiation in the near infrared, such 
as spectra, stars, hot objects, and subjects which 
show selective transmission or reflection of near in- 
frared radiation, especially in a manner different 
from visible radiation. Infiared photographs over 
long distances or from high altitudes show im- 
proved clarity of detail because the atmosphere 
may selectively transmit the near infrared and also 
because the contrast of ground objects may he 
higher as a result of their different reflectivities in 
the near infrared. Grass and foliage appear white 
because (‘hlorophyll is transparent to the near in- 
frared. Infrared photography has been used in 
camouflage detection because many green paints 
absorb infrared more strongly than does the foliage 
they may rnaf<‘h visually. It has been used to record 
the distribution of temperature at the surface of 
heated objects, for photography in total darkness 
(the object being illuminated only by infrared), in 
criminology for deciphering altered or deteriorated 
documents and other objects, and for photograph- 
ing textiles whc'ie dark dyes interfere with visual 
examination. It is used in medicine because the .skin 
is somewhat transparent to infrared and the sub- 
cijtaneoiis veins may be revealed for use in diag- 
nosis. Therc^ are many applications in botany, 
paleontology, and technological fields, including 
the grajihic arts. See Infharkd hadfation. 

Ultraviolet photography. This is used in the 
printing field, spectrography, and photomicrogra- 
phy and hy mineralogists, police investigators, 
and examiners of questioned documents, and by 
museums and art galleries. The two methods of 
ultraviolet photography are (1) the fluorescence 
iriethoci. in which the ‘subject is illuminated by ul- 
traviolet and a filter is used on the eaniera to ab- 
.sc«rb the reflected ultraviolet and permit only the 
visible fluorescenc'e to reach the film; and (2) the 
reflected ultraviolet method, in which an ultravio- 
let source is used and the camera is provided with 
a filler which permits only ultraviolet to reach the 
film. Ordinary, orthochrom'afic, and panchromatic 
films are used arc!ording to the purpose, and color 
photography can he done by the fluorescent-light 
method. Sec Ultraviolet radiation. 

High-speed photography. This serves a great 
variety of purposes in technological studies. Mod- 
ern methods may be grouped as follows: 

1. Single-exposure photography. The best 
mechanical shutters will not permit exposures 
.shorter than about Viooo sec, although magnetoop- 
tical shutters, electrooptical shutters called Kerr 
cells (see Kerr effect), and electronic shutters 
have been used for very short exposures. Intense 
light flashes of very short duration are used hi 
shadow photography and stroboscopic photography. 
In other reflected-light methods for single expo- 
sures, a common source is the gaseous-discharge 
lamp used with a normal camera; exposure times 
as short as ^,ooo sec can be obtained. 



140 Phofegrciphy 

2. High-speed series photographs are taken as 
motion pictures, the normal slow-motion cameras 
with intermittent motion giving up to 128 pic- 
tures/sec. For higher speeds (up to 5000/sec or 
more), continuous film movement is used with opti- 
cal compensation lor image movement, such as a 
rotating plane-parallel glass block or rings of 
prisms or lenses. Photographs made at these high 
frequencies, when projected at normal projection 
speeds, slow down the motion to the extent of the 
ratio of the taking and the projection speeds. 

3. Sequences of short-duration photographs can 
he made at close intervals using flash bulbs, gase- 
ous-discharge lamps, and groups of separate cam- 
eras operated in succession. Many special high- 
speed cameras giving high taking rates have been 
devised, including the Bell Laboratories’ ribbon- 
frame camera and the F. E. Tuttle grid camera. 

4. When the subject is self-luminous, of short 
duration, and moving rapidly, such as an explosion, 
a rapid sequence of photographs permits study of 
its development. Methods used include short indi- 
vidual exposures through a rapidly rotating shutter 
onto a stationary or moving film, falling in one 
plane at right angles to the path of the explosion 
or wrapped about a rotating drum. Rapidly rotat- 
ing mirrors can be used in a moving film camera to 
give a series of separate photographs, or the film 
may be still and a single rotating mirror used. Con- 
tinuous-trace photographs on moving film have been 
used to study explosions. High-speed single x-ray 
pictures have been taken by discharging a high 
potential of short duration through the x-ray tube. 

StarMSCOpic photography. This is done to sim- 
ulate 8tereo.scopic vision (see Steheoscopy) . It 
presents to the two eyes individually two aspects of 
the subject made from slightly different viewpoints. 
Relief can be distinguished visually only over mod- 
erate distances, although the appearance of relief 
can be introduced in more distant objects by mak- 
ing photographs at greater distances apart. Stere- 
oscopic photography can be done by using a single 
camera and making two separate photographs one 
after the other from viewpoints separated by the 
interocular or other appropriate distance, by dis- 
placing the lens of a single camera for the two ex- 
posures, or by rotating the object or the camera so 
as to give a pair of exposures on one film. These 
methods can be used only with relatively stationary 
subjects. Most stereoscopic photography is done by 
the simultaneous method in which two photographs 
are made at the same time, using two separate cam- 
eras, a stereoscopic camera (which is essentially 
two cameras in one body with matolied optical sys- 
tems and coupled focusing movements), or single 
cameras using beam splitters to give two photo- 
graphs side by side on the film. 

In aerial photography, the stereoscopic effect is 
achieved by making successive overlapping photo- 
graphs along the line of flight; in terrestrial pho- 
tQgrammetry, photographs are made from each 
end of a selected base line and in stereoscopic ra- 
diography two x-ray photographs are made in rapid 
succession from separate viewpoints. 


Stereoscopic photographs are viewed in equip- 
ment which presents the right-eye image to the 
right eye only and the left-eye image to the left eye 
only. This can be done by separate boxes, each pro- 
vided with a lens ; open-type viewers with a pair of 
shielded lenses, sometimes prismatic ; cabinet view- 
ers, with pairs of optics and devices for changing 
the stereo slides; grids or lenticular elements per- 
mitting each eye to see only its appropriate field; 
anaglyphs, in which two images are printed in ink 
in complementary colors and viewed through spec, 
tacles of similar colors such that each filter extin- 
guishes one image ; and the vectograph print, which 
consists of a reflecting support on which the stere- 
oscopic pairs are plac^ one over the other in plas- 
tic polarizing layers with polarization planes at 
right angles. To view, polarizing spectacles arc 
used, the eyepieces being arranged so that each eye 
sees only the appropriate image. See Vectograph. 

Documant copying. Photography is used for re- 
producing documents of all kinds because (1) er- 
rors are not introduced in the copying process 
(2) it effectively extends the life of perishable rcr 
ords. (3) it offers .security against loss and disas- 
ter by permitting storage of multiple copies, and 
(4) it can provide for retrieving and disseminating 
the information in them rapidly. ^ 

Documents are reproduced to essentially the 
same size as the original by special copying papers 
and apparatus, and in reduced size, usually on film, 
in rediiC|Kig cameras (microfilming). Prints from 
the films, usually 16-, 35-, 70-, and 102-mni, can be 
made by contact onto silver- or diazo-sensitized 
films, sometimes for insertion into window canh. 
or by conventional photographic enlarging or bv 
xerography (an electrostatic process) to give re- 
productions in any scale. 

Paper copies of documents to scale or at moder- 
ate reduction are made by contact printing (print 
ing through or by reflex copying) or in cameras, 
and may be negatives or positives. In the case of 
negative copies (for example. Photostat print.«i) 
optical reversal is used on the camera to give cor- 
rect orientation. In contact printing a laterally re- 
versed negative is usually obtained, from which 
positive prints may be made by printing through. 
Positive copies are obtained directly by using spe- 
cial direct-positive papers. Image transfer proc- 
esses are used to give positive prints on receiving 
sheets by transfer from reflex-printed papers (such 
as Kodak, Verifax, Agfa Copyrapid, Gevaert Geva- 
copy). Systems other than silver halide systems 
make copies by using thermography (Thermofax) 
or electrostatic (xerography. Electrofax) and elec- 
trolytic processes. See Photocopying processes. 

Photographic photometry. The intensity of rs- 
diation, or the spectral distribution of intensity, 
can be measured by photography. The radiation 
whose intensity is to be measured is compared with 
that from a standard source by matching the phot^ 
graphic densities produced by both. T^c method is 
capable of high precision if the charaeterisjtics of 
photographic materials are accurately Jtmdwn mto 
the results are interpreted intelligently. It 1$ tpf*® 



unreliable to attempt to compute energy from 
measurement of a single density. In practice, a sin- 
gle exposure is made to the unknown radiation, 
and an adjacent series of exposures {closely adja- 
cent on the same plate or him) is made to the 
•standard source, the exposure in each step of the 
^e^ie^ being accurately known. The density on the 
developed plate or film for the standard which 
matches that of the unknown is selected and the 
intensity which gave it is also that which gave the 
unknown. The conditions to be fulfilled are strict 
and have been defined by L. A. Jones (1937) and 
(, \{ Harrison (1929) . .See Photomi try. 

Nuclear- particle recording. Charged atomic pai- 
ti( les give records on photographic emulsions, and 
the method of recording provides an important ad- 
)imct to such dele( tors as the ionization chamber, 
the Oiger counter, and the Wilson cloud chamber 
'I he hrst studies were with «-parlicles, which pro- 
duce d track of silver grains in the developed emul- 
sion Piotons were later found lo produce tracks. 
With grains of different spacing. Cosmic rays give 
niulear disintegrations on collision with ihe atoms 
in the emulsion ; starlike patterns result, consisting 
(d hacks made by the particles from the atomic 
TUK lei Tracks of electrons and othei charged par- 
tides < an be recorded on special thick emulsions 
having high silver bromide content, small grains, 
nunimuTTi fog, and appropriate speed. The grains 
are made developable by ionizations within them 
(dused bv impact of the particles. .See Cosmic 
KA^S, PaRIKJF DFTtdOR. 

Microphotography. The process of making pho- 
tographs on u greatly reduced scale is called mi< ro 
phologiapliy. Microfilming is the special technicfiie 
of i opying documents to reduced size on film, iisii- 
dllv 16 and 3.'>-inm film, but 70- and 102-mni 
vvidths are used as well as sheet him I'he nega- 
tives, or contact positive films or paper prints 
made from them, can he read in enlarging reader^. 





2. (a) Dovelopod silvor groins of o photographic 
(b) Of^n0\ groins of silver bolide from 
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or enlargements onto paper may be used to pro- 
vide copies. Special cameras are used, provided 
with magazines to hold 100 ft or more of film and 
sometimes having variable magnification, auto- 
matic focusing, and high-definition lenses. Some 
cameras are in the form of desks into which the 
documents are fed rapidly and photographed and 
moved through the machine automatically. Reduc- 
tions may lange from 8 to 40, but in extreme cases, 
by using lenses and films of exccpljonal definition, 
as in the Minicard system, a reduction of 60 times 
has been used. .Special projection equipment made 
for reading the films may give an enlargement onto 
a table oi a diffusing rear-projection screen, with 
provision for rapidly winding the film and framing 
any desired page. In readei -printers, the image 
viewed on the screen may he used at will to give 
a paper print. 

Films may lie mounted individually in apertures 
in r ards for use in suiting machines. Strips of film 
may he assembled in sheaths in sheet form, or as 
*‘mi< rofu hes” in which a great many separate pic- 
tuies are printed (mto a sheet of film. 

THEORY OF THE PHOTOGRAPHIC PROCESS 

The normal photographic image consists of a 
laige number of small grains of silver. They are the 
end piodiKt of exposure and development from the 
original silver halide crystals of the emulsion, 
which range up to a few microns in size (.sec 
Fig 2) The size and distiihiition of size of the 
crystals are determined by the way the emulsions 
are made; the sizes are closely related to the pho- 
tographic properties. In general, the high-speed 
negative-type emulsions of moderate contrast have 
ciystdls in d wide range of sizes, wheiea^ the emul- 
sions with low speed and high contrast have small 
crystals faiily uniform in size. 

When an emulsion is exposed to light, an invisi- 
ble change i ailed the latent image is produced. 


- % 



which th« Mhwr grains In (e) worn id*v*lgi>*d; lM*l» 
highly magnHNid. 
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The effect of exposure is made visible by develop- 
ment in a chemical reducing solution which con- 
verts to silver the crystals unaffected by the expo- 
sure, leaving unreduced those not affected. The 
darkening (density) is determined by the amount 
of exposure and the extent of development and de- 
pends on the number of silver grains developed in a 
particular area. 

With very high exposures, density may form di- 
rectly without development as a result of direct 
photolysis of the silver halide giving silver. This is 
known as the print-out effect. Its use is confined 
mostly to making proof prints in portraiture and in 
certain direct-trace-recording instruments. 

Development of exposed crystals starts at iso- 
lated points on the surface. These appear to be as- 
sociated with points having special sensitivity, in- 
dicating that the latent image is concentrated at 
specific points. These so-called sensitivity centers 
appear to be associated with specks of silver and 
silver sulfide in the crystal. 

Latent image. The term latent image refers to 
the change occurring in the individual crystals of 
photographic emulsions whereby they become de- 
velopable on exposure to light. Once development 
has been initiated, it continues in an individual 
grain until effectively all the silver halide is con- 
verted to silver. 

The concentration speck theory of S. E. Shep- 
pard, A. P. H. Trivelli, and R. P. Loveland forms 
a basis for modern latent image theory and sug- 
gests that the light energy absorbed by the crystal 
is concentrated in the vicinity of the silver-silver 
sulfide specks, where it liberates silver from the 
silver halide. Most evidence indicates that the la- 
tent image is mostly silver and that the silver speck 
can initiate development of the crystal when it has 
grown to a certain size. The present theory of the 
mechanism of latent image formation suggests that 
on exposure the electrical conductivity of silver 
bromide is increased by electrons becoming avail- 
able. J. H. Webb suggested that these electrons 
could move freely through the crystal and become 
trapped at the sensitivity specks. Also, conductivity 
of silver bromide is caused by movement of silver 
ions. R. W. Gurney and N. F. Mott visualized a 
combination of these two processes to explain the 
formation of the latent image as follows. 

On exposure, the first reaction involves liberation 
of electrons when energy is absorbed by the crys- 
tal. These electrons are able to move freely in the 
crystal until they impinge on the sensitivity specks, 
where they are trapped and |mild up a negative 
charge. This charge attracts the positively charged 
free silver ions which wander to the specks, where 
they are neutralized by the electrons to give neutral 
silver atoms, as a result of which the specks grow 
until they are big enough to act as development 
nuclei. The Gurney-Mott theory is the best basis 
for the explanation of latent image formation at 
the present time. For additional information on the 
Gurney-Mott theory, see Photolysis (photochem- 
istry). See also Photpoconductivity. 

Latent images are formed not only on surfaces 


of the crystals but also in their interiors. In the lat 
ter case the latent image is presumably associated 
with localized structural imperfections in the cry^ 
tals. The internal latent image is frequently formed 
by very-high-intensity exposures of short duration 

Development. Development is of two kinds 
physical and chemical. Both physical and chemica 
developers contain chemical reducing agents, bu 
a physical developer also contains silver com 
pounds in solution (directly added or derived iron 
the silver halide by a solvent in the developer) aiu 
works by depositing silver on the latent image 
Physical development as such is little used, al 
though it usually l^ays some part in chemical de 
velopment. A chemfeal developer contains no silvei 
and is basically a source of reducing agents whiol 
will distinguish between exposed and iinexpoflct 
silver halide and convert the exposed halide to sil 
ver. Developers in general use are compoundec 
from organic reducing compounds, an alkali to giv( 
desired activity, sodium sulfite which acts as a prr 
servative, and potassium bromide or other com 
pounds used as antifoggants ( fog is the term 
to indicate the development of unexposed crystaU 
it is usually desirable to suppress fog). 

Most developing agents used in normal practice 
are phenols or amines, and a classitoil rule whirl 
still applies, although not exclusively, states tlm 
developers must contain at least two hydrow 
groups or two amino groups, or one hydroxyl am 
one ftrnino group attached ortho or para to eacl 
other on a benzene nucleus. Some dcvelopini 
agents do not follow this rule but among the com 
mon developers which do are hydroquinone, mono 
methylparamino-[)henol (Elon. Metol). pyrogallo 
(1,2,3-hvdroxybeiizene) , Amidol ( 2,4-djaminophf 
nol ) , and p-phenylenediamine. In 1%1 Ilford Ltd 
produced another kind of developer, Phenidom 
(l-phenyl-3-pyrazolidone), which can replace i 
great part of Metol in many metol-hydroquinom 
developers. Metol and hydroquinone are frequentl 
used together. 

Alkalies generally used are sodium carbonatf 
sodium hydroxide, and sodium metaborate (Kc 
dalk). Sulfite in a developer acts by lowering tli 
tendency for oxidation by the air. Oxidation prod 
ucts of developers have an iinde$itab]e influence oi 
the course of development and may rasult in stair 

Developing agents and formulas are selected fo 
use with specific emulsions and purposes. Moden 
color photography relies mainly on paraphenylene 
diamine derivatives. So-called fine-grain develop 
ers are made to reduce the apparent graininess o 
negatives. They generally contain the conventiona 
components but are adjusted to low activity an< 
contain a solvent for silver bromide. One fine-graii 
developer is based on p-phenylenediamine, whid 
itself is a silver halide solvent. Some develop 
ers'* are compounded for hardening the gclatii 
where development occurs, the unhardened area 
being washed out to give relief images for photo 
mechanical reproduction and imbibition coIo 
printing. In certain materials, such as the Verifa- 
matrix material, the hardening developing agent i 



included in the emulsion, development being ini- 
tialed by applying an alkali called an activator. 
For special purposes monobaths, consisting of a 
developer containing a fixing agent, are used. 

When an exposed film is developed, there is usu- 
ally a period during which no visible effect ap- 
pears; after this the density increases rapidly at 
first and then more slowly, eventually reaching a 
maximum. In the simplest case, the relation be- 
tween density and development time is 

D = 

in which D is the density attained in time t, D« is 
the maximum developable density, and A; is a con- 
stant called the velocity constant of development. 

After processes. These include fixing, washing, 
drying, reduction, intensification, and toning. 

Fixing. After the image is developed, the un- 
changed halide is removed, usually in water solu- 
tions of sodium or ammonium thiosulfate (known 
respectively as hypo and ammonium hypo). This 
r*"rnoval of unchanged halide is called fixing. Prior 
to fixing, a dilute acid stop bath is often used to 
neutralize the alkali carried over from the devel- 
oper. Alternatively, an acid fixing bath containing 
thiosulfate, sulfite, and acetic acid is commonly 
used, and hardeners may be added to prevent soft- 
ening of the gelatin. The rate of fixing depends 
largely on the concentration of the fixing agent and 
the temperature. In the case of sodium thiosulfate, 
the rate of fixing is most rapid at 20-40% concen- 
tration and at a temperature of 60-75® F. In so- 
called “stabilization” the undeveloped silver salts 
are converted into more or less stable complexes 
and are not washed out. 

Washing. Negatives and prints are washed in wa- 
ter after fixing to remove the soluble silver halide- 
fixing agent complexes, which might render the 
photographs unstable on keeping or might cause 
stain. The rate of removal of the compounds by 
washing is exponential, and is increased by raising 
the temperature and increasing the agitation. The 
rate can be accelerated by neutral salt solutions 
known as hypo clearing aids, thus reducing the 
washing time. Remaining traces of thiosulfate 
niay he removed by chemical treatment which con- 
verts the thiosulfate to sulfate that does not affect 
Ihe image on storage. 

frying. After washing, the materials must be 
<lried, preferably in moving warm air. In the case 
of paper prints, drying is frequently done on 
neated metal drums which may also give gloss to 
prints H they are dried with their emulsion side 
the metal surface. 

Reduction and intensification. Reduction refers 
^'^^hods of decreasing the density of images by 
chemically dissolving part of the silver by using 
oxidizers. According to the composition, oxidizers 
remove equal amounts of silver from all densi- 
ties, or remove silver in proportion to the amount 
|PreBent, or remove more silver from the higher 
ensities than from the lower. 

Intensification reffers to methods for increasing 
density of an image, usually by deposition of 
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silver, mercury, or other compound, the composi- 
tion being selected according to the nature of the 
intensification required. 

Toning. Photographs are normally designed to 
be reasonably neutral in color. By special treat- 
ments known as toning, the color can be modified ; 
for instance, by additions to the developer, by the 
selection of special developers, by toning solutions 
which convert the silver image into such compounds 
as silver sulfide, or by precipitating colored metal- 
lic salts with the silver image. Dye images are ob- 
tained by the methods of color development. 

SENSITOMETRY 

Strictly speaking, sensitometry refers to the 
measurement of the sensitivity or response to light 
of photographic materials, hut in practice it in- 
cludes a variety of other factors which determine 
the properties of the final image. The simplest 
method of determining sensitivity is to give a 
graded series of exposures and to select, the expo- 
sure required to give the lowest visible density. 
Modern sensitometry depends on plotting curves 
showing the relation between the logarithm of the 
exposure E and the density of the silver image in 
relation to the development, spectral quality of the 
light source, and other factors. Density D is defined 
as the logarithm of the opacity O, which is in turn 
defined as the reciprocal of the transparency T. If 
light of intensity / falls on a negative, and intensity 
r is transmitted, 

T = /'// O - 1/T = ///' D « log ///' 

The relationship between density and the loga- 
rithm of exposure is shown by the Hiirter and 
Driffield characteristic curve, which has three 
fairly well defined proportions, the greater part of 
which in most cases approximates the straight line 
^ to C in Fig. 3. In this region the exposures are 
directly proportional to the brightness values in 
the subject. In the lower and upper portions of the 
curve this proportionality does not apply; these 
portions are the underexposure region (A-B) and 
the overexposure region {C-D), respectively. 

The characteristic curve is used to determine 
the sensitivity or speed of a material, the con- 
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trastt the exposure latitude, and the tone reprodj;c- 
tion. It is obtained under controlled conditions 
using a light source of known intensity and spec- 
tral characteristics, a modulator which gives a se- 
ries of graded exposures of known values, develop- 
ment under precise conditions, and an accurate 
means of measuring the densities. 

The internationally adopted light source is a 
tungsten-filament electric lamp operated at a 
color temperature of 2360®K (that is, 2360® K is 
the temperature of a black body whose radiation 
has the same energy disirihution as that from the 
tungsten surface), combined with a filter to give 
spectral quality approximating that of mean noon 
sunlight in Washington, D.C., namely, 5400®K. 
(The color temperature of the sun as filtered by the 
atmosphere when the sun is on the meridian at the 
latitude of Washington, D.C.. is 5400®K: see 
COLOn TEMPFKATtlRF; HkAT RADIATION.) The light 
source and exposure modulator are combined in a 
sensitometer, which gives a series of exposures in- 
creasing stepwise or in a continuous manner. Sen- 
sitometers are either intensity-scale or time-scale 
instruments, depending on whether the steps of ex- 
posure are made at a constant time and varying in- 
tensity or at constant intensity and varying time. 
The exposure may also be intermittent, that is, a 
series of short times adding up to the desired total 
time. Continuous exposures are preferred to avoid 
the intermittency effect. (Below certain critical 
high frequencies the photographic material does 
not add up separate short exposures arithmeti- 
cally.) The best sensitometers are of the continu- 
ous-exposure intensity-sscale variety, and the expo- 
sure time used should approximate that which 
would be given the material in practice. 

Development is carried out in a specified for- 
mula or in the developer recommended for use with 
the material under test for the desired time or se- 
ries of times at a standard temperature of 68° or 
75°F and with agitation which will ensure uniform 
development and reproducibility. 

Densitometers. Photographic density is meas- 
ured in a densitometer. Early densitometers were 
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Fig. 5. Gamma vei^us time of development curve. 

based on visual photometers. Usually two btiam^ 
are taken from a standard light source and bronplii 
together in a photometer head, one beam pa^sinp 
through the density to be measured and the otliei 
through a device for modulating the intensity 
that the two fields can be matched. Visual insiru 
menls are still used, hut largely as primary r«f 
erence standards. Most densitomelers today arr 
the photoelectric type, the intensity-modulating de- 
vice usually being a standard density which ha*- 
been calibrated on another instnimeigt, or variable 
apertures. 

The simplest photoelectric transmission den- 
sitometers are of the deflection type consisting of a 
lighl/soiirce, a barrier-lay.er cell, and a microani 
meter, the density being obtained from the relalhf 
meter deflections with and without the sample in 
place. Other photographic densitometers enlpIo^ 
the null system, in which the current resulting Jroni 
the transmission of the test sample is balanced li\ 
an equivalent current derived from another plio- 
tocell or from the same cell illuminated by the light 
beam through a calibrated modulator in alterna 
tion with the light beam from the sample. The 
trend in practice is to use another null method in 
which the modulator is placed in the same beam 
the lest sample and so controlled that the total 
transmittance of the sample and the modulator 1*5 
kept constant by balancing against a constant coin* 
parison beam. Many densitometers are equippf^tl 
with devices for automatically plotting the charac* 
teristic curves. The densitometry of colored images^ 
presents special problems and reference should be 
made to the publications of C. E. K. Mees, and 
R. M. Evans, W. T. Hanson, Jr., and W. L. Brewer 
listed in the bibliography. 

When light passes through a negative, some i*? 
specularly transmitted and some is scattered. If 
the transmitted light is used in densitometry, the 
result is called the diffuse density. If only the light 
passing directly through is measured, the density 
is called specular. The diffuse density is higher and 
is related to specular density by a relationship 
known as Callier’s Q factor. 

In the case of paper prints, the. density is meas- 
ured by reflection. The reflection density i8 Db ^ 
log (1/R) where /t is the ratio of ligirt redacted by 
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Fig. 6. Derivation of speed according to the 1960 
American Standard Method. 

tk* paper to that of the image on it. 

H the straight line of the characteristic curve 
J^C is extended to meet the exposure axis at i 
(railed the inertia) on Fig. 3, the angle a is used 
to express contrast. 

The tangent of that is, the slope of the line 
BC, is known as y. As the time of development in- 
creases, the slope of the curve increases, eventually 
reaching a maximum (Figs. 4 and 5). The projec- 
tion of the straight line BC of Fig. 3 onto the expti- 
•^ure axis at be is the latitude, and the distance ad 
represents the total scale, that is, the whole expo- 
sure range in which brightness differences in the 
subject can be represented. 

Speed. The sensitivity or si)eed of a material is 
derived from the characteristic curve. The earlier 
Hurter and Driffield (H. and D.) speeds were ob- 
tained hy dividing 34 by the exposure eorrespond- 
hig lo the inertia. Some methods (Eder-Ilecht, 
Sclieirier) were based on the exposure reiiuired lo 
gi\c a density which was just perceptible. The idea 
was developed by R. Luther and later hy L. A. Jones 
lhat speed systems .should be based on a gradient 
in the toe of the curve, and specifically by Jones 
on the least exposure lo give negatives from which 
prints of excellent quality could be made. British 
and American standard speeds were based on the 
^'xpo.sure E in the toe of the curve where the gra- 
dient is 0.3 of the average gradient over a log ex- 
posure range of l.S. The relationship between 
^peed S and exposure E is S = 1/E, To deter- 
mine camera settings for pictorial photography, 
exposure indexes, which were equal to I/4F, were 
instead of speed. 

A safety factor was incorporated in the exposure 
mdex for black-and-white negative materials, and 
^hen these ratings were used with most exposure 
deters a factor of 2% was effective. It was later 
realized that in practice the extra high exposure 
resulting from these indexes could be a disadvan- 
tage, and strong arguments were made to reduce or 
e »minate the safety factor. It was also found that 
^ n density-above-fog criterion could correlate 
^«ll with fractional gradient speed if development 
to a fixed avei^age gradient. 
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In 1960 a revised American standard was issued, 
and the method for determining speed according to 
it is shown in Fig. 6. Point M is at a density of 
0.10 above fog-plus-base density. Point N lies 1.3 
log E units from M in the direction of greater ex- 
posure. Developing time in the standard developer 
must be chosen so that N lies at a density 0.8 
above the density at M, Then, the exposure Em 
(in incs) corresponding to M represents the pa- 
rameter from which ASA speed is computed. S » 

Characteristics of printing papers are deter- 
mined on the same general lines as negative mate- 
rials, important factors being exposure scale, den- 
sity scale, and useful maximum density and speed, 
the latter being based on a gradient in the shoulder 
of the curve. 

The density resulting from an exposure is usu- 
ally not independent of the absolute values of in- 
tensity and time, an effect known as failure of the 
reciprocity law. 

Tone reproduction. This refers to the relation 
between the luminance and luminance differences 
in the subject and the density and density differ- 
ences in the photograph. It has objective and sub- 
jective aspects and has been thoroughly worked 
oul. Reference should he made to the work of L. A. 
Jones and C. E. K. Mees in the bibliography, 

PHOTOGRAPHIC APPARATUS 

The camera is the basic instrument of photog- 
raphy, and is discussed separately (see Camera). 
Other important apparatus of photography in- 
rludes the means for lighting the .subject, equip- 
ment for printing hy contact or projection and for 
viewing transparencies, devices for handling films, 
plates, and paper in the various stages of process- 
ing, and means foi viewing, storing, and retriev- 
ing photographs. 

Darkroom equipment. The darkroom may range 
from total darkness to room light with safelights 
colored according to the materials handled. When 
loading and unloading of film and plates in holders 
or cameras and processing of films, plates, and 
papers must be done in the open, these operations 
are done in the darkroom. .Basic equipment con- 
sists of safelights, which are lamp houses with 
filters to illuminate the room with light of a color 
which will not fog the sensitive material in a rea- 
sonable time and which give maximum visibility 
consistent with this safety; benches and sinks with 
running water and drains; tanks and hangers for 
processing plates and sheet films vertically; tanks 
for roll films which are usually cylindrical and 
light-tight and contain a reel onto which the film 
is wound in a spiral with spaced convolutions to 
permit access of the solutions; spiral reels onto 
which film can be wound for processing in a tank 
or tray; fiat trays for sheet film, plates, and paper 
sheets and occasionally short roll-films; tter* 
mometers for determining temperatures of so* 
lutions or mixing valves to give water of desired 
temperature for controlling solti^s in tatdcsl 
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Bpecial multiple tank units for color photography; 
tanks, trays, or special washers for washing nega- 
tives and prints; dryers, ranging from simple clips 
for hanging negatives in the open air to cabinets 
having forced warm air, special dryers for prints 
including simple blotting-paper sheets, and heated 
flat, drum, or belt dryers including some which fer- 
rotype (that is, gloss) the prints by drying them in 
contact with a polished surface; clocks and preset 
timers; printers and enlargers; print trimmers; 
and for specialized work, densitometers, printing 
exposure meters, and focusing devices. 

For professional processing of negatives and 
printing and processing of prints on a large scale, 
(for example, in the photoflnishing industry), con- 
tinuous film and roll-paper-processing machines and 
automatic or semiautomatic printers for contact 
printing or enlarging onto sheets or rolls of paper 
are used. Continuous machines are made for proc- 
essing x-ray negatives in sheet form on a large 
scale, and many continuous-processing machines 
have been designed for special purposes, such as 
aerial photography, microfilming, scientific record- 
ing, and motion-picture film. 

Contact and projection printers. Negatives pro- 
vide the primary records of photography in the 
black-and-white field and to an increasing extent 
in color, and in many cases, such as the document 
reproduction field, they may be more useful than 
the positives. In general, however, positive prints 
are required, and such prints are made from nega- 
tives in contact printers and projection printers 
(or enlargers). 

Contact printers. These are boxes containing 
lamps, a glass top on which a negative is placed, 
over which and in contact with which is put a sheet 
of printing paper and a lid or platen which is pro- 
vided with springs, air bellows, felt, spongy mate- 
rial, or other means of applying uniform pressure 
to press the negative and paper into good contact. 
Vacuum or air pressure may also be used to provide 
contact. Contact printers print on single sheets or 
rolls of paper from single negatives or rolls of neg- 
atives. Exposure timers and photoelectric cells for 
automatically controlling the exposure may be in- 
corporated. Positive film transparencies may be 
printed from negatives, particularly lantern slides 
and motion-picture film in long rolls. 

Reflex printing is done by contact, by exposing 
through the base side of the photographic paper, 
the sensitive side of which is in contact with the 
original document. In bireflex printing the ex- 
posure is also made through the sensitized paper, 
but its base side is in contact witk the document, 
the base being translucent. In contact printers for 
thermographic processes the reflex principle is 
used, the source of radiation in the printer being 
mainly heat. 

Projection printers {enlargers). These are opti- 
cal projectors consisting of a lamp house and light 
source, a holder for a negative, a condenser or dif* 
fusing sheet, a projection lens designed to give op- 
timum quality at relatively low magnifications. 


means for focusing for the desired magnification, 
sometimes automatically coupled to ensure good 
focus at all magnifications (autofocus enlargers), 
a support for the optical components, and a board 
or easel to carry the sensitive paper. Timers, man- 
ually or photocell operated, may be incorporated 
to control exposure time. Projection printers may 
expose individual paper sheets or rolls of paper 
from single negatives or rolls of negatives. 

In some printers (for example, LogEtronics print- 
ers) the negative is scanned by a spot of light 
which at the same time exposes the printing paper, 
the exposure at any point being controlled by the 
response of a photo-cell to the scanning beam. 

' fw. CLARK] 
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Photography, color 

A large proportion of photography is done in color. 
The camera exposure may result in black-and-white 
.separation negatives, a positive color transparency, 
or a negative color transparency ; any of these may 
be used to produce prints on film or paper or 
other white support by a variety of color printing 
processes. See Photographic materials; Pho- 
tography. 

The two basic processes of color photogra- 
phy are the additive and subtractive systems. Since 
1935 the subtractive processes have been used al- 
most exclusively. The first step in both cases is to 
make photographs q{ the subject by its blue, green, 
and red components (hence the expression three- 
color photography), dividing the spectrum 
three roughly equal parts of color filters 

or selective spectral aensiti^a4M^t>f adjacent enauh 



layers. Two-color processes are used to a 
limited extent, dividing the color into two compo- 
nents, blue-green and orange, but the color render- 
ing i^* greatly inferior to that of the three-color 

Additive processes. In these, the colors are pro- 
duced by adding blue, green, and red in the 
amounts present in the original subject. There are 
three main systems: triple projection or viewing, 
the screen-unit system, and the lenticular film proc- 
ess. In the first, three negatives are made in suc- 
cession in a single camera, or simultaneously in a 
one-shot camera, or on a tripack, using panchro- 
matic film (film sensitive to light of all colors), 
and black-and-white positive transparencies made 
fr(»m these are projected or viewed directly in su- 
perposition, each positive being illuminated by t|ie 
<*olor by which its negative was made. This method 

now little used. 

Tn the screen-unit process, typified by the Lu- 
iniere Aiilochronie plate and Diifaycolor film, the 
plate or film is covered with a layer of minute blue, 
jrreen, and red elements, over which a panchro- 
matic emulsion is coated. Exposure through the 
(olored elements (screen units) and development 
hv the reversal process gives a positive black-and- 
while image broken uiJ into elements correspond- 
ing to the screen units and of density deleriiiined 
l»v tfie color of the original. Direct viewing of the 
I’omhination gives a color repr<iduclion. 

The lenticular film process (Rerthon, Keller- 
Dorian, Eastman Kodak’s early Kodacolor proc- 
used a film embossed on the back with minute 
lenses, which in the camera faced the lens, which 
‘•allied a three-color banded filler. Development was 
hv reversal and the fihotograph was broken up into 
minute elements each of which was an image of the 
filler, and of density corresponding to the color of 
the subject at that point. Projection through a sim- 
ilar handed filter gave a color reproduction. The 
lenticular system has been used for monitoring 
color television. 

Subtractive processes. In these tecfinitiucs, 
the subject is photographed by blue, green, and red 
light, but from the negatives, positives are made in 
dyes or pigments in colors complementary to those 
by which the corresponding negatives were made, in 
this rase respectively yellow, magenta, and cyan, 
the three colored positives are viewed in super- 
position on transparent film or while paper. The 
three separation negatives are made in the ways 
inentioned for additive processes or as monopacks 
integral tripacks in which they are not sepa- 
rated but converted directly into multilayer color 

photographs. 

The monopacks provide, the basis for most color 
photography. Essentially they consist of three 
emulsions coated one above another and sensitive 
respectively to blue, green, and red light, the blue- 
sensitive layer being on top with a yellow filter 

®yer between it and the green-sensitive layer to 
prevent penetration of blue light to the lower lay- 
ers. The three color images in the separate layers 
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Cross section of Kodochrome film. 


are formed by using developers which give oxida- 
tion products which combine (couple) with dye- 
forming components (couplers) in the developer or 
the emulsions, the couplers being chosen to give a 
yellow dye in the blue-sensitive layer, magenta dye 
in the green, and cyan dye in the red. 

In Kodachrome film, the first successful mono- 
pack (193r)) used for making iiosilive color trans- 
parencies on film, the exposed film is developed to 
give a black-and-white negative in each layer. It is 
then exposed through the base to red light, which 
extioses the undeveloped silver halide in the red-sen- 
sitive bottom layer; development in a developer 
containing a cyan coupler gives a cyan positive 
image. Exposure to blue light from the front and 
development with a yellow coupler present gives a 
yellow dye positive in the top layer. The middle 
layer is made developable to give a magenta dye 
image, the silver in all three layers is bleached out, 
and a three-color transparency remains. 

In the other monopack method of making posi- 
tive color transparencies, the dye-forming couplers 
are incorporated in the emulsions, thus permitting 
simultaneous production of the three dye images in 
a single development step. In one form the couplers 
are attached to heavy molecules which prevent them 
from diffu.sing, so that each dye is formed in its 
appropriate layer. Tn the other f(»rm the couplers 
are made stationary by dissolving them in oily liq- 
uids which are finely dispersed in the emulsions. 
In both processes, to obtain positive color trans- 
parencies, a first development gives black-and-white 
negatives in all three layers, color development 
gives color po.silives from the residual silver halide 
in the layer.s, and bleaching the silver from all 
layers leaves a color transparency. 

Negative color films (Kodacolor, Ektacolor, Ag- 
facolor Negative, Cevacolor) arc obtained from 
monopacks similar to those described but devel- 
oped directly in a color developer, followed by 
bleaching the silver, the result being a color trans- 
parency in complementary colors. In the case of 
Kodacolor and Ektacolor negative films, the cou- 
plers used are actually colored red and yellow 
(apart from the developed color) and these colors 
are destroyed in proportion to the amount of dye 
image developed, so that the negative dye image 
is associated with a positive image in red and yel- 
low. This colc^ed mask offsets lack of purity of the 
negative dyes and gives prints of improved colon; 
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Color printing processes. All satisfactory color 
printing processes on paper or other reflecting sup- 
port are subtractive. The pictures are formed by 
combining three positive dye or pigment images in 
yellow, magenta, and cyan. Chemical-toning, dye- 
mordanting, pigmented bichromated gelatin or sil- 
ver halide-gelatin, and dye-bleaching processes 
have been used commercially. The imbibition proc- 
ess (Kodak Dye Transfer) is used for professional 
prints, three gelatin relief images (matrices) be- 
ing made from the separation negatives, dyed in 
their respective color, and the dyes transferred in 
succession by contact to gelatin-coated paper. 

Most color prints are made by coupler develop- 
ment using the monopack-type materials described 
for films, but on paper or white-pigmented cellu- 
lose acetate support. Color prints may be made 
by reversal processing to give prints from posi- 
tive transparencies, or by the negative-positive 
process to give prints from color negatives, fol- 
lowing essentially the techniques used with incor- 
porated coupler films. 

Dye-bleach processes have been proposed for 
many years, but in 1964 CIBA introduced Cilchrome 
commercially. In the dye-bleach processes dyes are 
incorporated in the emulsion layers and destroyed 
selectively by bleaching in presence of the nega- 
tive silver image. 

The Polaroid-Land Color Film, Polacolor, placed 
on the market in 1963, is a multilayer diffusion 
transfer system. The principle uses preformed dyes 
linked to developer molecules in the coatings. These 
combined molecules can wander by diffusion to a 
receiving sheet to form a picture, in the presence 
of alkali provided by a rupturable pod. Where 
development of the silver negative occurs, diffusion 
of the dyes is prevented, and a transferred posi- 
tive color picture results. 

Color motion pictures. Additive processes have 
been used for color motion pictures, one of which, 
the lenticular process, provided the first amateur 
16-mm motion pictures. 

Practically all color motion pictures are made 
by the subtractive processes, although chemical 
toning and dye toning were used earlier to some ex- 
tent to give the colored images from color-separa- 
tion negatives. The Technicolor process u.ses dye 
imbibition, the separation negatives being made in 
a beam-splitting camera. More modern processes 
use monopack films giving direct positives which 
may be printed onto a similar type of film to give 
duplicate positives, direct positives from which 
separation negatives are made for printing by dye 
imbibition, or in most cases, colo/’negatives printed 
onto color print film, all using the incorporated 
coupler system. 5ec Color; Filter, color. 

[W. CLARK] 
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Phototuminescence 

A luminescence excited in a body by some form of 
electromagnetic radiation incident on the body. The 
term photoluminesccnce is generally limited to 
cases where the incident radiation is in the ultra- 
violet, visible, or infrared regions of the electro- 
magnetic spectrum; luminescences excited by x- 
rays or y-rays are generally characterized by spe- 
cial names. The graph of luminous efficiency per 
unit energy of the exciting light absorbed versus 
the frequency of the exciting light is called the 
excitation spectrum. The excitation spectrum is de- 
termined by the absorption spectrum of the lumi- 
nescent body, which it often closely resembles, and 
by the efficiency with which the absorbed energy 
transformed into luminescence. 

Photoluminescence may he either a fluorescence 
or a phosphorescence, or both. Energy ran he 
stored in certain phosphors by subjecting them to 
light or some other exciting agent, and can be le- 
leased by subsequent illumination of the phosphoi 
with light of certain wavelengths. This type of 
photoluminescence is called stimulated photoliiini- 
nescence. In contrast to normal photoliiminescencp. 
which is constant in intensity as long as the in- 
tensity of the exciting light does not^vary, stimu- 
lated photoluminescence decreases in intensitv 
the stored energy is released. See LuMiNEScKNn 
[c. c. klick; j. h. s(:hulm\tn1 

Photolysis (photochemistry) 

Chemical decomposition by the action of radiant 
electromagnetic energy, especially light. Pht)lol\- 
sis occurs in certain crystals, notably the silver hal- 
ides, when they are exposed to radiation. Here tlic 
effect of radiation is to produce a definite chemkal 
change resulting in the separation of photolytir sil- 
ver. Photolysis of the silver halides is discussed in 
this article because of the extensive investigation- 
that have been carried out on these materials and 
because of their importance in the photographic 
process. Actually, photolysis occurs in many other 
materials, such as zinc oxide, the metallic azide? 
and to a lesser extent in oxalates, styphnates, and 
fulminates. 

A photographic emulsion consists of microcrys- 
talline grains of silver bromide (AgBr) or silver 
chloride (AgCl) imbedded in gelatin. l)pon pr<^- 
longed exposure to light, so-called print-out 
specks of silver form within and on the surface of 
the grains. Shorter exposures produce a latent 
image which can be made visible by the process of 
development. Experiments have shown that the la- 
tent image is probably an early form of the print- 
out silver which results after long exposure. 

Gumay-Matt theory. This theory of the photo- 
graphic process proposes a two-stage mechanism 
as shown in Fig. 1. In the first stage a light quan* 
turn is absorbed at a point within the silver hali<*® 
grain, releasing a mobile electron -and a positive 
hole. These mobile defecti^*' diffuse ,to 
sights {sensitivity centers) within the ot 
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Mg 1 Schematic representation of the Gurney-Mott 
heory Dotted line shows the path of a photoelectron 
vmch IS eventually trapped in the vicinity of a silver 
.peek V The interstitial silver ion B has come up to 
neutralize the charge of the electron and thus to add 
0 the silver speck (After J R Haynes and W Shock- 
'ey) 



'9* 2. Electronmicrogroph of a eilvar hotide amulslon 
Sj'oin exposed to rapatitiva pulsas of light and to an 
®©ctric field E, Cloud In the galatin Is thought to 
® due to escape of bromine from the groin, as If 
Positive holes vir#re dispbead to the left by the electric 
® (After J, HtkmUton and L Brody) 
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on the surface of the grain. In the second stage, 
the trapped (negatively charged) electron is neu- 
tralized by an interstitial (positively charged) sil- 
ver ion, which combines with the electron to form 
a silver atom. The silver atom at the sensitivity cen- 
ter is capable of trapping a second electron, after 
which the process repeats itself, causing the silver 
speck to grow. It is assumed that the positive holes 
diffuse to the surface without recombining with 
electrons; at the surface they escape or react with 
the gelatin. 

Criticism of the early Gurney-Mott theory as re- 
gards electron-hole recombination, the low density 
of interstitial ions, and the role of sensitizers has 
been given bv N. F. Mott and J. W. Mitchell. How- 
ever, the essential idea of an electronic process 
linking the initial absorption of light quanta with 
the formation of the image speck is well founded. 
Figure 2 shows an electronmicrograph of an emul- 
sion grain after exposure to repetitive pulses of 



Fig. 3. Curve 1 shows the volume darkening produced 
at room temperature in a 0.37-cm thick AgCI crystal 
by absorption of 4.2 X 10’® photons/cm^ at 416 mp,. 
Upon continued exposure, this darkening proceeds with 
high efficiency to a level which depends upon impurity 
content Illumination within the band itself, however, 
produces bleaching, as shown by curves 2 and 3. Op- 
tical density is equal to logjo /o /// where /q is the In- 
tensity of incident light and / is the intensity of trans- 
mitted light. (After P. C. Brown and N. Wainfan) 

light and to an electric field. The print-out silver 
specks occur on one side because of the action df 
the electric field, and there is experimental evidence 
for positive-hole migration in the opposite direction. 
Formation of the latent image in a fast emulsion 
containing sensitizers is highly compli<cated and is 
thought to involve the role of such structural imper- 
fections as dislocations and jogs on dislocations. 
For additional information on latent image fornaa- 
tion, see Photography. 

Large crystals. The photolysis of large crystala 
of the silver halides has been studied in consider- 
able detail. When interpreting the resulto on sipgie 
crystals, it becomes necessary to distinguisfa W 
tween darkening produced by li^l in the volmne 
of the crystal and darkening pifodnced near ftd 
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surface. A pure crystal of AgCl will not darken 
appreciably upon exposure to light absorbed be- 
low the surface. On the other hand, crystals which 
contain small traces of impurity, particularly cop- 
per in the monovalent state, darken with high effi- 
ciency up to a saturation level which depends upon 
the amount of impurity present. Figure 3 shows 
the small amount of absorption for darkening of 
this type, which occurs in the early stages of expo- 
sure. Here the extinction of light arises primarily 
due to absorption. Prolonged exposure, however, 
produces darkening near the surface, which shows 
considerable light scattering. The centers respon- 
sible are similar to the colloidal metal particles 
formed in alkali halides by coagulation of F-cen- 
ters during heat treatment. See Color centers; 
Photochemistry. f f.c.br.] 

Bibliography: S. Fujisawa (ed.). Symposium on 
Photographic Sensitivity^ vol. 2, 1958; W. E. Gar- 
ner (ed.). Chemistry of the Solid State, 1955; 
C. E. K. Mees, The Theory of the Photographic 
Process, 1954; J. W. Mitchell and N. F. Mott, The 
nature and formation of the photographic latent 
image, PhiL Mag,, fB] (21 ) :1149-1170, 1957. 

Photometer 

An instrument used in making measurements of 
light. In general, photometers may be divided into 
two classifications: (1) laboratory photometers, 
which are usually fixed in position, and (2) porta- 
ble photometers, which are commonly used for 
photometric measurements outside a laboratory. 
Each of these two classes may be subdivided into 
visual photometers and photoelectric photometers. 
These in turn may be grouped according to func- 
tion, such as photometers to measure luminous in- 
tensity, luminous flux, illumination, photometric 
brightness, light distribution, light reflectance and 
transmission, color, spectral distribution, and visi- 
bility. 

Visual photometers. Most visual photometers 
use a Lummer-Brodhun photometer head or some 
adaptation of its principles. The Lummer-Brodhun 
photometer head is an optical device for seeing 
two sides of a white diffuse screen at the same time. 
On looking in the eyepiece the observer sees a cir- 
cular or oval field composed of a pattern whereby 
adjacent parts are illuminated by light reflected 
from the two sides of the screen. Figure 1 illus- 
trates the principle. Light from the two sources It 
and I 2 to be compared falls on the white diffuse 
screen with sides si and S 2 and is reflected in part 
to mirrors mi and m 2 and thence to the photometric 
prisms A and B. The central rays pass through the 
prisms while the outer rays are reflected by the 
prism. Concentric fields are thereby formed, an in- 
ner field by light from Ii and an outer field by 
light from I 2 . The photometer is said to be bal- 
anced when both parts of the field are of equal 
brightness. 

A more accurate type of Lummer-Brodhum pho- 
tometer head is shown in Fig. 2. This differs only 
in the photometric prisms which are fashioned to 



Fig. 1. Diagrammatic sketch of the Lummer-Brodhun | 
equdlity-of-brightness photometer. 

give a photometric field in which a and d are 
luminated from light Ii and b and c from Tj. Clear | 
glass strips gi and g 2 are added to absorb a slight 
amount of the light illuminating the fields b and d 
This type of photometer head is balanced when j 
parts a and c are equal in brightness (luminance) 
and when b and d are equal in contrast against 
their respective backgrounds. These Lummer-Brod- 
hun photometer heads are incorporated in bar pho 
tometers, integrating spheres, distribution pho 
tometers, and portable photometers where visual 
photometry is used. 

If there is a difference in color between the two 
light sources, difficulty is experienced in making ^ 
direct comparison, as in the Lumitier-Brodhun prin- 
ciple, and a flicker photometer is often used. 

Flicker photometer, in this photometer a singk 
field is illuminated alternately by the sources to 
be compared. The position of balance is the poiti’ 
of minimum flicker. The rate of alternation is set 
fast enough that the color differences merge while 
the differences in luminance continue. Other sy*»- 
terns of heterochromatic photometry are based on 
the cascade method, the compensation principle* 
and the use of filters. 

Hhiminomotar. An iltb^i^inometer is a visual , 
portable photometer. A typical illuminoineter 
shown in cross section in Fig, 3. Here the light en* j 
tering is balanced against the light 
parison lamp by means of a Lumipaai^Siiillun heed 
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9- 2. Diagrammatic sketch of the Lummer«Brodhun 
^ntrast photometer. 

viewed through the eyepiece. The balance point 
i reached by moving the comparison lamp along 
lube. A control box supplies a calibrated cur- 
ent to the comparison lamp and calibrated filters 
lay be inserted in the light paths to extend the 
ange of the instrument. 

Brightness meter. This instrument for measur- 
ig photometric brightness, or luminance, may be 
ither of the visual or photoelectric type. The visual 
(Fig. 4) is a self-contained instrument oper- 
on the same basic principle as the illuminom- 
ter except that in the brightness meter the balance 
'f*int is reached by rotating a circular absorption 
Tadient between the comparison lamp and the 
'hotometric head. The illuminometer may also be 
ised to measure photometric brightnesses. The pho- 
fielectrjc type is also portable and consists essen- 
of a phototube, an amplifier to increase the 
ui^rent output, and microammeter calibrated to 
the luminance of the surface viewed, 
fiotoelectric photometers. Photometers using 
>arrier-layer cells and photoelectric tubes are das- 
as photoelectric photoideters. Since the bar- 
icT-layer cells generate their own current and need 
battery for operatic^, they can be used either 
laboratory or in portable instruments for 
in the field. The phototube photometers, on the 
J hand, require a battery or other external 
supply and ate used mainly for laboratory 



work. Both types of cells must be fitted With the 
correct filters so that they will duplicate the stand- 
ard luminosity curve of the eye. 

Barrier-layer cell photometer. This photometet 
is so portable and easy to use that it has almost 
monopolized field measurements since its intro- 
duction. It consists of a barrier-layer cell, which 
generates a small electric current (about 1 or 2 
microam peres/foot-candle) when light or other ra- 
diant energy near the visible range falls on it, and 
a microammeter or galvanometer to measure this 
current. Modern barrier-layer cells generally use 
selenium as the light-sensitive material and are 
rugged in construction. The microammeter should 
have a low resistance (100 ohms or less), because 
the output of the cell is approximately linear only 
for low values of external circuit resistance. The 
photometer should be corrected to correspond to 
Lambert’s cosine law of incidence {see Photom- 
etry ) . 

In this type of cell the current reaches. its final 
value after a short time delay, due to the result of 
an adaptation effect, and also is influenced by tem- 
perature. Both effects will be a minimum with low 
external resistance. Figure 5 illustrates a portable 
type of barrier-layer cell photometer. 

Barrier-layer cell photometers are extensively 
used as photographic aids to determine proper 
lighting and camera lens diaphragm openings (see 
Photography), For such applications the instru- 
ment is calibrated in an arbitrary scale. A simple 
manual computer is often included to permit con- 
verting the meter reading into the proper dia- 
phragm opening and exposure time for a given type 
of film. 

Phototube photometer. This photometer has as 
its elements a photoelectric tube, an amplifier to 
increase its sensitivity, a galvanometer or other 
suitable meter, batteries, and circuit arrangements 
to give the desired accuracy. In calibration the 
dark current, or the current flowing when the tube 
is not illuminated, is an important factor and 
should l>e subtracted or eliminated by circuitry. 

Integrating sphere. Any of these photometers 
may be used with an integrating sphere to meas- 
ure luminous flux. This is ordinarily made as an 
Ulbricht sphere (Fig. 6) although an octahedron 
or other shapes may be used. The inside surface 
has a white, diffusely reflecting finish which inte- 
srates the. light. The light may come from a beam 
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Fia. 3. Essentials of a Moebeth iiluminometer. 




Fig. 4. A self-contained visual brightness meter. (General Electric Co.) 


projected into the sphere through an aperture or 
from a light source in the sphere itself. The inte- 
grated light is then measured by a suitable pho- 
tometer head. 

Reflectometer. This instrument, also called a 
transmissometer, combines integrating spheres and 
barrier-layer cells (Fig. 7). The reflectances of a 
surface may be determined by measuring the total 
light reflected from that surface when a beam of 
light strikes it, in comparison with the reflection 
from a standard surface. The transmittance can be 
measured by placing a sample of the material in 
the opening between the two spheres, one sphere 
containing the light source and the other the light- 
measuring cells. 

Distribution photometer. The distribution pho- 
tometer, or goniometer, measures the luminous in- 



Pig. 5. A portoblo bgrrierdayar llglir metar with co- 
sine ond color eorrecHon. (General Electric Co.) 


tensity at various angles from lamps, luminaires, 
floodlights, and searchlights. The light source can 
be moved to the desired angle and the light-mea-;- 
uring head (either visual or photoelectric) fixed, 
or the light may be fixed and the photometer made 
movable. 

Spectrophotometer. Measurements of spectral 
energy from a light source are made by this device. 
It mcyfsures the energy in small wavelength bandss 
by means of a scanning slip, and the results are 
presented as a spectral distribution curve. See 
Spectrophotometric analysis. 

Visibility meters. These operate on the principle 
of artificially reducing the visibility of objects to 
threshold values (borderline of seeing and not see- 
ing) and measuring the amount of that reduction 
to determine the visibility by an appropriate scale. 



Pig. 6. Ufbricht tpjmm for 
and sfliclancy. (General Electric Co.) 
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Fiq. 7. A rcflectometer-transmissometer showing the 
integrating spheres and barrier-layer cell photometer. 
(General Electric Co.) 



Pig. 8. A Luckiesh-Moss visibility meter. (General Elec- 
tric Co.) 


The Luckiesh-Moss visibility meter is probably the 
best known and easiest to use. This instrument 
(Fig. 8) consists of two variable density filters 
(one for each eye) that are adjusted so that a vis- 
ual task seen through these filters becomes just 
barely discernible. Readings are on a scale of rela- 
tive visibility related to a standard task. 

The Cottrell visibility meter uses a luminous field 
superimposed by projection upon the visual target.^ 
The target is seen through a neutral-gradient filter 
jvhich is adjusted until the target detail becomes 
: barely perceptible, the results being expressed in 
, terms of ‘^contrast sensitivity/' 

Modern methods of automation have been ap- 
plied to distribution photometers. Machines con- 
t trolled by punched cards or tape give complete 
Pt^o^aniining of the photometer, so no human at- 
tention during the test is necessary. The photomet- 
data are automatically recorded and curves of 
f ^'“Pinous intensity cttn also be automatically drawn. 

[n.c.p.3 


Photometry 

The branch of science that deals with the measure- 
ment of light. In general the instruments used in 
these measurements are called photometers, al- 
though other apparatus may be used in specialized 
instances, such as for the determination of wave- 
length. 

Photometry is most usually concerned with meas- 
urements of luminous intensity (candlepower), 
luminous flux (such as light output), luminous 
flux density (illumination), luminance (photomet- 
ric brightness), light distribution, color, spectral 
distribution, and the reflectance and transmittance 
of light. Photometry may even be extended to in- 
clude visibilitv measurements. See Illuminance; 
Luminance; Luminous flux; Luminous in- 
tensity. 

Since light is defined as radiant energy that is 
capable of producing visual sensation, photometric 
measurements either are made by the human eye 
or are based upon its visual responses. Because the 
spectral response of human eyes differs with in- 
dividuals. the Internationa] Commission on Illumi- 
nation (CIE) has adopted a standard luminosity 
curve, which has been accepted as being that of 
photopic vision of the normal eye. Vision. 

Photometric laws. Many photometric measure- 
ments are based upon the inverse-square law and 
Lambert's cosine laws of incidence and emission. 

Inverse-square law. This law states that for a 
point source the illumination E on a surface varies 
directly with the luminous intensity I of the source 
and inversely as the square of the distance d be- 
tween the source and the surface when the surface 
is normal to the light rays ; that is, 

(«-i) 

In practical photometry where the source is a finite 
size, the error is less than 1% if the distance is 
more than 10 times the maximum dimension of the 
light source. 

Lambert*s cosine law of incidence^ If the illumi- 
nated surface is not perpendicular to the light rays, 
the illumination on the surface varies as the cosine 
of the angle of incidence 6 between the normal to 
the surface and the incident ray. This law, together 
with the inverse-square law, gives 

^ cos S 

as the inverse-square law for any surface. 

Lambert's cosing law of emission. This law is 
concerned with light sources and states that tKe 
luminous intensity in a given direction radiated or 
reflected by a perfectly diffusing plane surface 
varies as the cosine of the angle between that 41- 
rection and the normal to the sttrlaqe. 

Pbotoiiittriip iBMSUiwimnts. Photometry may ! 
be classified bito two j;eneral claases, visual and.i 
physical. In visual photometry the eye is uspiS; 
directly in getting a photometric balanee. lit pbyab , 
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cai photometry a photoelectric cell, calibrated to 
response of the normal human eye, makes the meas- 
urement (see Photometer). In either case, the 
photometric measurements are eventually based on 
the primary standard of luminous intensity, which 
is called the new international candle in the United 
States and the candela in the rest of the world. See 
Candle. 

This primary standard fulfills the requirements 
of being accurately reproducible with a radiation 
that follows definite laws as to both the amount of 
luminous energy emitted and its distribution 
throughout the visible spectrum. It is not, how- 
ever, easy to use, so lamps, known as secondary 
standards, are carefully calibrated with the pri- 
mary standard and used in its place. Other lamps, 
called working standards, are calibrated with the 
secondary standard, and are used in the labora- 
tories for standards of luminous intensity and 
luminous flux. 

The eye cannot measure the amount of intensity 
of light with any degree of accuracy because of its 
power of adaptation. It is a good judge of equality, 
however, when adjacent surfaces of much the same 
color quality are viewed simultaneously. In visual 
photometry, therefore, the eye views a photometric 
field that is made up of two parts, each of which is 
illuminated by one of the light sources to be com- 
pared. The photometer is then manipulated so that 
the two parts are equal in photometric brightness. 
The photometer is then said to be balanced. Bal- 
ancing may be accomplished by (1) moving the 
photometer head in respect to the light sources, 
(2) moving one light source \vhile holding the 
other source and the photometer head fixed, (3) in- 
troducing a disk of graduated density between one 
light source and the photometer head, or (4) other- 
wise adjusting the illumination on the two parts of 
the photometric field in a measurable way so that 
the photometer is balanced. 

An example of the simplest type of photometric 
procedure is illustrated. A movable photometer 
head is mounted on rails between a working stand- 
ard lamp and the test lamp, all three being in one 
straight line. This is called a photometer bench. 
The photometer head is moved until the lumi- 
nances (photometric brightness) of the two sides 
of the head are the same. The luminance of a sur- 
face equals the Illumination E times the reflectance 
p, or from the inverse-square law Ip/d^. Since the 
luminances are made equal 

/ TpT /dr^ ss Isps / ds^ 

where subscript T identifies quantities relating to 


the test lamp and subscript S identifies ^luanthies 
relating to the standard. If the reflectances 
equal, the luminous intensity /r of the test lamp 
can be determined by 


Such visual methods are the basis of photometry 
and were the only ones used formerly, both in the 
laboratory and in the field. The accuracy of visual 
photometry is limited, however, because the re- 
sponse of one observer’s eye may differ from that of 
another observer, ^s well as from the theoretical 
norma] eye. The development of physical photome 
ters in the last few years eliminates the errors 
caused by the uncertainty of the human eye. Physi- 
cal photometers are quicker and easier to use. hut 
they require frequent calibration, they vary with 
time, and they require special filters or other mean.^ 
of making their spectral response characteristics 
correspond to those of the theoretical normal eye of 
the standard observer. Both types of photomelr\ 
are still used, but the physical photometer (espe- 
cially using barrier-layer cells) is more popular 
and is used almost exclusively in field measure* 
ments of illumination. ^ 

Photometric surveys. Photometric tests are 
made of light sources, lighting units (called lumi* 
naires), lighting materials, and lighting installa- 
tion^ The measurements made of light sources and 
luminaires are of luminous intensity (directional 
candlepower, horizontal candlepower, spherical 
candlepower) , luminous flux (output in lumens, 
efiiciency), photometric brightness or luminance 
(foot-lamberts, candles per square inch), light 
distribution (distribution curves in one plane, iso- 
candle curves) and spectral distribution. The efii 
ciency of a light source is generally expressed in 
lumens per watt. The efficiency of a luminaire is 
expressed as the ratio in per cent of the lumens 
output of a luminaire to lumens output of the light 
source within the luminaire. A photometric report 
on a luminaire can include candlepower distribu- 
tion curves, zonal light flux distribation* total lumen 
output, efficiency of the luminair^ photometric 
brightnesses (luminances) at significant angles, 
coeffioients of utilization and other data pertinent 
to the luminaire. The photometric tests of different 
types of luminaires (such as indoor lighting equip- 
ment, street lighting units, and searcfalights) 
quire individual photometric techniques, apparatus 
and methods of showing data, but they all follow 
the same principles. 
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Dtogrommotic sketch of o photometric bench. 
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The photometry of a lighting installation in- 
rludes the measurement of illumination (foot-can- 
dlrsK luminance, or the photometric brightness of 
surfaces, reflectances, and other quantities. This is 
called an illumination survey. The Illuminating 
Engineering Society has standardized various tech- 
T,j(iues of photometry, computation, and presentu- 
fhni of data for different classifications of lighting 
iii'^tallations. The data often take the form of iso- 
fant-randle or isolux curves. See Illumination. 

The measurement of visibility is connected with 
the photometry of a lighting installation, because 
it is one measure of the effectiveness of the lighting. 
Various types of visibility meters give readings of 
relative visibility based on threshold values (bor- 
(ieiline <»f seeing and not seeing). See Candle- 
i'owkr; Foot-candle; Foot-i.amhert ; Fambert; 

Fumln-uour; Fuminosity factor; Fu- 
MiNoiis efficiency; Fuminous energy; Fux; 
Phot. [r.c.p.] 

liihlio^raphy: W. E. Barrows, lAffhu Pho- 
!<>rietry^ ami llluminntinf' Enf^ineering^ .Sd ed., 
PrW : W. R. Roast. Illuminating Engineering, 2d 
ed.. IQSH; Illuminating Engineering So<*iety, Gen- 
eral Guide in Photometry, 19,S.S; Illuminating En- 
oineering S«)ciely, i.E.S. Lighting Handbook^ 2d 
ed., 1952; J. W. T. Walsh, Photometry^ 2d ed., 
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Photon 

An indivisible quantity of electromagnetic energy. 
1 C. Maxwell’s theory of electromagnetic radia- 
ti<m snccessfullv describes interference, diffrac- 
tion, refraction, reflection at interfaces, and other 
[•henomena associated with electromagnetic waves. 
n»c radiation has a dual character, however, and 
in other instances it displays aspects akin to those 
of particles, which are called photons. A photon is 
sometimes called a quantum or light quantum. 

I Photons are useful, for example, in understand- 
ing the Compton effect. Here electromagnetic ra- 
diation, usually in the form of x-rays, is scattered 
l>y electrons. The x-rays behave like photons of en- 
hi' (h is Planck’s constant; v i.s the frequency 
of the radiation) and of momentum hv/c (r is the 
velocity of light). In a photon-electron collision, 
Joomentum and energy are conserved, just as for 
particles in classical met^hanics. The photon loses 
energy and has less momentum and therefore a 
longer wavelength after the collision. The electron 
^ains the energy and momentum that the photon 
loses. 

Jhe photon aspect of radiation is also clearly 
Evident in the phenomenon of photoemission. In 
I ^ simplest case, a single electron absorbs the en- 
*re energy of an incident photon and appears oul- 
** ^ the emitter with a clearly defined maximum 
energy described by the Einstein photoelectric law. 
^ photon can carry away angular momentum when 
emitted during an electronic transition in an 
|om. See Compton effect; Elementary parti- 
Photoemission ; Quantum (physics) ; Quan- 

mechanics. [L.A.] 


Pftotoperiodism in plants 

A variety of growth and development responses of 
plants to daily duration of light and darkness. Al- 
though photoperiodism occurs in many species 
from the lowest to the highest, it was first observed 
in angiosperms, and the study of this group has 
provided most of the present knowledge (^ee An- 
ciospermae). In 1920, W. W. Garner and H. A. Al- 
lard discovered photoperiodism in plants. They re- 
ported that plants, such as Biloxi soybean and 
Maryland Mammoth tobacco require short days 
and long nights for flowering, that other plants 
need long days and short nights, whereas still 
other plants were seemingly uninfluenced by day 
length. Subsequently, they found that flowering was 
not the only day-length-regulated response of 
plants, for example, several phenomena such as 
production of bulbs, tubers, and runners, coloration 
of .some kinds of fruits and leaves, formation of 
bud.s, and the development i>f hud dornicfncy are 
also controlled by day length. 

The phenomenon was called photoperiodism be- 
cause it wa.s rom.erned with effects of light on the 
plant in relation to time. The time measure was a 
daily one. being the period either of light or of 
darkness, or a ratio of the one to the other. In a 
given latitude the daily periods of light and dark 
vary with the season, and most plants respond ac- 
cordingly- Timing of seasonal responses by dura- 
tion of light is much more constant from year to 
year than timing controlled by temperature, rain- 
fall, or some randomly variable condition. 

Terminology. (Certain terms are commonly used 
in discussing photoperiodism of flowering plants. 

Short-day plant. This kind of plant flowers best, 
or only, when daily light periods are short and dark 
periods long. Examples are poinsettia, soybean, 
cocklebur. and chrvsanthemum. 

Long’day plant. This kind of plant flowers best, 
or only, when daily light periods are long and dark 
periods are either .short or absent. Examples are 
wheat, oats, barley, beet, and poppy. 

Indeterminate., or day-neutral, plant. The flower- 
ing of this kind of plant is independent of daily 
duration of light and darkness. Examples are to- 
mato and garden bean. 

Photoperiod -induction treatment. The day-lengthy 
exposure to light, which is followed by the appear- 
ance of mjcn)scopic flower buds (flower primor- 
dia). 

Critical day length or night length. This is the 
day or night length which differentiates between 
inductive and noninductive photoperiods for either 
long- or short-day plants. 

When photoperiodism was first discovered, the 
specific roles of light and dark in the process were 
unknown, but it has since been shown that the time- 
measuring processes occur during the dark periods. 
Short-day plants are thus more correctly long-night 
plants, and long-day plants, short-night plants. Be- 
cause of long usage, however, the terms short-^ay 
and long-day will probably be retained. 
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General description. Information descriptive of 
photoperiodism is available for a wide range of 
plants and from it can be gathered certain general 
facts. For example, critical day lengths vary with 
species or even varieties, and day lengths favorable 
to flowering of long- and short-day plants fre- 
quently overlap. Thus, a short-day cocklebur may 
flower on photoperiods of hours or less and 
long-day Hyoscyamus on photoperiods of 12 hours 
or more. Plants also differ markedly in the number 
of flower-promotive photoperiods they require for 
induction. For example, cocklebur needs only one 
such photoperiod under ideal conditions, Biloxi 
soybean needs two or three, and chrysanthemum re- 
quires several. 

The leaf blade is the portion of the plant that 
reacts effectively to photoperiods that promote 
flowering. A single leaf exposed to long dark pe- 
riods may induce flower bud formation on a short- 
day plant even though the rest of the leaves of the 
plant are on short dark periods. This finding shows 
that flowering results from the action of a positive 
flower-inducing stimulus generated in the leaf dur- 
ing long dark periods rather than from the sup- 
pression of a stimulus for vegetative development 
by long dark periods. 

Although flowers form at a distance from the 
leaves, the flowers develop in response to something 
that happens in the leaves during the dark period. 
A flower-promoting product generated in the leaf, 
possibly of hormonal nature, apparently moves to 
the growing points where it controls differentia- 
tion of the flowers (^ee Plant growth; Plant 
hormones). Migration of enough of this product 
from the leaf to the growing point to effect floral 
Induction in many plants requires that the leaf 
remain attached to the plant for several hours of 
the photoperiod following the long dark period. In 
cocklebur, for example, no flowers form if the ex- 
posed leaf is removed at the close of the long dark 
period, but flowers form abundantly if the leaf is 
not removed until about 8 hours later. 

Darkness must be complete to be effective on 
photoperiodically responsive plants; a very small 
amount of light nullifies its action. Illumination 
greater than 0.02 ft-candle of incandescent-filament 
light throughout the dark period inhibits flower- 
ing of several kinds of short-day plants. The dark 
period, moreover, must be continuous to be effec- 
tive; an interrruption near its middle as brief as 
1 minute and with light energy equivalent to less 
than 50 fvcandle minutes of incandescent-filament 
light prevents dowering oilplants such as poinset- 
tia and soybean. The brief period of light thus has 
consequences that continue for several hours. 

Nature of the light reaction. The various re- 
Aponses of plants to day-length treatment are de- 
scriptive of photoperiodism, but knowledge about 
them does not immediately lead to an explanation 
of the processes. Although the biochemical reac- 
tions involved in flowering are complex and are al- 
most completely unknown, it is probable that the 
ciiaitis oi reactions leadVita to flowering oi a pbo- 


toperiodically sensitive plant and an indeterminaif 
one are very similar. The chief difference liea a 
the fact that the course of the reactions, as >udgfl^ 
by the flowering response, can be completely 4 1 
verted in the photoperiodically sensitive plant ba 
not in the indeterminate plant by a light reacuoa 
of very low energy. 

The nature of this light reaction has been studied 
in considerable detail, and some progress has beei 
made in understanding how it works. The most ug. 
nificant and, to the experimenter, the most usefoi 
information about the reaction is that it is reversi. 
ble by radiant energy. It goes in one direction i( 
the leaf is irradiated with red light (about 6500 A) 
and in the other if the leaf is irradiated with 
called far red, or near-infrared, light (about 735(1 
A). If given in the middle of a long night, red 
light acts to prevent flowering of short-day plant 
and to promote flowering of long-day ones Far red 
in each case counteracts the action of red. 

Action spectrum of photoperiodism. The maxi 
mum effectiveness of each of these reaction*^ is ai 
the wavelengths mentioned in the preceding see 
tion, but other wavelength regions of the spec truir 
are also active. For example, the relative effectivf 
ness of various wavelengths of light in causing the 
reaction that has its maximum •near 6500 A i 
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hown in Fig. 1. Such curves, which relate the en- 
rgv of incident light for a given response to wave- 
pnfith. are called action-spectrum curves. The data 
or the curves come from carefully performed phys- 
tlo^ical experiments in which light of known 
jvavelength and energy is applied to plants in the 
[liddle of the Jong nights to prevent or promote 
lowering ac;cording to the photoperiodic resp<mse 
f the plant. Several energy levels, some too high 
nd some too low, are given to different lots of 
dants at each wavelength region so that a reliable 
stimate can be made of the minimum energy re- 
|uired for response at each region. 

bight of high spectral purity is produced by sev- 
fral different methods. It may be obtained l>y pass- 
[ig the light from a carbon arc through a two- 
isni spectrograph (Fig. 2), which, at a distance 
about 40 ft, produces a spectrum 3 in. or more 
|igh and about 6 ft in width from the violet to 
pe red. Leaves or whole plants are given their 
ark-period interruptions by placing them along 

f is spectrum at fixed stations for which the ener- 
and wavelength ranges are known (Fig. 3). 
Action-spectrum curves sometimes give a clue to 
nature of the compound that is responsive to 
pkf in the photochemical reaction. Special effec- 

f i'eness of light from certain parts of the spec- 
»ni, such as that of the red for the photoperiodic 
action, indicates that a pigment is present that 
^lively absorbs red light. Under ideal circuni- 
ai'ces, the action spectrum for the re.sponse may 
' closely resemble the absorption spectrum of the 
tiive pigment as to give information about the bio- 
pemical nature of the pigment. Because the effer-^ 
region of the spectrum for the photoperiodicr 
faction is mainly in the red, it can be concluded 
*ai the active pigment is probably blue. However, 
pigmented compounds h&ving absorption spec- 
^ closely similar to the photoperiodic action 
Tcctra have beep obtained from photoperiodically 
^sponsive plants. Phycocyanin, a straight-chain 

1 ‘^apyrroJe which occurs abundantly in blue-green 
absorption spectrum of the type indi- 

^ photofperkMlic action sp^Kstra (sec Cya- 
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nophyta). Blue-green algae, however, are not 
known to be sensitive to photoperiod, and photo- 
periodically sensitive higher plants are not known 
to contain phycocyanin. A compound of similar 
nature, nevertheless, is the most probable form of 
the pigment. 

The several action-spectrum curves of long- and 
short-day plants are essentially alike. This similar- 
ity indicates that the primary photoreaction in the 
two kinds of plants is the same even though the 
effects of identical treatments are diametrically op- 
posite. Intergrafting of long- and short-day plants 
before identity of their action spectra was estab- 
lished indicates that either type, held on day 
lengths promotive of its own flowering, could in- 
duce flowering in a graft partner of the opposite 
day-length type even though the latter was sub- 
jected to photoperiods not promotive of flowering. 
Such experiments show identity in details of the 
flowering process in long- and short-day plants; 
the action-spectrum exi»eriments show ^hat the 
identity extends to the preceding light reaction 
that regulates these details. 

Photoresponses. Comparison of action spectra 
is a reliable method of establishing the identity of 
reactions that cause different plant responses, an 
important func^tion of these action-spectrum meas- 
urements. This method is used to show that the 
photoreaction that regulates flowering c>f long- and 
short-day plants also regulates several other plant 
responses. Although the latter are not commonly 
regarded as photoperiodic, they are mentioned 
briefly here because of the contribution that knowl- 
edge about them makes to an understanding of 
photoperiodism. Among these responses are the 
germination of light-sensitive seed.s, some features 
of the coloration of fruits upon ripening, and var- 
iations in the amount of growth in length made by 
the internodes of some kinds of plants. 

The germination of seeds, such as those of Grand 
Rapids lettuce, is promoted by light, especially red 
light. The action spectrum for promotion of germi- 
nation is so similar to the action spectra for regu- 
lation of flowering that the light reaction can be 
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assumed to control both* That this is true is shown 
by the occurrence of reversibility of the germina- 
tion response at the same wavelength regions that 
cause reversal of flowering; in Grand Rapids let- 
tuce far-red light reinhibits the germination of 
seeds which are induced to germinate by red light. 

A single brief light treatment suffices to induce 
the germination of lettuce seeds; repeated treat- 
ments at daily intervals, as practiced in the control 
of flowering of many plants, are not required. For 
some seeds, however, light treatments for several 
hours or repeated daily treatments are required, 
and certain workers have proposed that these 
seeds exhibit true photoperiodic response. This 
view is probably correct; at least, the presence of 
the reversible photoreaction in them has been dem- 
onstrated, but complete details of the photoperi- 
odic response in seeds remain to be elucidated. 

The photoreversible reaction. Knowledge about 
the reversible photoreaction, drawn not only from 
photoperiodism but also from studies of other phe- 
nomena in which the reaction occurs, leads to the 
following general expression : 

6500 A 

p 4- XR PX + R 

7350 A 

Pigment Reactant or Changed Changed 

darknem . . . . 

pigment reactant 

The pigment form (PX) resulting from the action 
of red light probably regiilates the various biologi- 
cal responses in which this reaction occurs. Evi- 
dence for this comes from the germination of 
seeds that have long been in darkness in the im- 
bibed but dormant condition ; a very low energy of 
red light, which would change a small amount of 
P to PX, induces their germination. 

Inclusion of XR and R in the reaction is forced 
by the fact that the relative sensitivity of the sys- 
tem to red and far-red-radiant energies may be 
widely different in different species or even in the 
same species under different experimental condi- 
tions. These changes in sensitivity are usually of a 
reciprocal nature in which an increased sensitiv- 
ity to red is accompanied by an opposite change 
in sensitivity to far red. Such variations would re- 
sult from changes in amount of reactant present. 
Change in sensitivity of the reaction to red and far 
red has been examined in most detail in seed-ger- 
mination studies but has been observed to occur 
also in photoperiodism. 

In both seed germination and flowering there is 
evidence that the active pigment may undergo 
change of form in darkness. In both instances, 
this change during darkness appears to be from 
the far-red-absorbing (PX) to the red-absorbing 
(P) form. In lettuce seeds more than 24 hours ap- 
pear to be required for effective change, whereas 
in flowering the period seems to be much shorter. 
Reasons for the difference are possibly connected 
with differences in the fractional amount of the to- 
tal pigment in the active form required to regulate 
the two processes. 


Elongation of internodes of planta, another pi}( 
toreversible phenomenon, depends markedly upo 
the kind of light to which the plants are expose^ 
at the beginning of the daily dark period. Intei 
nodes of pinto bean plants that receive far red a 
this time often elongate to more than three time 
the length of those that receive red. This reactior 
as in seed germination and flowering, is repeatedi 
reversible with red and far red. The three phenorr 
ena are thus controlled by the same photochemice 
reaction. The response of internodes to red-far-re 
irradiation treatments shows that the pigment gy; 
tern is present and functional in the plant immed 
ately after the light is discontinued, a point m 
readily shown by the photoperiodic reaction in ii 
regulation of flowering. 

Most beans are said to be day-neutral with re 
spect to flowering. Therefore, it is of special sif 
nificance that the red-far-red reaction is sho^ 
to operate in the bean plant to control response 
other than flowering. Similar findings have bee 
made with tomato, which also is day-neutral in ph( 
topcriodic response. The photoreversible '■ed-fai 
red reaction has nevertheless been shown to repi 
late seed germination, inlernode growth, and fni 
coloration in tomato. The reaction is thus clearl 
shown to be present and operative in plants sur 
as bean and tomato; the reason for its failure t 
regulate flowering in these plants is not yet imdei 
stood. 

The fact that the processes leading ft) flowerin 
are under control of a reaction that can be starto 
and stopped at will opens the way to studies of ih 
rales those reactions. Thus, one can irradiat 
short-aay plants in the middle of dark peri«)ds the 
would otherwise be promotive of flowering an 
thereby start reactions that lead to its inhibitioi 
The speed with which such reactions proceed 
tested by giving far red at various interval aftt 
the red. If given immediately, far red almost coi 
plelely counteracts the inhibitory effect of red. bi 
if given 30-60 minutes after red, it is ineffecli' 
failing completely to reindiice flowering. This 
taken to mean that products of reac^lions favorab 
to flowering that accumulated during the first ha 
of the dark period are rather completely desfroyt 
bv irradiating the plant with red and leaving it 
that condition for approximately 30 minutes. 

Information has thus been obtained about tl 
photoreaction of photoperiodism by physiologic 
experiments even though the beginning and er 
compounds of the reaction are still unknown. Tl 
active pigment is not chlorophyll, and the conce 
tration of the active pigment is known to be « 
tremely low because it imparts no visible color to 
certain albino plants which nevertheless exhibit 
photoreversible response and therefore contain tbf 
pigment. Therefore, the reaction is one in wl 
profound growth effects result from exceedir 
small amounts of photoreactive pigment irradie 
by very low light energies. The amount of pig« 
actively changed by the light into the form 
regulates growth is exceedingly small, indicating 



that it probably operaies as an enzyme or oiner 

energy-transferring device. 

Xhe active pigment, phytochrome, was detected 
in live tissue by a special spectrophotometric pro- 
cedure in 1959 and was extracted but not yet puri- 
fied and identified by early 1960. Further study of 
the extracted pigment may clarify the nature of the 
primary photoreaction and lead to an understanding 
of the biocheminal steps involved in flowering and 
other photoperiodic responses. The latter does not 
necessarily follow, however. Identification of chlo- 
rophyll as the photoactive pigment in photosynthe- 
sis, for example, did not markedly improve un- 
derstanding of photosynthesis. The extraction of 
phytochrome, however, reopens the subject of pho- 
toperiodism and related photoresponses to studies 
of a type not previously possible. 

Many workers have shown effects on flowering of 
auxins, antiaiixins, and various other kinds of com- 
pounds that influence plant growth and flowering. 
Very little is known about the way these substances 
operate to cause their effects. Indeed, whether the 
effects result from the direct participation of these 
substances in the flower-regulating reactions or 
from their more general influence on growth is not 
r)e'»r. Nevertheless, various workers are currently 
doing pertinent experiments involving applications 
of the chemical treatment and the photoindiictive 
dark period in variously timed sequences. Such ex- 
periments will at least indicate the order in which 
the chemical treatments and the photoregulated re- 
actions occur in causing their combined effects and 
may reveal further facts about either the reactions 
leading to flowering or the ways in which these var- 
i<»us growth-regulating substances operate in the 
plant. .Sec Plant hormones. 

Applications of photoperiodism. Although the 
mechanism of photoperiodism is far from com- 
pletely understood, much practical application is 
made of the descriptive knowledge about the phe- 
nomenon. Plant scientists working in plant breed- 
ing. plant pathology, or other fields use artificially 
controlled photoperiods to regulate the time of 
blooming of their plants. The knowledge is also 
used by growers of certain crop plants, particularly 
ornamental ones, to bring their plants into bloom 
out of season so as to take advantage of favorable 
market conditions. The production of chrysanthe- 
Jnums in the United States depends largely on arti- 
I ficial control of light and darkness, a practice that 
: permits their production throughout the year in- 
I ^ead of during a few months in autumn (Fig. 4). 
1 ornamentals in which the use of controlled 
day length plays a practical part are asters, tuber- 
ou^rooted begonias, and orchids. 

Distribution of plants in nature depends to a con- 
^derable extent on their photoperiodic responses. 

nereforc, knowledge about photoperiodism has 
served to clarify certain ecological problems. The 
of bud formation in a great many woody 
P determined by the seasonal change in day- 
and in some species occurs rather early in 

^ summer. AVkf al wa«*{al%lAa 



Fig. 4. (a) Plants of the common Chino aster, Ca//fs- 

tephus chinensis, grown in o northern greenhouse in 
the short days of midwinter, (b) Plants of the some 
kind and age grown under the some conditions, ex- 
cept that their daylight period was lengthened 4 hours 
by artificial lighting. 

bly play parts in causing the onset of dormancy in 
some plants, but in many woody plants, growth 
stops and buds form long before the arrival of low 
night temperatures to which these events are some- 
times erroneously attributed. 

Shoot elongation, which is .stopped by short pho- 
toperiods in many species, is not resumed in some 
kinds when they are returned to long days. Thus, 
plants of Catalpa bignonioides stop producing new 
leaves as soon as they are subjected to short pho- 
toperiods and, if held on short days for a month 
or more, they do not resume growth when returned 
to long days unless the temperature is sharply low- 
ered for several days. W eigela shrubs, on the other 
hand, resume growth immediately without any low- 
temperature treatment when they are restored to 
long days. The inhibitory effects on growth appar- 
ently occur in the leaves because removal of the 
leaves of Weigela is immediately followed by re- 
sumption of bud growth even though the plant con- 
tinues on short photoperiods. The new growth, 
however, i.s quickly stopped if the short days are 
continued. See Plant phy.siolocy. [h.a.bo.] 

Bibliography: A. Hollaender (ed.), Radiation 
Biology, vol. 3, 1955; A. E. Murneek et al.. Vernal- 
ization and Photoperiodi.sm, A symposium, Lotsya* 
A Biological Miscellany, vol. 1, 1948; D. Rudnick 
(ed.), Aspects of Synthesis and Order in Growth, 
1955. 

Photophore gland 

A highly modified integumentary gland which 
arises from an epithelial invagination into the de^ 
mis. It becomes cut off from its site of origin and 
develops into a luminous organ comprised of a lens 
»r%A m lierht-emittins Arland. back of which is a dia* 
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mented reflector of probable dermai-ceii origin. 
Tliese luminous bodies occur in deep-sea teleosts 
and elasmobranchs, which live in areas of total 
darkness. See Chromatophore; Epithelium; 
Gland, [o.e.n.] 

Photoreception 

The process of absorption of light energy by plants 
and animals, and its utilization for biologically im- 
portant purposes. In plants, photoreception plays 
an essentia] role in photosynthesis and an important 
role in orientation. Photoreception in animals is the 
initial process in vision. See Photosynthesis; 
Taxis. 

The photoreceptors of animals are highly spe- 
cialized cells which are light-sensitive because they 
contain pigments which are unstable in the pres- 
ence of light. These light-sensitive receptor pig- 
ments absorb quanta of radiant energy and sub- 
sequently undergo physicochemical changes, which 
are translated into nerve impulses conducted to 
the central nervous system. 

Morphology of photoreceptors. While their 
gross structures differ widely, photoreceptors 
examined with the high-resolution electron micro- 
scope appear to have in common a fine structure 
featuring the presence of membranous organelles 
with appreciable surface area. 

The vertebrate eye. The vertebrate eye (Fig. 1) 
can be exemplified by the human eye. The distal 
segment of the vertebrate retinal rod cell (Fig. Id) 
consists of a stack of disks enclosed by a mem- 
brane. In the rods of the guinea pig. rabbit, and 
mouse these disks consist of two membranes 30 A 


thick. These enclose a space of about 80 A, and the 
disks are spaced 100-200 A apart. Each distal seg. 
ment contains many disks; in the frog, the esti. 
mated number is 1000. The disks in the distal seg. 
ment are attached to a cilitim which runs the length 
of the segment and connects the distal and proxi- 
mal segments of the rod cell (Fig. Id). In the cone 
distal segment of the perch, the disks are composed 
of a single membrane 170 A thick. Minor variation^ 
in dimensions of the fine structure occur in the dif. 
ferent species of vertebrates examined. 

Arthropods, Photoreceptors of arthropods are 
superficially quite i(j|ifferent from vertebrate eyes; 
but the fine structure of receptor cells reveals nmt 
similarities (Fig. 2a,b), Of particular interest 
are those portions of the retinula cells, the rhah 
domeres, which are membranous organelles of ap 
preciable surface area. The rhabdomeres of ih^ 
Limulus eye are composed of interdigitating micro 
villi from the apposed surfaces of the mernl>rcint> 
of the retinula cells in the central region of the 
ommatidium (Fig. 2r,d). Collectively, the rhah 
domeres constitute the rhabdome, in the center of 
which is the dendrite of the eccentric sense (rll. 
The rhabdome is situated beneath the crystallint' 
cone directly in the light path. The^rhabdome of 
the eyes of spiders and centipedes is similar to ihai 
of Limulus^ with minor variations. In the eye oi ihr 
fly, due rhabdomeres are located along the central 
margins of the retinula cells and constitute the 
rhabdome, which is also centrally located and | 
readily accessible to any light entering the 
These rhabdomeres consist of stacks of hexagonal | 
tubes, the long axes of which are parallel to 
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fig. 1. Grofs ond An# atructurv of photorocopfort of 
a typicol vortobrota. (a) Sacflon through aya. (b) Loy- 
ari of ratlna ifrpm S. L Mfck, The Retina, Un/y. of 
Chicago ffo$$, 1947). (c) IRallhcif rods (frpm $. L 


Pofyak, The Retina, l/n/v. of Chicago Press, 7^^'^ 
(d) Rod {from F, OeRobertis, J. Bieeh^ 

CytoL, 2{3h31M29, 19561 '.ic 







' Fig. 2. Gross and fine structure of photoreceptors of 
I the horseshoe crab, LimuJus. (a) Limulus. (b) Eye. 
^ Ic) Longitudiiiui section through ofnmatidium. (d) Cross 
j section through ommotidium (from W. H. Miller, Ann. 


N.Y. Acad. Sci, 74(2):204--209, 1958). (e) Microvilli 
of rhabdomere (from W. H. Milter, Ann. N.Y. Acad. 
Sci., 74(2):204^209, 1958). 


! radius which bisects the retinula cell. The hexag- 
onal tubes are 370 A in diameter and consist of a 
peripheral membrane about 120 A thick. Some 
\driations in basic structure exist in other arthro- 
pods. 

Mollusca. Molluscan photoreceptors also possess 
innnhraiious organelles containing appreciable sur- 
fa<’e areas. The eye of the squid contains fused 
rhabdoineres which appear to be composed of 
liibiiles. That of Pecten (Fig. 3) has a unique 
membranous organelle consisting of concentrically 
arranged light and dark bands which together make 
up an oval or spherical body of about 1 ju diameter. 
The dark bands of this organelle are about 50 A 
[thick, and appear to be continuous with the stalks 
of cilia which are attached to basal bodies within 
jthe cytoplasm of the receptor cell. 

Common characteristics. The photoreceptors de- 

f eribed have in common their accessibility to light, 
he extensively developed and intricate membra- 
lous organelles and some other features. Extensive 
nembranous organelles have also been observed in 
he photoreceptors of flat worms Planaria, in the 
Pye spot of the protozoan, Euglena^ and in the 
ploroplasts of green plants. It has been postulated • 
hat these organelles of photoreceptors contain 
^ght-sensitive pigments which are thus effectively 
'Xposed to any incident radiant energy. Unfortu- 
'ately, direct proof of this postulate is lacking. The 
»8ual pigment of vertebrate rods, called rhodopsin, 
taa been localized in the distal segment of the rods; 

there is no evidence as to where in the distal 
®^ent the pigmant is situated. 

^ Mavior of pbofoaomHive pigmonto. 

hf hght-sensitive pigments of photoreceptors, 
^hich arc responsible for the absorption of radiant 


energy, all appear to have a similar chemical ebn- 
slitution. Rhodopsin, the pigment of vertebrate 
retinal rods, consists of a protein conjugated with a 
carotenoid. The latter has been identified as reti- 
nene, C 20 H 28 O, the aldehyde of vitamin A. The 
absorption maximum of free retinene is at 380 m/i; 
when it is combined with the protein, opsin (molec- 
ular weight about 40,000), the visual pigment 
rhodo{).s!n is formed, and the absorption maximum 
shifts to about 500 m/it. The agreement of the ab- 
sorption spectrum of rhodopsin with the spectral 
sen.sitivity of human dim-light vision and with that 
of many other vertebrates clearly implicates rho- 
dopsin in light reception by the rods. 

Vltrastructure and rhodopsin. Some evidence 
suggests that rhodopsin forms an integral and 
highly organized part of the ultrastructure of the 
rod. The pigment contributes 40% of the weight 
of frog-rod outer segments. Polarized light, fluo- 
rescence, and density studies all suggest that the 
molecules are highly orientated within the rodr 
Also, the rhodopsin molecule has a phospholipid 
component which, if totally removed, destroys the 
stability of the pigment. The interesting possibility 
exists that this phospholipid fraction may repre- 
sent an actual part of the structural fabric of the 
rod to which the rhodopsin molecule is bound in 
the distal segment. . 

Retinene isomers. The bleaching and resytitheais 
of rhodopsin depend upon the existence of several 
retinene isomers. The most important pair are 
illustrated in the structural formula. Only n*cis- 
retinene will, when incubated with opsin, fonn 
rhodopsin. Illumination of a rhodopsin solution 
suits in the release of retinene from the protein in 
the a!l<«trans iottXL The meolMnisBi of b|oachii|g 
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thus involves (1) the absorption of a quantum of 
light energy by the molecule, (2) the isomerization 
of the 11-cij-retinene to all-frans-retinene, and 
(3) the thermal hydrolysis of this incompatible 
isomer from its site on the protein. The intermedi- 
ate in this process, namely, the complex between 


opsin and ail-rron^-retinene before the latter has 
hydrolyzed away, exhibits an absorption spectrum 
displaced slightly towards shorter wavelengths from 
that of rhodopsin, and has been called metarbo- 
dopsin. 

Dark adaptation. After exposure to light, a re- 
covery of sensitivity by the receptor cell takes 
place; this process is referred to as dark adapta- 
tion. It is dependent upon (1) an adequate supply 
of ll-cis-retinene and (2) the rate of recombination 
of opsin with this active retinene isomer. ll-aV 
Retinene apparently is supplied partially by the 
action of an enzyme, retinene isomerase, upon the 
all-tran5‘retinene released from bleached rhodopsin. 
In addition, an e^juilibrium exists [catalyzed by 
alcohol dehydrogenase and diphosphopyridine nu- 
cleotide (DPN) I between retinal vitamin A and 
retinene. Opsin traps the ll-c£.5-retinene which is 
formed to reconstitute the visual pigment. 

Other pigments. In addition to rhodopsin, several 
other visual pigments have been identified in the 
retinas of vertebrates. Fresh-water fishes, some am- 
phibians, and certain reptiles possess a slightlv 
different form of retinene, called retinene 2 . This, 
when combined with rod opsin, forms porphyropsin. 
a visual pigment similar to the rhodopsins, but 
with an absorption maximum at 522 mix. The pro 
tein moiety of visual pigments, too, c^n be altered 
Cones contain a different opsin which combine'- 
with retinenei to form iodopsin. This pigment, 
which has been isolated from the chicken retina. 



Fig. 3. Grou and fine structure of photoreceptors of Dakin, Quart, J, Microscop, Sei,, 
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liffers from rhodopoin in its absorption maximum 
562 mft) and also in its much faster regeneration 
ate from cone opsin and 1 l-cw-retinenc. These 
jroperties account for (1) the demonstrable shift 
n sensitivity to longer wavelengths in going from 
to cone vision in a variety of animals (the 
>urkinje shift) and (2) the obviously faster re- 
ovcry of cone sensitivity which occurs during dark 
daptation. A fourth pigment, the existence of 
^hich is indicated by spectral sensitivity data, may 
e synthesized by incubating retinene^ with cone 
psin. The pigment which results has an absorption 
laximum at 620 m/i and is called cyanopsin. More 
ubtle differences in the protein moiety of visual 
igments may have extensive effects upon their 
roperties. Within the rhodopsin class, for ex- 
inple, the range of absorption maxima is from 
02 mfjL (frog) to 478 m/x (some deep-sea fish), 
'he rhodopsins of certain fish and of the alligator, 
loreover, may have regeneration rates radically 
-i.ster than those of cattle and frogs. 

It is clear that cone pigments exist which have 
ot as yet been extracted. It has been regarded as 
ssential that animals with trichromatic color 
ision have cones with at least three different 
pcrtrul sensitivities; and recently, by a technique 
f reflection photometry, the existence of three 
one pigments in the normal human eye has been 
cmonstrated. The absence of specific ones, more- 
ver, has been shown to correlate with the major 
qies of color blindness. 

Invertebrates. The visual pigments of inverte- 
rates have not been extensively studied, but those 
lentified to date appear to be chemically similar to 
lose of vertebrates. The squid has a rhodopsin 
ased on retinenei, with the interesting difference 
lat, when the pigment is photoexcited, the retinene 
loiely isomerizes but remains attached to its site 
n the protein instead of hydrolyzing away as in 
frtebrate rhodopsins. Photosensitive pigments 
ased upon retinene have also been recently iso- 
Jted from the eyes of crustaceans and insects. 
Electrical activity of photoreceptors. Despite 
extensive information about the chemistry of 
»‘<ual pigments, the mechanism by which their 
hotochemical activation is translated into nerve 
Tipulses remains obscure. 

I^^rtehrates. It has been known since the late 
800s that the vertebrate retina generates an elec- 
rica) potential upon illumination. The record of 
potential, called the electroretinogram (ERG), 

^ Polyphasic in wave form, with an initial cornea- 
fJgative component (the a wave), a large, cornea-^ 
ositive component of longer latency (the h wave), 
od an off-response. Although it has been felt by 
that the ERG is a receptor potential produced 
the rods and cones, it is probable that the neural 
^yers of the retina, the bipolar and ganglion cells, 
•^nerate much of it. Nevertheless, the ERG is an 
^^‘urate index of visual sensitivity; it has been 
that human dark adaptation and spectral 
^nsitivity curves determined electroretinographi- 
®*ly agree well with those obtained using subjec- 
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tive measurements. The method is, therefore, useful 
for obtaining data on spectral sensitivity and dark 
adaptation in a variety of animals, and has often 
been employed in preference to behavioral tech- 
niques. The ERG has also proven useful clinically 
in the early diagnosis of diseases involving the 
retina. 

Unfortunately, however, the uncertainty as to the 
source of the ERG has limited its use as a tool in 
the analysis of primary visual events. For this 
purpose, the technique of single-unit recording em- 
ploying small electrodes is the method of choice. 
This method, however, has not been successfully 
applied far to primary sensory cells in the verte- 
brate retina, A considerable body of information 
concerning the responses of retinal ganglion cells 
exists, but the ganglion cell is two synaptic steps 
removed from the primary event of photoreception. 
Therefore, such studies have been primarily di- 
rected toward problems of neural organization in 
the retina rather than toward the problem of photo- 
excitation. 

Invertebrates. Invertebrate photoreceptors, espe- 
cially the compound eye of Liniulus, the horseshoe 
crab, have afforded an opportunity for studying the 
responses of nerve fibers from presumed primary 
photoreceptor cells. Experiments of this sort, in 
which impulse discharges from a single primary 
nerve fiber are studied in response to various in- 
tensities and durations of illumination delivered to 
the sense cell have demonstrated (1) that the fre- 
quency of impulse discharge, up to some maximum, 
is linearly related to the logarithm of the stimulus 
intensity, (2) that within a certain critical dura- 
tion, usually somewhere between 0.1 and 1.0 sec, 
stimuli in which the product of intensity and dura- 
tion is constant produce discharges of identical 
frequency, (3) that the latency of the impulse dis- 
charge decreases as the intensity is increased. Some 
similar conclusions had been reached earlier on 
the basis of behavioral studies. In addition, these 
electrophy Biological recording techniques from pri- 
mary sensory fibers have been used to measure 
spectral Sensitivity and dark adaptation. 

The electrical response to illumination in the 
Limulus ommatidium has also been recorded inside 
single sense cells, using mic^opipette electrodes. 
Electrical responses recorded in this way fall into 
two classes: (1) in the majority of cases, the re- 
sponse to illuntination is a sustained depolarization 
on which small spikes, or none, are superimposed; 
(2) more rarely, the response consists of a similar 
depolarization upon which large spikes are super- 
imposed. The depolarization is a light-induced gen- 
erator potential which apparently initials the 
nerve impulse discharge in the axon. The frequency 
of the impulse train discharged is, within limi&, 
directly proportional to the amplitude of the gen- 
erator potential, and the generator potential ampli- 
tude is proportional to the logarithm of the light 
intensity. 

UgM and defiolarization. It may thus be gener- 
ally true that light energy, absorbed by a phdto- 
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senattive i>igment, acts to produce a sustained 
depolarkation of sense cells by increasing the 
permeability of the cell membrane, and that this 
depolarization acts as a generator potential to 
initiate nerve impulses. The nature of the mecha- 
nisms by which the absorption of light and the 
chemical changes which follow it trigger this gen- 
erator potential is, however, still a mystery. 

[d. Kennedy; v. j. wulff] 


Photosphere 

The photosphere of the Sun (the visible surface of 
the Sun or other stars) is a gaseous layer a 
few hundred kilometers thick with an average ef- 
fective temperature of 5780°K, determined from 
the total radiation per square centimeter. The 
temperature is maintained by convection which 
brings hot material from the opaque solar interior 
to the surface in the form of rising columns of 
gas {see Stellar evolution). The convection pro- 
duces a small-scale granular texture which is visi- 
ble through a projection telescope. In areas where 
strong magnetic fields inhibit the convection, the 
photosphere cools and dark sunspots appear. See 
Sun. [j. w. evans] 

Photosynthesis 

Literally, synthesis of chemical compounds in light. 
The term photosynthesis, however, is used almost 
exclusively to designate one particularly important 
natural process of this type: the manufacture, in 
light, of organic compounds (primarily certain 
carbohydrates) from inorganic materials, with 
simultaneous liberation of oxygen, by chlorophyll- 
containing plant cells. This 1)100638 requires a 
supply of energy in the form of light, since its 
products (carbohydrates and oxygen) contain 
much more chemical energy than its raw materials 
(water and carbon dioxide). This is clearly shown 
by the liberation of energy in the reverse process, 
the combustion of organic material with oxygen. 
See Plant re.spiration. 

The light energy, taken up by the pigments of 
the photosynthcsizing cells, especially by the green 
pigment, chlorophyll, is partially converted by 
photosynthesis into stored chemical energy. To- 
gether, the two aspects of photosynthesis — the con- 
version of inorganic into organic matter, and the 
conversion of light energy into chemical energy — 
make it the fundamental process of life on earth. 
It is the unique source of all living matter and of 
all life energy on our planet. 

Since fossil fuels (coal, oil, peat) are half- 
decayed products of plant photosynthesis from past 
geological ages, it can be said that not only all 
life energy, but also nearly all industrial power, 
as well as all domestic beat, have their origin in 
photosynthesis. Exceptions are wind and water 
power and nuclear power. 

The elements carbon, oxygen, and hydrogen are 
exchanged, through photosynthesis and respiration, 
in an endless cycle, between the organic and the 
inorganic worlds* However, one ingredient of pho- 
tosynthesis — ^Ugtst energy— is not regenerated in 


this cycle. Therefore, life on earth can be main, 
tained only by the constant supply of solar energy- 
and its utilization through plant photosynthesis. 

The speed of photosynthesis. Under favorable 
external conditions, photosynthesis is a remark, 
ably fast process. With an adequate supply of car- 
bon dioxide and light, a green cell will produce 
much as 30 times its own volume in oxygen every 
hour. The rate of photosynthesis can be varied by 
varying the supply of carbon dioxide, the intensit\ 
or color of illumination, or the temperature. In 
addition to these easily controllable external con. 
ditions, the rate of photosynthesis depends also on 
the age, nutrition, and physiological condition> 
within the organisiiiL factors which are much more 
difficult to define and control precisely. 

Turnover of photosynthesis on earth. The total 
turnover of photosynthesis on earth has hrm 
roughly estimated in two ways: by averaging; the 
yields of organic matter per unit area of field, 
forest, steppe, and ocean; and by determining the 
average utilization of incident solar energy 
vegetation-covered areas (which is of the order of 
1 % if the whole solar spectrum is taken into eon- 
sideration, or 2% if only visible light is consid 
cred). Both procedures lead to numbers of the 
magnitude of 100,000,000,000 (]0'‘) tons of cai 
bon transferred from the inorganic inW) the organi( 
state each year. This corresponds to about 10'' 
kilocalories (lO^'"* kilowatt-hours) of light ciierj!\ 
stored annually. The estimate is rough, niainl> lx* 
causijf'of uncertainty as to the average rate of pine 
tosynthesis in the world’s oceans. 

The over-all reaction. The net over-all cheniirjl 
reaction of photosynthesis is 


ILO + CO 2 + light energy 

EnzymoH 


{CH 20 )„ + O 2 - 112 kcal/inole 


where (CH 2 O |„ stands for a carbohydrate (sugar). Ail 
oxygen liberated in photosynthesis originates in water, 
and none in carbon dioxide, as shown by experimcnl' 
with isotopic tracers in which, tracer oxygen wa? 
found in liberated Oa when it waa incorporated into 
water but not into carbon dioxide. These experi 
ments were made by S. Ruben, M. Randall, M. D. 
Kamen, and J. Hyde in 1941. 

The photochemical reaction in photosynthfid^ 
belongs to the type known as oxidation-reduction, 
with carbon dioxide acting as the oxidant (hydro- 
gen or electron acceptor) and water as the rf* 
ductant (hydrogen or electron donor). The unique 
characteristic of this particular oxidation-reduc - 1 
tion is that it goes “in the wrong direction, 
converting chemically stable materials into chemi* j 
cally unstable products. Light energy is used tfl . 
make this “uphill” reaction possible, and a con- 
siderable part of the light energy utilized is store^l 
as chemical energy [112 kilocalories per mok* 
or 44 grams, of reduced carbon dioxide, as indicate^! 
inEq. (1)]. 

A muitlstaga process. From 
amount of research by plant 
chemists, photochemists, and bioimysiolsts, h ^ 
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that photosynthesis is a complex, multistage 
rocess- Its main parts are the primary photo- 
hemical process, in which light energy, taken up 
y chlorophyll, is converted into chemical energy, 
1 the form of some energy-rich intermediate prod- 
(•ts, and enzyme-catalyzed “dark” (that is, not 
hotochemical) reactions, by which these inter- 
lediales are converted into the final products — 
jrbohydrates and free oxygen. These reactions of 
hotosynthesis can be grouped into three phases, 
s shown in the scheme of Fig, 1. Phase 1 is the 
^^oliition of oxygen from dehydrogenated water by 
«eries of dark reactions. This is the least-known 
miert of photosynthesis. About all that is known is 
lat it is enzymatic and requires manganous ions, 
base 2 is the transfer of hydrogen atoms, H (or 
pctrons) — -not of hydrogen molecules, H 2 — from 
n unknown intermediate in phase 1 to some inter- 
icfliate acceptor capable of reducing carbon 
uixide. This is the light phase of photosynthesis. 
ha.se 3 is the reduction of carbon dioxide by a 
Ties of dark reactions. The use of radioactive car- 
on (carbon 14) as a tracer has given considerable 
isight into the nature of these reactions. This 
base, like phase 1, occurs at a more or less con- 
ant level of energy. 

The Hill reaction. Various observations suggest 
lal the immediate action of light (the primary 
bulocliemical process) in photosynthesis involves 
u* transfer of hydrogen (or electrons) from water 
or from a large molecule into which water has 
eri inror[)orated in a preparatory step) to an ac- 
pptor (primary oxidant) X. The latter is not yet 
firmly identified molecule. Some believe it to he 
icotinamide adenine dinucleotide phosphate, usu- 
lly alihrevialed as NADP (previously called 
I’N ) ; but it could also be another biological cata- 
'jt, such as ferredoxin, with a similarly high, or 
veri higher, reduction potential — that is, a coin- 
ound which is relatively unstable in the reduced 
^rm, and thii§i has a strong tendency to transfer its 
ydrogen to other molecules. 

These conclusions are made plausible by consid- 
ration of the so-called Hill reaction (named after 
discoverer, R. Hill). This reaction is a process 
1 which illuminated chlorophyll-bearing fragments 
f plant cells produce oxygen from water, without 
wncomitant reduction of carbon dioxide, but with 
reduction of added, less stable oxidants, such as 
Muinone or ferricyanide. Since the quantum re- 
uirement and other kinetic characteristics of the 
fill reaction prove to be similar to those of photo- 
synthesis, it can be assumed that in the Hill reaction 
primary photochemical apparatus of photosyn- 
is preserved more or less intact. In this reac- 
‘^n, however, the coupling of the primary photo- 
etnical process with the enzymatic mechanism 
[ .cn brings about the reduction of carbon dioxide 

* paired by the mechanical destruction of the 
ell. 


In 


1954, with the use of as a radioactive 


it iiYas observed that certain organic com- 
^^nnds, containing the tracer and having reduction 
up to that of sugars, are formed by illumi- 



Fig. 1. Schematic illustration of photosynthesis. Phase 
I, oxidation of water, consists of enzymatic reactions 
converting dehydrogenated water to free oxygen. 
Phase 2, the light reaction, is the transfer by light- 
excited chlorophyll (Chi) of hydrogen (or electrons). 
Phase 3, reduction of carbon dioxide, consists of en- 
zymatic reactions converting carbon dioxide and light- 
supplied hydrogen to carbohydrates (CH 2 O,,). 


iiating whole or fragmented chloroplasts in the 
presence of C'‘*-labeled carbon dioxide, provided 
certain auxiliary substances are supplied. This sug- 
gests that the coupling of the photocihemical ap- 
paratus with the carbon dioxide enzymatic system 
is not entirely lost by the mechanical destruction 
of the cells; or, at least, that this coupling can be 
partially restored by the addition of these com- 
pounds. 

The quantum process of photosynthesis. In 

photosynthesis, the energy of light quanta is con- 
verted into chemical energy. In the conversion of 1 
mole of CO 2 and 1 mole of H-jO into 1 mole of car- 
bohydrate groups, CH 2 O, and 1 mole of oxygen, ac- 
. ording to Eq. (1), about 112 kilocalories of total 
•^mergy. c)r, und(;r natural conditions, about 120 
kilocalories of potential chemical energy (“free en- 
ergy”) are stored. Light is absorbed by matter in 
the form of cpianla of energy (photons). A 2^ 
energy conversion yield means that an average of 
considerably over 100 quanta are absorbed by the 
pigments, under natural conditions, to bring about 
the reduction of one molecule of carbon dioxide. 
See Absorption (Electromagnetic radiation); 
Photon. 

Under natural conditions, carbon dioxide supply 
is not always adequate, while light supply may be* 
overabundant for most effective utilization. Further- 
more, not all plant cells are in the most productive 
physiological state. By using turbalently flowing 
suspensions of microscopic unicellular algae in 
carbon dioxide-enriched water, a utilization of up to 
7% of absorbed visible sunlight has been obtained 
in large-scale experiments. Under still more favors 
able small-scale laboratory conditions (very weak 
illumination and very effective carbon dioxide sup- 
ply to the algae by strongly stirred carbonate-., 
bicarbonate buffer solutions), up to 30% of ab- 
sorbed light energy could be converted into stored 
chemical energy, corresponding to i quantum 
quirement of about 8 quanta per molequle of carr 
bon dioxide. (These mea&iu'mietita were made bir 
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R. Emerson and several other investigators.) This 
is a very high efficiency, not matched by any known 
petrochemical reaction. 

It is not impossible, however, that under some 
conditions, not yet clearly established, quantum re- 
quirements of less than 8 can be obtained, perhaps 
7 or even 6, although as yet no such results have 
found general acceptance by woikers in the field. 
The answer is of considerable importance for the 
interpretation of the mechanism of light action in 
photosynthesis. The reduction of one molecule of 
carbon dioxide to the carbohydrate level requires 
the transfer of four hydrogen atoms: 


CO. + 411 fCHd)^ [CH.O| + H.() (2) 

A quantum requirement of 8 (or more) would thus 
permit two quanta to he used for the transfer of 
each hydrogen atom (or election) . 

The two-quanta hypothesis. A specifii mecha- 
nism, in which two ((uanta are used to transfer one 
hydrogen atom in photosynthesis, was suggested by 
experiments of Robert Emerson in 1^6 58. Earlier 
(1943), Emerson had discovered that the “quantum 
yield of photosynthesis” (nurnher of Oj molet ules 
evolved per absoibed quantum), while constani a! 
the shoiler wavelengths of light (led, oiange, 
yellow, green), declines in the dark red above 
680 mfj (the “led drop”). Thirteen yeais later, 
Emerson found that this low yiidd can be enhanced 
if both (hlorophyll a and b are sirnullaneously ex- 
cited (only chlorophyll a absorbs above 680 m/i ) 
The “Emerson enhancement efTe< t” suggested that 
two pigments must be exc ited lo perform e(h< ient 
photosynthesis and thus indicated involvc’inent of 
two light reactions in photosynthesis, one scmsiti/ed 
by light absorption in chlorophyll a, and one liv ab- 
sorption in another pigment (for examtde, chloro- 
phyll b ) . 

R. Hill and F. Bendell proposed, in 1960, that 
one of these reactions is the transfer of hydrogen 
(or of an electron ) from some intei mediate in the 
conversion of water lo oxygen to a cytochrome 
(specifically, so-called cytochrome bi,), while the 
other is the transfer of hydrogen (or electron ) from 
another cytochrome (specifically, cytochiome /) to 
an intermediate in the conveision of carbon dioxide 
to carbohvdiate. The intermediate transfer of 
hydrogen (or electron) fiom (ytochrome to 
cytochrome / can occur by a dark reaction, because 
the former is a stronger reduclant than the latter. 
The “bucket brigade” for the transfer ot hydrogen 
can thus be repiesented as follows: 


Hit) ^ cytochrome ytochrome / 

Sytitom ll ^ ^ I 

NADP C()2 (3) 


where hi' represents a light quantum. 

The designation of the first light reaction in the 
sequence as 11, and of the second one as T, is some- 
what confusing but is widely used. Experimental 
evidence for the key role of cytochromes in this 
sequence was provided in 1960 by L. N, M. Duysens. 


Whether two cytochromes are involved, as suggeatec 
in Eq. (3), or just one, and whether NADP or fer 
redoxin or some other compound is the immediati 
acceptor of hydrogen in light reaction I remains un 
certain. Also uncertain as yet is the possible role o 
other experimentally identified oxidation-reductioi 
catalysts such as plastoquinone, plastocyanin, am 
certain flavins whose reductor potentials are closi 
to those of the cytochromes and /. 

Subsequent experiments by Govindjee and E. I 
Rabinowitih, C. S. French, L. R. Blinks, J. Myer^ 
H. Giffron, D. Fork, L. N. M. Duysens, J. B. Thoma* 
C. P. Whittingham, and others enlarged Emerson’ 
observation by suggesting that plants contained twi 
pigment “systems.^'- One (system I, sensitizing rc 
action I) contains the majoi part of chlorophyll a 
the other (system II, sensitizing reaction 11) con 
tains chlorophyll b and other auxiliaiy pigment 
(foi example, the led and blue pigments, callei 
phycobillins, in red and blue-green algae, and th 
brown pigment fucoxanthol in brown algae ani 
diatoms). The data of Govindjee and E. I. Rabim 
witch suggest that system H contains also som 
chlorophyll a (in green cells and diatoms jt js , 
special form of it with an absorption band at 67( 
m/i. chlorophyll a 670) It appeals that eflicierii 
photosynthesis rccpiires the alisoiption of an cqiia 
number of quanta in system T and in System II, anr 
that within both systems excitation energy unclir 
goc*s resonance migration from one pigment to an 
other, until it ends m a sjiec lal molecule of cliloru 
phyjl r/, the latter then enters into the chemical it* 
actions. 

The resulting scheme of photosynthesis is sbowi 
in Fig 2. It inc hides the recent findings ot R Kok 
H W. Wilt, L. N. IVI. Duysens, D I Arncm and 
eial others. The two veitical arrows suggest the Ivm 
light leactions (transfers of hydrogen atoms o’ 
electrons), the horizontal or slanted arrows thedarl 
reactions. On the left of this diagram is a scale o 
oxidation-reduction potentials, co. 

Photophosphprylation. it lias been shown on 
bacterial material by A. Frenkel and on chloroplasi 
material by D. I. Arnon and coworkers from green 
plants that these pigment-bearing particles, when 
illuminated in the presence of ADP (adenosine di 
phosphate) and inorganic phosphate, use lighten 
ergy to synthesize ATP (storing about 10 kcti! 
of converted light energy in each molecule of the 
high-energy phosphate ATP). This photopho- 
phorylation could be associated with some enerp 
releasing step in photosynthesis. A possible 
tion of this step is shown in Fig. 2 — the reduction 
of cytochrome / by reduced cytochrome fee- Thi* 
would be analogous to the way in which ATP i*^ 
duced in respiration. The ATP produced in the 
stage of photosynthesis apparently is needed 
make some later, enzymatic reactions (such as 
reduction of a carboxylic acid by reduced NAPP^ 
run in the needed “uphill” direction. See Ade^^® 
SINEDIPHOSPHATE (ADP) ; AdENOSINETBIPHI^^ 
PHATE (ATP). 
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Fig. 2. Two light steps in photosynthesis (compare 
with Fig. 1). ZH. is the (unknown) primary donor of 
hydrogen atoms (or electrons). ADP is adenosine di- 
phosphate and ATP is adenosine triphosphate (high- 
energy phosphate). P680 is an unknown “trap” in 
pigment system 11, P700 is pigment 700, the energy 
trap for system I. NADP is nicotinamide adenine 
dinucleotide phosphate, FD is ferredoxin, FP is 
flavoprotein, PGA is phosphoglyceric acid, RuMP is 
ribulose monophosphate, and RuDP is ribulose diphos- 
phate. The two photosynthetic units involved in the 

Saturation: light and dark reactions. If the rate 

photosynthesis is plotted as a function of light 
; inien.sity, a curve results which shows first a pro- 
;portional increase, then a gradual saturation. This 
I saturation could be due to various causes. One is ^ 
^he limitation of carbon dioxide supply from the 
Outside. Further increase of light intensity be- 
^omes of no use when all carbon dioxide molecules 
^caching the cell are used up As fast as they arrive. 
Carbon dioxide concentration can thus act as a 
hmiting factor, (The same principle applies to the 
^ffeci of increasing carbon dioxide concentration 

'veak light, when the reaction is light-limited. ) 

The COneenf ni limitinnr fn/'trkra WA* intfodliccd 


process are indicated by dots. Unit I contains mainly 
long-wave forms of chlorophyll a, with (in the case of 
red and blue-green algae) a certain amount of phyco- 
erythrin and phycocyanin. Unit II contains chlorophyll a 
670 and all “accessory" pigments — chlorophyll b in 
green cells, phycoerythrin and phycocyanin in red and 
blue-green algae, fucoxanthol and chlorophyll c in 
brown algae. The light energy absorbed in I is de- 
livered, by transfer, to o molecule of P700; by analogy, 
the energy absorbed in II is supposed to be delivered 
to a molecule of the hypothetical pigment P680. 

by F, Blackman n into photosynthesis in 1905. It ih 
not a special characteristic of photosynthesis but ap- 
plies to all chemical systems in which one or sev- 
eral reactants must be continuously supplied from 
the outside to keep the reaction going. . (Light can 
be considered. as a reactant in photochemistry.) 

When the supply conditions for carbon dioxide 
and light are most favorable, the rate of phot6- 
synthesis still shows saturation. This is generally 
attributed to the need, for the completion of photo- 
synthesis, of at least one (and more likely, several) 
light-independent enzymatic reactions. An enzyme- 
catalyzed reaction has a certain maximum rate, 
En/t^ determined bv the total amount of its catalyst 
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(enzyme) available in the cell, i?o, and its turnover 
time, vthich is the average time the enzyme mole- 
cule must work (at a given temperature) on a 
molecule of the reaction substrate before its trans- 
formation is completed : 

Fn.ux = Eo/t (4) 

The several enzymes involved in photosynthesis 
thus impose ceilings on the maximum speed at 
which photosynthesis as a whole can proceed, each 
enzyme functioning as a bottleneck of limited ca- 
pacity in the reaction path. The enzyme which im- 
poses the most effective (lowest) ceiling seems to 
be involved in the liberation of oxygen rather than 
in the reduction of carbon dioxide, since the same 
saturation rate is observed also in the Hill reaction. 

Photosynthesis in flashing light. In 1932 it was 
shown by R. Emerson and W. Arnold how the light 
reaction in photosynthesis can be separated from 
the dark reaction by the use of brief, intense light 
flashes, separated by intervals of darkness of vari- 
able duration. The main conclusion was that the 
maximum yield of Oo from a single flash is about 
one molecule of oxygen per 2500 molecules of chlo- 
rophyll present in the cell. This can be interpreted 
as meaning that the cells contain one molecule of 
the rate-limiting enyzine per 2500 chlorophyll mole- 
cules; blit if the same enzyme has to work n times 
for the liberation of one molecule of Oj, this ratio 
must be reduced to 2500/n; for example, if n = 8, 
it becomes about 300. 

The use of flashing light, with varying flash in- 
tensity and duration, variable flash grouping, and 
varying dark intervals, is one of the most important 
approaches to the understanding of the way in 
which different factors affect the over-all rate of 
photosynthesis through their effects on different 
steps in the reaction sequence. Monochromatic 
flashes have been used to gain understanding of the 
mechanism of the two light reactions. The experi- 
ments of C. S. French show that the product of 
light reaction I has a half-life of 18 seconds 
(in red algae), while that of reaction JI seems 
short-lived. 

Photochemical apparatus. The primary photo- 
chemical stage of the photosynthetic process ap- 
pears to be closely associated with certain struc- 
tural elements found in plant cells. All algae (ex- 
cept the primitive blue-green algae), as well as all 
higher plants, contain pigment-bearing intercellu- 
lar bodies called chloroplasts. In the leaves of the 
higher land plants, these are usually flat ellipsoids 
about 5000 m/x (0.005 mm) in diameter and 2000- 
3000 m^ in thickness ; 10-100 of them may be pres- 
ent in an average cell of leaf parenchyma. See 
Leaf botany. 

In algae the number and shape of chloroplasts 
are much more variable; for example, the much- 
studied green unicellular alga Chlorella contains 
only one bell-shaped chloroplast. 

All chloroplasts fixed (solidified, usually by 
means of osmic acid) and sliced show under the 



Fig. 3. Electron micrograph of a cross section of a 
chloroplast of corn (Zea mays), fixed with osmic acid, 
and sliced. This micrograph shows lamellae and cy- 
lindrical grana formed by their local reinforcement. 
Chloroplasts of some other species show only lamellae, 
no grana. (After A. Vafter) 

electron microscope a layered structure, with al 
ternate lighter and darker layers roughly 10 in/' 
in thickness. It is generally assumed that these lay- 
ers differ in the proportion of proleidic and li- 
poidic (fatlike) substances in them. 

Two main types of chloroplasts are known. In ! 
some, the layered structure extend.s more or Ip^« | 
anifornily through the whole chloroplast bodv 
(lamellar chloroplasts). In others, this structure h j 
emphasized in certain cylindrical sections and 
less pronounced between them (Fig. 3). When sucli j 
granular chloroplasts are permitted to dry out i 
disintegrate, stacks of discs break out of the struc- 
ture, and appear ad cylindrical grana in the 
electron micrograph. 

In pholosynthesizing bacteria and in the Invest j 
truly photosynthetic plants (blue-green al| 
Gyanophyta), the photochemical apparatus is more 
primitive. However, lamellae similar to those w 
chloroplasts have been observed also in blue-green 
algae (and much smaller lamellar particles, in bac- 
teria). The true unit of photochemical apparatus 
may be a lamella consisting of two membranes- 
Evidence of a “cobblestone” appearance of the 
lamellae in higher plants has been noted on elc<" 
iron micrographs. These “cobblestones” could 
perhaps identified with photosynthetic units (fOP 
taining about 300 chlorophyll a molecules) » ^ 
way in which these units are attached to the nicn>‘ 
hranes remains uncertain. The “cobblestones” 
been given the name quantasomes to indicate th^ 
they are the probable sites of the light reaction 
photosynthesis (Fig. 4). 

Distribution of chloroph|f£ > ki, generally as-j 


^ ^ed that chlorophyll molecules are located at 
h interfaces between the proteidic and the li- 
^oidic layers of the chloroplasts, perhaps forming 
one-molecule-thick cohesive layers (monolayers). 
Estimates suggest that the total area of such inter- 
faces in a chloroplast is just about adequate to ac- 
commodate all the chlorophyll molecules present, 
llowing about 1 for each molecule. 

What could be the purpose of a laminar structure 
painted over,” as it were, with monolayers of pig- 
ments? Two hypotheses are offered, both of which 
may be correct. One is that the two-dimensional, 
laminar structure creates the best conditions for 
easy access of the reaction substrates to the chloro- 
phyll molecules, and also for rapid removal of the 
reaction products. Considering that photosynthesis 
is by far the fastest metabolic process in the cell, 
easy supply and removal of reactants may be an im- 
poiiant advantage. (In terms of number of mole- 
cules transformed per unit volume per unit lime, 
photosynthesis can be 10 or 20 times faster than 
respiration.) The other hypothesis places emphasis 
(in iho possibility of excitation-energy migration in 
the pigment layer. The absorption of a photon acti- 
\ates a single chlorophyll molecule, transferring 
it into a short-lived, energy-rich excited state. To 
nunimize the danger of the dissipation of this ex- 
citation energy before it can be used for photo- 
chemical purposes, it may be advantageous to per- 
mit the energy to move around, jumping from one 
jtlilorophyll molecule to another, thus increasing 
;tlie chance of its encounter with the reaction sub- 
^«trates. Such a mechanism of resonance energy nii- 
fgralion is in fact postulated in some theories of the 
[primary photoprocess in photosynthesis. It is a 



PS- 4. Membranes containing chlorapkyll taken from 
*Pinach chloroplast. This chromium-shadowed prepa- 
shows that the membrane is composed of a 
ordered array of units called quqntasomes. 
!!\ [AftBr R, B. Park, courfety of Science, 144 

P2I). )964] 
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plausible, but by no means a proven, concept. 

However, the picture of chlorophyll molecules 
distributed in uniform monolayers on interfaces 
between proteinaceous and lipoidic lamellae may 
he oversimplified. There is considerable evidence 
that not ail chlorophyll a molecules in the cell are in 
the same state. These kinds of chlorophyll differ in 
the positions of their absorption bands and in their 
capacity for fluorescence, and they may have differ- 
ent functions in photosynthesis. Only a small frac- 
tion of chlorophyll a may be closely associated with 
the primary photochemical process, while the rest 
serves primarily a.s energy-supplier to it. These 
differences in function must be somehow associated 
with the spatial arrangement of chlorophyll mole- 
cules in the layered structure, but just how is as yet 
unknown. 

Accessory pigments. An interesting problem is 
also the location in the chloroplasts, and the func- 
tion in photosynthesis, of so-called accessory pig- 
ments — that is, pigments other than chlorophyll a, 
the one pigment present in all photosynthetically 
active plants. In the first place, there are other 
chlorophylls, such as chlorophyll b in higher plants 
and green algae, and chlorophyll c in brown algae. 
Then there are nonchlorophyllous pigments, be- 
longing to two groups: (1) The carotenoids, so 
called because of similarity to the orange pigment 
of carrots, are a variable assortment of pigments 
found in all photosynthetic higher plants, algae, 
and even bacteria. (2) The phycobilins, or “vege- 
table bile pigments,” are chemically related to ani- 
mal bile pigments. The phycobilins are either red 
(phycoerythrins) or blue (phycocyanins) . Both 
types are present in red algae (Rhodophyta) and 
blue-green algae (Cyanophyta) ^ the red pigment 
prevailing in the first group of organisms and the 
blue pigment prevailing in the second group. See 
Carotenoid. 

In 1884, Engelmann suggested that all these 
pigments contribute to photosynthesis. Later it 
was concluded that only light absorbed by chloro- 
phyll was of importance. However, it is now clear 
that light absorbed by accessory pigments does 
contribute to photosynthesis. These conclusions 
are derived from measurements of the so-called 
action spectra of photosynthesis obtained primarily 
by R. Emerson, and by F. T. Haxo and L. R. Blinks. 
In such measurements photosynthesis is produced 
by monochromatic light, isolated by means of a 
spectrophotometer, and the production of oxygen 
(or consumption of carbon dioxide) per absorbed 
*quantuni of light (the quantum yield) is measured 
Bs a function of wavelength. The observed spectral 
variations in the quantum yield of photosynthesis 
can be related to the proportions of light absorbed, 
at each wavelength, by the different pigments in 
the cells. Measurements of this kind led t6 the 
conclusion that quanta absorbed by carotenoids are 
50-80% less effective than those absorbed fay 
chlorophyll a in contributing ener|;y to photo- 
synthesis. An exception is^ f ucoxanthd^ carote* 
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noid that accounts for the color of brovn algae 
{Phaeophyta) and diatoms (Bacillariophyta) . This 
pigment supplies light energy to photosynthesis 
about as effectively as the green pigment. The red 
and blue pigments of the Rhodophyta and Cyano- 
phyla are also highly effective, as effective as 
chlorophyll or somewhat less, depending, among 
other things, on the history of the algae, particu- 
larly the color of the light to which they have be- 
come adapted. 

Energy transfer between pigment molecules. 

Chlorophyll a in plant cells is weakly fluorescent; 
this means that some of the light quanta absorbed 
by it (up to 3% ) are reemitted as light. Observa- 
tions of the action spectrum of chlorophyll fluores- 
cence in different plants have suggested close 
parallelism with the action spectrum of photosyn- 
thesis. fn other words, fluorescence of a form of 
chlorophyll a in the plant can be excited also by 
light absorbed by the accessory pigments, with the 
probability of this sensitized fluorescence closely 
paralleling that with which the same light is used 
for photosynthesis. (These measurements were 
made by H. J. Dutton and coworkers, L. N. M. Diiy- 
sens, C. S. French, and others.) Excitation of chlo- 
rophyll fluorescence by light quanta absorbed by 
phycoerythrin requires transfer of the excitation en- 
ergy quantum from the primarily excited phycoe- 
rythrin molecule to a nearby chlorophyll molecule 
(as in acoustic reasonance, where striking one bell 
causes another nearby bell to ring). Therefore, it 
can be suggested that light quanta absorbed by ac- 
cessory pigments, such as carotenoids and phyco- 
bilins, contribute to photosynthesis by l)cing trans- 
ferred to chlorophyll «. By this mechanism, red 
algae, growing relatively deep under the sea, where 
only blue-green light penetrates, can supply the en- 
ergy of this light to chlorophyll, which does not 
itself absorb it. 

If excitation energy can be transferred effi- 
ciently, in the chloroplasts, from accessory pig- 
ments to chlorophyll, there is a good probability 
that a similar transfer can and does occur also be- 
tween different chlorophyll mole<’,ules themselves. 
If this happens repeatedly during the lifetime of 
excitation, the excitation energy can migrate as 
much over considerable distances in the chloro- 
plast. A.S suggested in the section on distribution 
of chlorophyll, this migration of excitation energy 
may have advantages from the point of view of effi- 
cient utilization of absorbed light quanta for photo- 
synthesis. 

Electron transfer in chloroplasts. It has also 
been suggested that absorption <^f a light quantum 
in the dense layer of chlorophyll molecules may lift 
an electron into a state in which it will be able to 
move through the lamella. This is comparable to 
photoconductivity, a phenomenon known to occur 
in certain insulating crystals, which become elec- 
tric conductors when irradiated with light. In this 
way, an electron may become spatially separated 
from the positive chlorophyll ion and may then act 
as a reductant at some location in the chloroplast 


structure (addition of an electron is equivalent to 
reduction — compare, for example^ the conversion 
of ferric ion, Fe^^^ to ferrous ion, Fe^+), while the 
positive ion may act as an oxidant by taking an 
electron away from a substrate in another place 
Thus the oxidation and the reduction products of 
the light reaction will he spatially separated, and 
the danger of their recombination, with the loss of 
stored energy, reduced. 

This picture of photosynthesis as a process t>pi. 
cal of a solid, crystalline medium, rather than of 
a solution, is a tempting one; it has been supported 
by certain experiments on chloroplast films 
However, other considerations speak agaiimt ii. 
such as the similarily of the shape of the ahsorp. 
tion hand of chlorophyll in the living cell with it^^ 
shape in solution, and the fact that electrons can 
not remain free in the presence of water. Perhaps 
the solid-state theory applies only to very small 
regions in the chloroplasts or grana, containing 1(1 
or 100 pigment molecules. 

The t‘oncept of electron transfer is used, in the 
theory of photosynthesis, also in a soinewhal dif 
ferent sense. In the section on the two-quantij 
hypothesis, the scheme of photosynthesis was di- 
cussed in which two cytochromes were involved 
intermediates between the two photocht*mi( al 
steps. Cytochromes are known to he oxidized li\ 
conversion of their iron atoms from the Fe’ ' to llir^ 
Fe*^' state, by loss of an electron. The intermedi 
ate ep^ymatic slate in photosynthesis thus repr^ 
sents a “dowrihilP’ electron'lransfer, similar to ifiat 
in respiration. At the two ends, however, the oxida 
tion of water and the reduction of carbon dioxi(l»‘ 
must involve the loss and the aciiuisition of liydin 
gen atoms — that is. of electrons and protons. Ii 
remains uncertain where in the sequence of rcd( 
lions the hydrogen transfer is replaced by elei lroii 
transfer, and again by hydrogen transfer — in par 
ticular, whether the two primary photochemiral 
reactions themselves result in the one or the other 
Chemical role of chlorophyll. Unless a solid 
state picture of the primary photochemical proce*-" 
in photosynthesis is assumed, the question ariHC^: 
How does the chlorophyll a molecule, ultimately in 
pos.session of the absorbed quantum of enerpj. 
utilize it for an energy-storing photochemical pro* 
ess, such as the transfer of a hydrogen atom from 
a reluctant donor (perhaps water) to a reluctant 
acceptor (perhaps nicotinamide adenine dinncleo- 
tide phosphate, NADP) ? It has been suggested 
that chlorophyll acts as a typical oxidation- 
reduction catalyst — that is, by being itself first oxi- 
dized and then reduced, or vice versa, with thf 
difference that it uses its excitation energy, either 


in one or in the other, or in both, of these step^ 
Support for this plausible hypothesis is provided 
by observations of reversible photochemical oxidu' 
tion,,and of reversible photochemical reduction m 
chlorophyll in solution. Studies of changes in 
absorption spectrum of photosynthetic cells i'* 


light suggest that a small of a special form 

of chlorophyll absorfaiiitf: 4 kli^^ at 700 and 



[30 m/Ji, finds itself, during illumination, in a 

■hanged state. 

Carbon dioxide reduction. Since 1939, knowl- 
.(ige of the conversion of carbon dioxide into or- 
janic molecules, such as glucose, has been much 
tdvanced by the application of radioactive tracers, 
particularly of by M. Calvin and coworkers. It 
las been long assumed that the molecule CO 2 is not 
educed photochemically as such but is first incor- 
porated into a larger molecule. The processs is 
low generally assumed to occur by way of carboxy- 
afion, that is, formation of an organic acid from 

hydrogen-containing organic molecule: 

RH + COi -> RCOOII (5) 

By the use of tracer, it has been found that 
he (’om pound RH is a pentose, that is, a sugar 
vith only five carbon atoms, instead of the six pres- 
■!ir in the more common hexoses. The pentose in- 
olved is called ribulose, more pr€*cisely, a phos- 
)hatc ester of this sugar, ribulose diphosphate. It 
s uncertain whether the carboxylation of this 
ompound is normally accompanied by hydrolytic 
plitling, giving rise to two molecules of phospho- 
ilvceric acid, as indicated in the following equa- 
ion : 


Cf)llioO& + CO'2 llaO 2(^3Hf,()4 (6) 

acid 

P'or simpliciiy the phosphate residues are omit- 
<^d in F]q. (6) . 

The alternative to E(f. (6) is the formation of a 
ingle molecule of an acid with a six-membered 
arhon chain. Phosphoglyceric acid has been 
ound hy some workers to be the main C’ ‘-contain- 
ng product after very brief (1-10 sec) pholosyn- 
hesi« of algae in C’ ^-tagged carbonate. However, 
n these experiments, algae were killed, at the end 
d exposure, by dropping them into boiling alcohol, 
ind it has been suggested that this may have 
aused the decomposition of a 6-carbon acid into 
wo molecules of phosphoglyceric acid. 

If phosphoglyceric acid is the normal intermedi- 
ate in photosynthesis, then it is reasonable to pos- 
nlaic that the next step, after its formation, is its 
eduction to phosphoglyceraldehyde: 

'H 2 OH CHOH COOH + [XH,] -> 

rilyceric noiil , Reducluiit 

CH,OH CHOH CHO + H 2 O + [Xl (7) 

OlycAraldohyde Oxidized 

nKluctanL 

this equation [XH 2 l stands for a reduced com- 
■>ound ready to give away two atoms of hydrogen, 
eaving the hydrogen carrier |XJ behind. This 
’trong reductant must be supplied by the primary 
Photochemical process. 

The pyridine nucleotide NADP, nicotinamide ade- 
dinucleotide phosphate, serves as a mediator 
the primary photochemical oxidation- 
and the enzymatic reduction of carbon 
photosynthesis. It has been proved that 


-uuenon 
^*oxide in 
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NADP can be reduced to NADPH 2 by illuminated 
chloroplast suspension in the Hill reaction; how- 
ever, this is not in itself convincing proof of the 
postulated participation of this compound in pho- 
tosynthesis, because many different oxidants can 
be reduced under the same conditions. However, it 
has been shown that NADP occurs in high enough 
concentration in chloroplasts to serve as a reduc- 
tant in photosynthesis and that it does undergo 
photochemical changes in vivo. 

One difficulty arises: NADPH^ is not a strong 
enough reductant to reduce phosphoglyceric acid 
to phosphoglyceraldehyde (or, more generally, to 
reduce any carboxyl group, RCOOH, to the corre- 
sponding aldehyde, RCHO). In fact, the reverse re- 
action, oxidation of NADPH 2 by glyceraldehyde, 
liberates a considerable amount of energy. In res- 
piration, this reaction is coupled with the conversion 
of adenosinedipho.sphate (ADP) and inorganic 
phosphate into adenosinetri phosphate (ATP), an 
energy-storing reaction in which the oxidation en- 
ergy is neatly preserved in a so called high-energy 
phosphate bond, a widely used biological energy 
currency. It has been suggested that in photosyn- 
thesis the reverse happens — that is, the reduction 
of phosphoglyceric acid to phosphoglyceraldehyde 
by NADPH'j is made possible by coupling it with 
the energy-supplying conversion of ATP back into 
ADP and inorganic phosphate. 

This is the most common version of the mecha- 
nism of photosynthesis at present. Since glycer- 
aldehyde has the redui tion level of a carbohydrate 
(C„Il2«0»». with H:0 = 2:1), its enzymatic con- 
version to sugars, for example, to a hexose (as 
final product) or a pentose (as CO 2 acceptor, thus 
closing the cycle), can be accomplished without 
further need for light energy, by enzymatic reac- 
tions of the kinds well known from different meta- 
bolic pathways. 

Bacterial photosynthesis and chemosyrithesis. 

Certain species of pigmented bacteria, some green 
(containing a green pigment called bacterio- 
viridin, or chlorobium-chlorophyll) , some purple 
or red (containing bacterio-chlorophyll and carote- 
noids), are able to synthesize organic matter from 
carbon dioxide in light. Since the main absorption 
hand of bacteriochlorophyll is located in the near 
infrared while that of chlorophyll is in the red, 
purple bacteria can live also in invisible, infrared** 
light. In contrast to green plants and algae, these 
organisms cannot use water as a source of hydrogen 
for the reduction of carbon dioxide, and can sur- 
• vive only under conditions providing other hydro- 
. gen sources, such as hydrogen sulfide or other 
sulfur compounds, free molecular hydrogen, or 
organic compounds. In the latter case, the bacteriar 
destroy one kind of organic matter to synthesize 
another. 

Because hydrogen is bound nowhere as strongly 
as In water, these types of photosynthesis store 
little, if any, light energy. They do not have the 
same significance as true photosynthesis in the 
transformation and storage of cosmic energy on 
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earA. In fact, all they can do is to utilize, in light, 
chemical energy already available in the form of 
unstable hydrogen compounds. In roost cases 
light energy is used by them merely or mainly as 
chemical activation energy, as it is also used in 
most photochemical reactions in vitro. 

It is uncertain whether bacterial photosynthesis 
involves one or two light reactions. Eight quanta 
seem to be required for the reduction of one CO 2 
molecule in bacteria but they show no “red drop” 
or Emerson effect. The absence of Emerson effect 
was shown by L. R. Blinks and C. B. Van Niel. 

It is unknown whether bacterial photosynthesis 
is an earlier mode of life, preceding true photo- 
synthesis, or a later form of life into which true 
photosynthesis has degenerated in chemical sur- 
roundings providing certain sources of hydrogen. 
In any case, bacterial photosynthesis is bound to 
remain limited to a few natural habitats, such as 
stagnant canal waters or volcanic sulfur springs. 

For the sake of completeness, mention should be 
made also of chemosynthetic bacteria, cells which 
can achieve the conversion of carbon dioxide to 
organic matter with the help of hydrogen donors 
similar to those utilized by photosynthetic bacteria, 
but without the help of light. They simply burn 
chemical fuel by a mechanism permitting them to 
salvage some combustion energy to reduce carbon 
dioxide. In the simplest case, that of so-called 
hydrogen bacteria, the cells oxidize one part of mo- 
lecular hydrogen to water and use some of the liber- 
ated energy to transfer another part of the hydrogen 
to carbon dioxide. Whereas photosynthetic bacteria 
can live anaerobically, the chemosynthetic ones re- 
quire oxygen to keep their energy-liberating process 
in operation. Some chemosynthetic organisms have 
developed wherever oxidizable material is present 
in nature, be it coal, oil, free hydrogen, sulfur com- 
pounds, ammonia, nitrite, or ferrous salts. Again 
the question can be asked: What is the evolutionary 
role of the chemosynthetic way of life? Is it a pred- 
ecessor of photosynthesis, or is it degradation of 
photosynthesis under especially “easy” conditions 
of abundant energy supply? 

[govindjee; e. I. rabinowitch] 
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Phototransistor 

A semiconductor device with electrical character- 
istics that arc light-sensitive. Phototransistors dif- 
fer from photodiodes in that the primary photo* 
electric current is multiplied internally in the de- 
vice, thus increasing the sensitivity to light. For a 
discussion of this current multiplication property, 
see Transistor. 


Some types of phototransistors are supplied with 
a third, or base, lead. This lead enables the photo- 
transistor to be used as a switching, or bistable, 
device. The application of a small amount of light 
causes the device to switch from a low current to a 
high current condition. See Photoelectric dk- 

VICES. [W, R. SITTNEr] 

Phototube 

An electron tube containing a photocathode from 
which electrons are emitted when it is exposed to 
light or other electromagnetic radiation. An ele 
mentary vacuum phototube consists of a photo- 
cathode, an anode^, or electron collector, and an 
evacuated envelop^ through which radiation is 
transmitted to the photocathode. A gas phototube 
contains, in addition, an inert gas which may be 
ionized by electron current from the photocathode. 
For a description of a phototube in which the dec 
tron current is amplified by means of a secondarv- 
emission electron multiplier, see Phototube, mijl- 

TIPLIER. 

Phototubes serve as sensing elements in the dc 
tection and measurement of light and ultraviolet or 
infrared radiation. Phototubes also convert varia- 
tions in intensity of incident radiation into onrrc 
sponding variations in electron oulpgt current, ib 
in light-controlled relay circuits, and in the con\er 
sion of sound modulation of photographic film intu 
audio-frequency currents, as in the sound tracks on 
motiffi-picture film. 

The fundamental characteristics of a phototube 
are its spectral sensitivity characteristic, or oiitpiii 
current expressed as a function of the wavelenfiih 
of incident radiation at constant anode voltage, 
and its anode-current characteristics, which shov 
the dependence of anode current on applied voli 
age and radiant flux input. Gas phototubes do not 
differ from vacuum phototubes with regard to spec 
tral sensitivity characteristics, which are described 
below, but their anode*current characteristics are 
essentially different. 

Principles of operation. The anode current of a 
vacuum phototube is directly proportional to the 
intensity of radiation incident on its photocathode. 
The anode is normally connected to a positive p«' 
tential of at least 20 volts relative to the photocath* 
ode in order that the anode current be limited bv 
photoelectric emission rather than by space charge 
or electron emission velocity. 

In a gas phototube the photoelectric current is 
amplified by partial ionization of a gas contained 
in the tube at low pressure. An inert gas such 0 ^ 
neon or argon is used because photocathodes react 
chemically with other gases. At low anode voltag®^ 
the anode current of a gas phototube is emiasiot* 
limited like that of a vacuum phototube. At anndj 
potentials greater than 25 volts, electrons emitter 
from the photocathode acquire sufficient en^rg) 
to ionize some of the gas atoms. The total current 
is then the sum of the free-cleqtron current, 
positive-ion current, and t|^ current d^e to secoiK*' 
ary electrons vdiicli are^p-oduce^ by. ion 
bardroent of the photocathode. The rRtio of anod^ 



current, at an anode voltage sufficient to cause ioni- 
zation, to the emission-limited current measured at 
a lower voltage is the gas amplification factor of a 
gas phototube. This factor ranges between 3 and 
10 in rommercial gas phototubes. See Electrical 

CONDl^r^TION IN GASES* 

Gas amplification increases with anode voltage 
and with the intensity of incident radiation. Be- 
cause of their nonlinear characteristics gas photo- 
tubes seldom are used in photometric applications. 
Gas amplification increases with anode voltage up 
to breakdown voltage, which /is that voltage at 
which the ion current becomes self-sustaining. A 
self-sustained glow discharge in a gas phototube 
causes sputtering of the photocathode and rapidly 
impairs its sensitivity. 

The response of a gas phototube to rapid 
changes in light intensity decreases with increas- 
ing modulation frequency, particularly at fre- 
quencies above 10-15 kilocycles. Factors which 
govern the speed of response of a gas phototube to 
modulated radiation input are ion transit time be- 
tween anode and cathode, and delayed secondary 
emission produced at the pholocatliode by gas 
atoms which are excited to nietastable energy 
slates. The speed of response of a vacuum photo- 
lube is limited only by electron transit lime across 
the interelectrode space. 

Sensitivity to incident light. The photocathode 
of a vacuum, gas, or multiplier phototube is selec- 
tively sensitive; that is, it emits electrons photo- 
eledrically only when it is exposed to radiation 
having wavelengths in specific regions of the spec- 
trum. Cathode radiant sensitivity is the photoelec- 
tric current emitted per unit of incident monochro- 
matic radiant power. The spectral sensitivity 
characteristic of a phototube exhibits cathode radi- 
ant sensitivity as a function of the wavelength of 
radiation incident upon the window of the photo- 
tube. 

Spectral sensitivity characteristic.s are shown in 
l^ig. 2 and are designated by standard symbols S-1, 
^^'3, etc. The sharp cutoff of sensitivity on the 
short-wavelength side of the curves is determined 
primarily by the transmission <'haracteristic of the 
; glass envelope or window of the phototube. The 
k»ng-wavelength limit of radiant sensitivity is the 
; thre.shold wavelength of the photocathode. 

The sensitivity of a phototube is more easily 
nieasured as cathode luminous sensitivity, the pho- 
toelectric current emitted per unit of incident lu- 
, oiinous flux from a specified source of light. It is 
expressed in microamperes per lumen. The source 
commonly used is a tungsten-filament lamp op- 
erated at a color temperature of 2870*’K. Cathode- 
radiant and cathode-luminous sensitivities are 
ttieaaured with a collimated beam of radiation per- 
pendicular to the window of the tube. Summarized 

the table are radiant sensitivity at the wave- 
ength of maximum response, luminous sensitivity, 
other information relative to the spectral sen- 

!®piviiy characteristics represented in the illustra- 
tion. 

The quantum efficiency of a photocathode is the 
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number of electrons emitted per incident photon of 
a given wavelength. Because the energy per photon 
of wavelength X is Ac/A., where h is Planck’s con- 
stant and c is the velocity of light in vacuum, the 
quantum efficiency at a wavelength X is simply the 
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Average spectral sensitivity characteristics of typical 
phototubes. 

radiant sensitivity of the photocathode multiplied 
by the factor hc/X in appropriate units. Typical 
quantum efficiencies are listed in the table. 

Photocathode material. Photocathodes of prac- 
tical importance contain one or more of the alkali 
metals lithium, sodium, potassium, rubidium, or 
cesium in complex combination with other metals 
or with oxides of certain metals. Because of their 
high reflectivity and conductivity, the pure alkali 
metals have lower quantum efficiencies than do the 
more complex photocathodes, which invariably are 
semiconductors. 

Practical photocathodes may be classified 
broadly under two prototypes: the cesium oxide- 
silver cathode and the cesium antimonide cathode. 
The cesium oxide-.silver cathode is obtained by 
permitting cesium to react with a thin layer of sil- 
ver oxide. The resultant cathode layer is cesium 
oxide containing silver, possibly oxides more com- 
plex than CS 2 O. and a critical excess of cesiuixi. 
Phototubes which contain this photocathode have 
the S-1 spectral sensitivity characteristic. The ru- 
bidium oxide-sflver cathode is produced in a shni^ 
lar manner. 

The cesium antimonide photocathode is obtained 
by exposing a thin layer of antinyony to cesium 
vapor at elevated temperatures. Tht cathode su^ 
face is an intetmetallic compound^ cesium 





194 Miofpfab^ 


Awragto cathode characteristics 


Spectral 

sensitivity 

characteristic'^ 

Cathode 

material 

Wavelength 
of maximum 
response, A 

Peak 

radiant 

sensitivity, 

ma/watt 

Peak (cathode 
quantum 
efficiency, % 

Luminous 
sensitivity, t 
jua /lumen 

Remarks 

S-l 

CsjO, Ag 

8000 

2.2 

0.3 

25 


S-3 

RbjO, Ag 

4200 

1.8 

0.5 

6.5 


S-4 

CsaSb 

4000 

40 

12.4 

40 


S-5 

CsaSb 

3400 

49 

17.8 

40 

Ultraviolet transmitting 
window 

S-8 

CsaBi 

3650 

2.3 

0.8 

3 


S-10 

Bi, Ag, 0, Cs 

4500 

20.3 

5.6 

40 

Semitransparent 

S-ll 

CsaSb 

4400 

48 

13.5 

60 

Semi tra nsparent 

S-13 

CsaSb 

4400 

47 

13.2 

60 

Semitransparent; ultra- 
violet transmitting 
window 

S-17 

CsaSb 

4900 

85 

21.4 

125 

Semitransparent, on ro- 
flecting substrate 

S-20 

(NaKCR)Sb 

4200 

64 

18.8 

150 

Semitransparent 


* These characteristics, shown in Fig. 2, refer to typical phototubes rather than to photocathodes, 
t Light source is a tungaten-filanrient lamp operated at a color temperature of 2870°K. 


nide, containing an excess of cesium. This cathode 
has maximum sensitivity in the blue and ultravio- 
let regions of the spectrum and a threshold 
wavelength at about 6500 angstroms (A). The 
cesium-bismuth cathode is similar to the cesium 
antimonide cathode in composition and in method 
of preparation. 

The bismuth-silver-oxygen-ccsium cathode is 
formed by cesium activation of an oxidized layer 
of silver and bismuth. The S-10 characteristic asso- 
ciated with this type of photocathode is an effec- 
tive combination of the blue response of the 
cesium-bismuth cathode and the red response of 
the cesium oxide-silver cathode. This broad char- 
acteristic, which extends over most of the visible 
spectrum, is a desirable feature for phototubes 
used in photometry and colorimetry. 

The sodium-potassium-cesium-antimony, or tri- 
alkali, photocathode is produced by exposing a 
thin antimony layer to vapors of the alkali metals. 
This cathode has a higher peak radiant sensitiv- 
ity than do any of the photocathodes mentioned 
above. Its spectral sensitivity characteristic ex- 
tends from ultraviolet to infrared wavelengths. The 
tri-alkali photocathode is therefore an excellent 
panchromatic detector of visible and near-visible 
radiation. 

Photocathode construction, A photocathode 
may be either an opaque layer of the emissive ma- 
terial on a metal electrode or a semitransparent 
layer on glass. A semitransparent layer is depos- 
ited directly on the window or envelope of the pho- 
totube. A portion of the layer overlaps a high-con- 
ductivity layer of aluminum or other metal which 
provides electrical contact to the photocathode. 
Radiation transmitted through the window is inci- 
dent upon one side of the layer while electrons are 
emitted photoelectrically from the opposite, or vac- 
uum, surface of the layer. This type of photocath- 
ode is commonly used in multiplier phototubes 
having $-1, S-10, S-11, S-13, or S-20 characteristics. 


A semitransparent cathode may also be formed 
on an opaque, highly reflecting metal surface. Ka- 
diation transmitted through the cathode layer 
reflected into and partially absorbed by a relativeh 
thin layer from which photoelectrically cxciled 
electrons can readily escape. The high radiant ‘sen- 
sitivity obtainable in this manner is illustrated 1)\ 
the S-17 spectral sensitivity characteristic. 

Darir current. Dark current is the current meas- 
ured ift the terminals of a' phototube when it is 
shielded from all radiation capable of causing phn- 
toelectric emission from its photocathode. Two 
common causes of dark current are electrical con- 
ductivity across or through the insulation support- 
ing the electrodes or tube terminals, and thermi- 
onic emission from the photocathode. Elcclrkal 
conductivity can be reduced to very small values lo 
placing the cathode and anode terminals at oppo- 
site ends of the tube envelope, as illustrated in 
Fig. 1. Dark current due to thermionic emission k 
proportional to the area of the photocathode and 
increases almost exponentially with cathode tern 
perature. At 25 °C the thermionic emission from 
the cesium oxide-silver photocathode is of the or- 
der of 10"^^ amp/cm-, whereas that of the cesium 
antimonide photocathode is about 1 X 10“^® amp/ 
cm^. At low light levels such that the photoelec- 
tric current and dark current are of similar magni- 
tudes, discrimination between the two is readily 
achieved by modulating the input flux and meas- 
uring only the ac component of anode current. 

Types of service. Phototubes are used in general 
in relay operation, detection of intensity-modu- 
lated radiation, and photometry. Response of a 
phototube to a change in light level causes a relay 
to close in safety and warning devices, and n* 
counting or sorting » equipment. Since the change 
in photdeurrent may he considerably less than 1 
microampere (/iamp) in a vacuum phototube, a 
gas phototube is frequently used to trigger s thyr®' 
tron in relay applications. Typical applications 




solving the detection of intensity-modulated light 
ire reproduction of soiind-on>film and facsimile. 
a <5 phototubes are commonly used in sound rcpro- 
iiiction because of their inherent gas amplification 
ind acceptable audio-frequency response charac- 
eristic. Vacuum phototubes are used in facsimile 
ervice for which high-frequency response is re- 
[uircd. 

Vacuum phototubes are used whenever linear re- 
liorise to radiant flux input is required as, for ex- 
imple, in photometry and in colorimetry. In pho- 
omctric applications a spectral sensitivity 
haracteristic similar to that of the human eye is 
reqiiently required and may be approximated by 
neans of special optical filters used in combination 
villi phototubes which are sensitive over the visible 
pcrtriirn. In spectrophotometry two vaninm pho- 
otiihes may be used, one having S-S and the 
»lher S-1 response, in order to provide sensitivity 
It wavelengths from 2S00 to 11,000 A. In applica- 
ions such as colorimetry and the measurement of 
lensily of color film, narrow-band filters are used 
vitli appropriate vacuum phototubes to establish 
n-'^tirnulus values independently of the particular 
cn^itivity characteristics of the tubes. These char- 
icleristics differ from tube to tube as a result of 
•mall uncontrollable variations in composition of 
he pliotocathode. 

V^acuum and gas phototubes are capable of pro- 
id ing reliable service over thousands of hours of 
tperation at moderate temperatures and radiation 
pvels. Temperatures above 75 100°C and average 
atliode-cnrrent densitiles greater than about 30 
'amp /cm ' cause a gradual decrease in sensitivity. 
The life of a phototube is limited largely by slow 
'ffiision of gaseous contaminants which cannot be 
jaked out of the pilot otuhe after the photoc-athode 
s formed. [j. l. weaver] 

fiihUographr: A. L. Hughes and L. A. DuBridge, 
Photoelectric Phenomena, 1932; A. H. Sommer, 
New photoemissive cathodes of high sensitivity, 
of Scientific Instruments, new ser.. 26(7): 
725-726, 1955; V. K. Zworykin and E. G. Ramberg, 
Photoelectricity and Its Application, 1949. 

Phototube, multiplier 

^ phototube which contains one or more second- 
iry-electron-emitting electrodes, or dynodes, be- 
its photocathode and output electrode; also 
ailed photomultiplier tube. Electrons emitted by 
photocathode initiate a cascade of secondary 
'fission from dynode to dynode and ultimately to 
output electrode, or anode. Because of the 
'jgh current amplification thus obtained, a raulti- 
aier phototube is used in applications which re- 
luire high photoelectric sensitivity and fast re- 
sponse to changes in the intensity of radiation 
nput. 

^ tnultiplier phototube may be described by 
specifying its photocathode, the secondary- einis- 
|-on characteristic of its dynodes, and the type of 
y*^ode assembly or multiplier structure used in 
' ® tube. The photocathode may be aijiy one of the 
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types discussed in connection with vacuum and 
gas phototubes. For a description of various photo- 
cathodes and their characteristics, see Phototube. 

Operation. In a multiplier phototube, electrons 
emitted from the photocathode are accelerated to- 
ward the first dynode, where they liberate second- 
ary electrons. Similarly, these secondary electrons 
are directed toward the second dynode and cause 
emission of a larger number of secondary elec- 
trons. This process is repeated at all dynode stages 
of the multiplier structure which, typically, con- 
tains 6-14 stages. Each dynode is operated at a 
more positive potential than that of the dynode 
preceding it, the potential increasing by tens or 
hundreds of volts per dynode stage. In ihi.s manner, 
current-amplification factors of many millions are 
obtainable. The secondary emission from the last 
dynode is collected as anode current at the oxitput 
electrode. When high amplification factors are in- 
volved. the output section of the multiplier must be 
well isolated from the input. 

Depending on the method by which electrons are 
directed from dynode to dynode, multiplier struc- 


Typical multiplier phototube construction. 
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tures may be classified as unfocused, electrostati- 
cally focused, and electromagnetically focused. In 
unfocused structures such as the grid, Venetian- 
blind, and box types, electrons are simply acceler- 
ated from dynode to dynode by means of grids. In 
electrostatically focused multipliers a portion of 
each dynode serves to shape the electric field be- 
tween dynodes in such a manner that secondary 
emission from one dynode is focused upon the opti- 
mum area of the following dynode. Mutually per- 
pendicular electric and magnetic fields provide 
similar focusing of secondary electrons in eleclro- 
magnetically focused multipliers. 

The transmission type of multiplier may be elec- 
trostatically or electromagnetically focused. In a 
transmission type of multiplier the dynodes are 
thin plane electrodes stacked in a parallel array. 
High-energy primary electrons incident on the me- 
tallic surface of each dynode are scattered in a 
thin metal film and cause secondary emission from 
a secondary-emissive layer on the opposite surface 
of the dynode. This type of multiplier requires po- 
tentials of a few kilovolts between successive dy- 
nodes in order to cause electrons to penetrate the 
metal film. 

Dynode coatings. Of the many secondary-elec- 
tron-emitting materials available, only a few are 
commonly used as dynode surfaces in multiplier 
phototubes. These materials have comparatively 
high secondary-electron emission coefficients at 
primary-electron energies of the order of 100 elec- 
tron volts, and they can be used compatibly with 
certain photocathodes in the same envelope. Typi- 
cal dynode surfaces are cesium antimonidc on 
nickel or other metals, magnesium oxide on silver- 
magnesium alloy, and beryllium oxide on copper- 
beryllium alloy. The cesium-antimonide surface is 
formed by reaction of a thin antimony layer on the 
dynode with cesium vapor. Its secondary-emis- 
sion coefficient is about 5 at primary-electron volt- 
ages between 100 and 120. The magnesium oxide 
and beryllium oxide surfaces are formed by sur- 
face oxidation of silver-magnesium and copper- 
beryllium alloys. These dynodes have a secondary- 
emission coefficient of approximately 3 for 100-volt 
primary electrons. 

Sengitivity. The sensitivity of a multiplier photo- 
tube is the product of the photoelectric sensitivity 
of its photocathode and the current amplification 
of its multiplier structure. In the visible and near- 
visible regions of the spectrum the emission from 
typical photocathodes is of the order of 10-100 
milliamperes per watt of incident radiation. The 
sensitivity of a high-gain multiplier phototube is 
accordingly many thousands of amperes per watt 
of radiation incident on its photocathode. At con- 
stant supply voltages the signal-output current of a 
multiplier phototube is directly proportional to 
radiant flux input over many orders of magnitude. 
However, average output currents greater than a 
few milliamperes cause a gradual decrease in sec- 
ondary emission of the last few dynode stages, 
where current densities are highest. 


Anode dark current of a multiplier phototube u 
the current observed at the anode in the absence of 
all radiation capable of causing photoelectric 
emission from its photocathode. Under normal con. 
ditions of tube temperature and supply voltage tW 
dark current is predominantly amplified thermj. 
onic emission from the photocathode. This compo. 
nent of the anode dark current is proportional to 
the area of the photocathode. It can be reduced ap. 
preciably by cooling the cathode. The ultimate 
limit of detectability of a multiplier phototube k 
set by the shot noise associated with the amplified 
thermionic dark current. The rms noise current 
measured at the anode is proportional to the 
.square root of the product of cathode emission and 
the bandwidth of the output circuit. The rms noise 
current per unit bandwidth resulting from thernii. 
onic emission in typical multiplier phototubes is 
equivalent to inputs as low as 10 '* 
modulated radiation incident on the photocathode 
at normal ambient temperatures. 

Multiplier phototubes are used in the detection 
of very low levels of visible and near-visible radia 
tion. Typical uses include astronomical star track- 
ing, low-level photometry, spectrometry, flyiiip 
spot television pickup, and scintillation counting 
In scintillation counting a multiplier phototiilx 
with a semitransparent photocathocfe is u.sed in 
conjunction with a scintillating material to pio- 
duce output current pulses which are proportional 
to the energy of y-quanta or nuclear particles ca- 
pable of exciting the scintillator. In these applica 
tions a multiplier phototube has a useful operating 
life of thousands of hours. However, small change' 
in secondary emission at each dynode, when com 
pounded, produce appreciable changes in sen.sitiv 
ity during continuous operation. fj. L. w?:averi 

Bibliography: G. A. Morton, Pholomultiplier'i 
for scintillation counting, RCA Rev., ]0(4):52.v 
551, 1949; E. J. Sternglass, High speed electron 
multiplication by transmission of secondary elec- 
tron emission, Rev. Sci. Instr., 26(12) :1202, 1955: 
V. K. Zworykin and E. G. Ramberg, Photoelectric- 
ity and Its Application, 1949. 

Photovoltaic cell 

A device that detects or measures electromagnetic 
radiation by generating a potential at a junction 
(barrier layer) between two types of material, 
upon absorption of radiant energy. Typical junc 
tions for photovoltaSc cells are silicon-silicon bo- 
ride, selenium-iron, copper oxide-copper. 

The detection or measurement is performed b) 
connecting the cell directly to a galvapomewr 
whose reading is a function of the intensity of r*' 
diation falling on the cell. 

Photovoltaic cells are used as exposure meters 
in photography and are used in automation to ener- 
gize sensitive relays. The solar battery, a type *^1 : 
photovoltaic cell, may be used as a source of 
tricity for portable radios and telephone relays- 

A photovoltaic cell has practically no. dark cur- 
rent. It is generally, not adapted to used witn. 
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amplifiers. See Photoelectric devices; Photo- 
voltaic effect; Solar battery, [j. j. robillard] 

bibliography: Stanford Research Institute, Pro- 
ceedings World Symposium on Applied Solar En- 
ergy * 1956, 

Photovoltaic effect 

A term most commonly used to mean the produc- 
tion of a voltage in a nonhomogeneous semicon- 
ductor. such as silicon, by the absorption of light 
or other electromagnetic radiation. In its simplest 
form, the photovoltaic effect occurs in the common 
photovoltaic cell, used, for example, in solar bat- 
teries and exposure meters. The photovoltaic cell 
ronsists of an n-p junction between two different 
semiconductors, an n-type material in which con- 
duction is due to electrons, and a p-type material 
in which conduction is due to positive holes. When 
lijiht is absorbed near such a junction, new mobile 
rlectrons and holes are released, as in photocon- 
duction. An additional feature of a photovoltaic 
cell, however, is that there is an electric field in 
the jurx'tion region between the two semiconductor 
tvpes. The released charge moves in this field. This 
ciirrcnf flows in an external circuit without the 
need for a battery as rerfiiired in fdiotoconduction. 
If the external circuit is broken, an “open-circuit 
photovoltagc” ap])cars at the break. 

In certain rather complex electrolytic systems, 
illumination of the electrodes may give rise to a 
voltage classed as photovoltaic. See Exposure 
M i:n.R; Photoconductivity; Photovoltaic cell; 
Skmiconductor; Solar battery. [l. apker] 

Bjhliography: A. Van der Ziel. Solid State Phys- 
irnl Electronics^ 1957. 

Phreatoicoidea 

A suborder of the Isopoda and class Cru.stacea. The 
body is sybcylindrical, appearing laterally com- 
pressed, mainly because of the downward develop- 
ment of the pleura of the pleon. The first and occa- 
‘‘ionally the second thoracic segment is fused with 
the head. Antennules are shorter than the antennae. 
The eyes may be large, small, or absent. Mouth- 
parts are primitive. The first four pairs of pereio- 
pods are directed forward, while the posterior 
three pairs are directed backward. The first pair is 
suhchelate. The pleon has six distinct segments 
'vith the last being fiised with the telson but 
marked from it by a suture. Pleopods are broad, 
foliaceous and branchial in function while the uro- 
Pods are biramous and lateral. The suborder is di- 
vided into two families, the Amphisopidae, having 
both mandibles with a lacinia mobilis, and the 
Phreatoicidae, in which only the left mandible re- 
tains a lacinia mobilis. 

The suborder is an ancient one and includes a 
fossil Protamphisopus wianamattensis (Chilton) 
f^'om the Triassic beds of New South Wales. Three 
®xtant species are recorded from Australia, Tas- 
*^ania. New Zealand, and South Africa and one 
subterranean from India. 

Most species occur in fresh water. Several are 
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blind, sub|eiTanean forms and one occurs in hot wa- 
ter from deep artesian bores. A few are semiterres- 
trial, burrowing forms. [e. m. sheppard] 

Bibliography: G. Nicholls, Papers and Proc, 
Roy, Soc, Tasmania, 1943:1-14.5, 1944:1-157; 
E. Sheppard, Proc, ZooL Soc. London, 1927:1, 81- 
124. 

Phrynophiurida 

An order of Ophiuroidea in which the vertebrae 
usually articulate by means of hourglass-shaped 
surfaces and the arms are able to coil upward or 
downward in the vertical plane. There is usually a 
leathery integument, in which calcareous grai;iules 
or platelets are imbedded. Most species are found 
in deep water, and often I he arms are tightly coiled 
about the branch^'s of Idack corals, upon which 
Phrynophiurida feed. Of the three families, the 
Gorgonocephalidae often have branched arms, the 
Astcronychidae have a large disk and slender 
arms, and the Asteroschematidae have a small disk 
and stout arms. 

The foregoing families share a number of char- 
acteristics enabling their union in one suborder, 
Euryalina. One remaining family, the Ophiomyxi- 
dae, differs in having a soft, unprotected integu- 
ment, like that of Ophiocanops, but lapks the 
peculiar features of the gut and gonads in oe- 
gophiurids. For reasons too specialized to discuss 
here, it appears best to associate the Ophiomyxidae 
with the Euryalina, in the Phrynophiurida, placing 
the family in a distinct suborder, the Ophiomyxina. 
See Oegophiurida ; Ophiuroidea. [h. b. fell] 

Bibliography: H. B. Fell, Evidence for the va- 
lidity of Matsumoto’s classification of the Ophiu- 
roidea, Publ, Seto Marine Biol. Lab., 10:145-152^ 
1962. 

Phthalic acid 

One of the three benzenedicarboxylic acids of 
formula CoH 4 (COOH) 2 . o-Phthalic (or simply, 
phthalic) acid, melting point 191®C (sealed tube) 
is the 1,2 isomer; isophthalic (or m-phthalic) 
acid, melting point 347-348®C, is the 1,3 isomer; 
terephthalic acid, melting point 425^C (sealed 
tube) is the 1,4 isomer. 

The acids are prepared by peltnanganate 6t 
chromic acid oxidation of appropriate xylenes, or 
by partial chlorination of the xyleijie, folloiwed by 
basic hydrolysis and finally oxidation. o^Fhthalic 
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acid, commercially the most important of the three, 
is manufactured mainly by vapor-phase oxidation 
of naphthalene over a vanadium pentoxide cata- 
lyst at about 480®C, whereby the product, phthalic 
anhydride, sublimes from the reaction zone in a 
stale of high purity. See Oxidation process. 

Phthalic acids are used in chemical analysis, in 
preparation of esters (methyl, ethyl, and butyl 
phthalates), and in preparation of phthaloyl chlo- 
rides, GiH 4 (COCl) 2 , from the acid and phospho- 
rus pentuchloride. Phthalic anhydride can be de- 
carboxylated to benzoic acid, and can be used in 
the synthesis of indigo and derivatives of anthra- 
quinone. Phthalic anhydride reacts at elevated tem- 
perature with polyalcohols (ethylene glycol or 
glycerol) to form polyesters which are used as 
plastics. With ammonia, phthalic anhydride gives 
phthalimide. Terephthalic acid, heated with ethyl- 
ene glycol, gives polyesters used as synthetic fibers. 
See Acid anhydride; Carboxylic acid; Phtuali- 
mide; Polyester resins; Xylene. [e.b.r.J 

Phthalimide 

The imide of o-phthalic acid, also called 1,3-iso- 
indoledione. The melting point of phthalimide is 
2t38°C, and it is only slightly soluble in water. It 
is a weak acid, = S X 10 The substance is 
prepared commercially by the reaction of molten 
phthalic anhydride and ammonia; in the labora- 
tory, phthalic anhydride and either ammonium hy- 
droxide or ammonium carbonate are used. 

In the form of its sodium or potassium salt, it is 
widely used in the synthesis of both primary am- 
ines and amino acids. It is also combined with the 
rnalonic ester in the synthesis of complex amino 
acids. 

Phthalimide is used as starting material in the 
synthesis of methyl anthranilate, the active prin- 
ciple in jasmine and orange oils. See Amide, acid; 
Amine; Phthalic acid. Ie.b.r.] 

Phycomycetes 

A class of fungi of the subdivision (or, in the opin- 
ion of some mycologists, division) Eumycetes or 
Eumycophyta. The Phycomycetes are the most 
primitive of the true fungi. Many species live in 
the water and are superficially similar to certain 
green algae. In addition to the aquatic Phycomy- 
cetes there are other species that live in the soil. 
Modern studies indicate that the Phycomycetes 
evolved independently, along several lines, from col- 
orless flagellate ancestors. Some phycomycetous 
species cause disease in crops, man, and animals; 
some para&itize insects and fish: some cause food 
damage in the home and various fruit and vegeta- 
ble rots in transit and storage; other species are 
used in industrial fermentation processes. 

As in all Eumycophyta, the growing, vegetative 
thallus is enclosed in a definite cellular wall, so 
that nutrient materials must enter the organism in 
solution. Two morphological features distinguish 
the Phycomycetes from other classes of fungi. 
(1) The actively growing portions of the plant 
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Fig. 1 . Progressive cleavage in a sporangium of the 
water mold Thraustotfieca. (a) First cleavage planes 
are just apparent, (b) Cleavage planes nearly com 
pleted. (c) Fully formed sporangiospores being re- 
leased from sporangia! wall. (From Fitzpatrick, 1930, 
after Weston) 

body lack regularly spaced septa or cross walk 
Septa are generally formed only where reprodiicrive 
striiclures arise or in older relatively inactive rr- 
gions of the mycelium. (2) The fundamental, asex- 
ual reprodiH^tive unit is the sporangiospore pro 
diiced in the sporangium by a distinctive pmm- 
termed progressive cleavage (Fig. 1 ). Starting wiili 
a multinucJcale or cocnocytic mass o^ protoplasm 
contained in the young sporangium, a pattern ni 
cross walls is progressively formed until the entire 
protoplast is divided into units, each of which ulti- 
mately matures into a spore. Although each unit 
usually has a single nucleus, hiniicleate or multi 
nucleate spores are formed exceptionally in certain 
species and regularly in others. 

Morphology and reproduction. The phycomv.t 
tons thallus or plant body ranges from a single 
globular cell without branches of any sort (Fk 
2a) in the simplest of the Chytridiales, to globose, 
elongate, or branched forms with basal rhizoi(k 
(Figs. 26 and 4), and finally to a typical, exten 
sively branched and often cottony mycelium in the 
Peronosporales and Mucorales. 

Reproductive processes are also highly variable- 
Sexuality is widespread and involves the produr 
tion of one or more gametes or sex cells in eaeli 
gametangium just as spores are formed in a spo- 
rangium. Syngamy, which is the fusion of two gai"' 
etes, takes place through a number of different 
mechanisms. One of these involves the release and 
subsequent fusion of motile gametes. If these are 
morphologically indistinguishable, they are 
ferred to as plus ( + ) and minus ( — ) types; 
they are of different size, the smaller one is indt 
cated as the male ( ^ ) , the larger as the female 
( $ ) gamete (Fig. 3a,6). Other mechanisms involve 
the fertilization of a large nonmotile egg by a smai 
free-swimming sperm cell (Fig. 3c), the passage o 
male nuclei to the eggs through fertilization tubes 
(Fig. 3d), or the direct fusion of like or unlja^ 
gametangia (Fig. 56). Syngamy often occurs b^ 
tween sex cells from a single hermaphroditic 
lus but in many other instances fusion occuf 



Fig. 2. (a) One>celted, saclike thallus of Olpidium 

within an algal cell; entire thallus hos been converted 
into a sporangium and has emptied its zoospores 
/from Sparrow, 1943). (b) The thallus of Rhizophydium 
IS made up of a sporangial sac with a basal tuft of 
anchoring and absorbtive rhizoids (drawing by F. V. 
Ranzoni). 


I 


only between the products of two different thalli. 
The former situation is known as homothallism, the 
latter is known as heterothallism. See Syngamy. 

Meiosis involves halving of the chromosome num- 
her and usually occurs in the zygote; thus, the 
Pliyromycetes are, like most other fungi, generally 
haploid. Postponed meiosis leading to true diploidy 
and an alternation of gainetophytic and sporo- 
phytic generations occurs in the genus Allomyces 
nf the Blastocladiales (Fig. 4). See Mf.iosis; 
Mktagenesis. 

The asexually formed sporangiospores are pro- 
dured in great numbers and serve for rapid multi- 
plication and spread. They are usually flagellated 
and motile in the aquatic Phycomycetes and are 
^‘alled zoospores. The number and arrangement of 
the flagella have provided a sound basis for group- 
the orders concerned (see table). Electron mi- 


croscopy shows that flagella of the Phycomycetes 
have the 11 -strand structure found throughout the 
plant and animal kingdoms. 

In the Peronosporales, paralleling adaptation to 
a terrestrial life, there has been a progressive trend 
toward deciduous sporangia which are forcibly dis- 
charged from specialized sporangiophores. Such 
sporangia, instead of cleaving into zoospores, frc- 
Quently germinate directly by a hyphal tube. They 
then spoken of as conidia but their basic spo- 


^^ttgial character is clear. The sporangia of th 
Womophlhorales are also forcibly discharged as 
rule and function as conidia. 

The septum that separates the sporangium fror 
he sporangiophore in the Mucorales is frequcnti 
®^hed upward forming a dome-shaped columell 
&a). Numerous nonmotile sporangiospores ar 
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released and passively distributed by wind and rain. 
Whole sporangia are shot several feet by a remark- 
able explosive mechanism in Pilobolus* Deciduous 
conidia are produced in many genera of the Mu- 
corales and their evolution from sporangia can be 
traced through loss of the columella and progres- 
sive reduction in size until only one spore is con- 
tained within the sporangial wall. 

A resistant stage of some sort occurs in most 
Phycomycetes and serves to tide them over periods 
of adversity. Usually it is the zygote, provided 
with a thirkeni^d, pigmented wall and a rich food 
supply, that fulfills this function and remains dor- 
mant, sometimes for years. The oospores (Fig. 3d) 
of the Saprolegniales and Peronosporales and the 
zygospores (Fig. S6) of the Mucorales are good 
examples. In the Blastocladiales and po.ssibly a few 
other groups, resistant sporangia are formed on a 
sporophytic thallus. In many genera of Phycomy- 
cetes dense masses of protoplasm also become 
walled off to form resistant gemmae or chlamydo- 
sport^s. 

Ecology and physiology. The Phycomycetes oc- 
cur all over the woild in soils, in fresh waters, and 



Fig. 3. Types of gametes in the aquatic Phycomy- 
, cetes. (o) Equal, motile gametes of Olpidium (after 
[ Kusano, redrawn from H. Kniep, Die Sexbalifat der 
niederen Pfianzen, 1928). (b) Unequal motile gam- 
etes of Allomyces. (c) Motile sperm just entering the^ 
large, nonmotile egg of Monoblepharella (from Spar- 
row, 1943). (d) Gametes of Saprolegnia; the mole 
nuclei are carried to the nonmotile eggs through fer- 
tilization tubes and the fertilized eggs then develop 
Info resistant oospores (semidiagrammafk, offer Cfgus- 
sen from H. Kniep, Die Sexuatifat der niederen Pfloti- 
gen, J928). 
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Tabuter aumfnafy of the Phycomyeotes 


Order 

Habitat 

Thallus 

Spores 

Representative 

genera 

Chytridiales 

Mainly aquatic 

Sa(!l]ke to rhizoidal 

Zoospores with one 
posterior flagellum 

Olpidium^ 

Rhizophydium, 

Syrwhylrium 

Blastooladiales 

Aquatic 

Basal rhizoids and ter- 
minal hyphae 

Zoospores with one 
posterior flagellum 

Allomyces, 

BlostocladMa 

Monoblepharidales 

Aquatic 

Mostly hyphal 

Zoospores with one 
posterior flagellum 

Monohlepharelk, 

Monoblepharis 

Hyphoch y tn'ales 

Aquatic 

Saclike to limited 
hyphal 

Zoospores with one 
anterior flagellum 

Wiizidiomyveg. 

Hypbichytrium 

Saprolegnia les 

Aquatic 

Mostly hyphal 

Zoospores with two 
flagella 

Saprolegnia, 

Achlya, 

Aphanornyres 

LeptxiiniUiles 

Aquatic 

Hyphal, or basal 
rhizoids and terminal 
hyphae 

Z(X)8pore8'witJi twf) 
flagella 

I^piornitiis, 

Saprornyces 

Lagenidiales 

Aquatic 

Saclike to limited 
hyphal 

Zoo8j>ore3 with two 
flagella 

Olpidwpsis, 

Lagenidium 

Peronosporules 

Aquatic to 
terrestrial 

Hyphal 

Zoospores with two 
flagella, or conidia 

Pylhium, 

Phytvphthora. 

Perorwspora 

Entornoph thoraloa 

Mainly terrestrial 

Hyphal 

Nonmotile sporatigio- 
spores, or conidia 

Knlomophihm 

Hasidiohoius 

Mucorales 

Terrestrial 

Hyphal 

Nonmotile sporaiigio- 
spores, or conidia 

Mucor, 

Rhizopus. 

Pilobolus 


in the oceans. They grow saprophytically on every 
sort of natural organic material and parasilically on 
every major group of plants and many kinds of 
animals. Some are generalized scavengers while 
others prefer particular substrata like submerged 
fruits or the dung of herbivores, and still others 
concentrate upon cellulose, chitin, or hair. They 
range from weak facultative forms to the most 
highly obligate parasites. Among the serious crop 
diseases they cause are late blight of potatoes, 
seedling and storage rots, and the iniquitous downy 
mildews of grapes, tobacco, lettuce, and many other 
important economic plants. As insect parasites the 
Entomophthorales play a role in natural control of 
insect infestations. The fish mold, Saprolegnia, is 
sometimes a pest in aquaria and fish hatcheries, 
and certain species of Mucorales have been impli- 
cated in mycoses of higher animals and man. See 
Insect pathology; Mycology, medical; Plant 
disease; Soil microbiology. 

Except for the obligately parasitic Peronospo- 
rales, most of which remain to be cultured, many 
genera in all the major groups have been studied in 
pure culture and much is known about their nutri- 
tion and metabolism. Like most fungi the Phycomy- 
cetes are generally obligate ncrobes. However, 
Louis Pasteur showed that Mucor can cause alco- 
holic fermentation, and more recent evidence indi- 
cates that a number of the aquatic genera are actu- 
ally facultative anaerobes, being able to grow in the 
presence or absence of oxygen. Lactic acid is 
apparently one of the common products of metab- 
olism along with succinic acid, acetaldehyde, and 
various other compounds. Because of their strong 
starch-splitting capacity, species of Rhizopus have 



Fig. 4. Life cycle and reproductive behavior of the 
water mold Allomyees, Diploid spore-bearing plontS/ 
the sjgorophytes, alternate with the haploid gamate* 
bearing plants, the gametophytes. The gametophyte* 
are hermaphroditic and self-fertj|k^i5^emfdiagt®'”" 
mafic, from A. T. Brice, ^ 

Generations in Allamycet, q 




Fig. 5. Reproduction in the Mucorales. (o) Three spo> 
rongiol stalks and sporangia of the bread mold Rhi- 
zopus; the columella is shown within the spore mass 
of the two larger, mature sporangia (from H. J. Fuller 
and O. Tippo, College Botany, rev. ed.. Holt, 1954). 
lb) Stages in the sexual reproduction of Rhizopus; di- 
rect fusion of gametangia results in the formation of 
a heavy-walled zygospore. (From M. C. Coulter, The 
Sfory of the Plant Kingdom, Univ. Chicago Press, 1935) 

been used industrially to convert starchy materials 
rf sugar in the amylo process for alcohol produc- 
tion. See Ethyl alcohol. 

Whereas some phycomycetoiis species need only 
an organic source of carbon and energy, many have 
more complex growth requirements. Thiamin is a 
"idespread requirement throughout the group and 
Phycomyces has long been used as a bioa.ssay or- 
^^anisrn for this vitamin. Other demonstrated nutri- 
ent requirements, mostly among the aquatic gen- 
era, are p-aminobenzoic acid, biotin, nicotinamide, 
methionine, inositol, and an organic iron-complex 
the nature of which is still unclear. While few 
definitive chemical studies have been made, it is 
suggested that the cell walls of the Phycomycetes 
arc probably chitinous in most genera, cellulosic in 
‘^ume, and possibly a combination of the two in 
others. 

The Phycomycetes have provided material for 
many fundamental biological studies. Noteworthy 
among these are recent investigations relating to 
hormone-controlled sexuality in Achlya; hybridity, 

■ differentiation, and reproductive behavior in several 
L genera of the Blastocladiales ; and light-induced 
I growth responses in various Mucorales. [r.e.] 

^ ^f’bliography : E. A. Bessey, Morphology and 
taxonomy of Fungi, 1950; H. M. Fitzpatrick, The 
iower Fungi, Phycomycetes, 1930; F. K. Sparrow, 
Aquatic Phycomycetes, 2d ed., 1960. 

t*hylactolaemata 

^ clasB of the phylum Bryozoa. Though numbering 
than 50 species, the class is cosmopolitan, 
o^icurring in fresh waters of every continent and 
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in many climates. The colonies, with some excep- 
tions, die at the onset of winter. New colcmies arise 
by germination of dormant, seedlike bodies, called 
statoblasts, which have remained viable over winter 
or dry seasons. Statoblasts of each family are dis- 
tinctive ( Fig. 1 ) . 

The most commonly encountered family, Plu- 
matellidae, has sessoblasts and spineless floato- 
blasts. Its mosslike colonies are firm, yellowish to 
brown, chitinous or encrusted, with tubular 
branching zooids topped by tentacled polypides. 

Cristatellidae and Lophopodida<j: form soft, col- 
orless, gelatinous, baglike colonies having limited 
power of l.3comotion — some creep along the sub- 
stratum. They have spinoblasts but no sessoblasts. 

Fredericellidae resemble the plumatellids in col- 
ony appearance but have only sessoblasts or pipto- 
blasts. 

Most phylactolaematoiis lophophores are horse- 
shoe-shaped (Fig. 2) and the tentacles number 
16-106. A flexible, muscular, hollow ciliated fold, 
the epistome, overhangs the mouth on the* neural 



Fig. 1. Statoblasts of Phyloctolaemato. (o) Poeffno- 
te/fo magnifiea spinoblost. (b) Lophopus crystpllinus 
splnoblost. (c) Plumatella repens floatoblast. <d) Hy- 
alinelh punctata floatoblost, edge view; face view 
would be similar to the Plumatella floatoblast in (c). 
(e) Sfolella indica sesioblast, foce view; annulum ves- 
tigial, not a true float, (f) Sfolella indica sessoblcift, 
edge view, (g) Crista fella mucedo ipinpblast. <b) Fredf' 
ericella sultana sfsioblast or plptoblast; (0 Gentilnated 
Lophopedella caiferl stoloblast (splnoblpst), the growth 
of the first new zoold pushing sport Its two volvos^ 
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Fig. 2. Bryozoan tentacular crown, top view, dia- 
grammatic. (o) ioxosoma, an entoproct. (b) Plumafella, 
a phylactoiaematous ectoproct. (c) Fredericella, a phy- 
lactolaematous ectoproct. (d) Bowerbankia, a gymno- 
laematous ectoproct. 

side. The gut is V-shaped and attached to the body 
wall by a funiculus, a thin ribbon of tissue from 
which statoblasts and sperms develop. The ovary 
is higher up on the body wall. See Bryozoa; Lo- 
phophore; Statoblasts. | m.d.ro.] 

Phyllite 

A large group of regional metamorphic rocks de- 
rived from argillaceous sediments and recrystal- 
lized in the greenschist facies (low degree of meta- 
morphism), essentially composed of white mica 
and quartz. Phyllites are fine-grained, strongly 
schistose rocks, and the schistosity surfaces exhibit 
a glittery sheen given off by mica. They are widely 
distributed and easily recognized. In the past, ge- 
ologists called them the lustrous schists of the 
mountain ranges (the schistes lustris of the 
French and Swiss Alps). With <!fecry low metamor- 
phism the phyllites pass into slates, and with in- 
creasing metamorphism they pass into mica 
schists. See Metamorphic rocks; Schist; Slate. 

The simple mineral composition of the ordinary 
phyllite (quartz and muscovite) is explained by 
the rule of the paucity of mineral phases. With in- 
creasing content of iron-magnesia, new minerals 
like chlorite, almatidine-spessartite garnet, or chlo- 


ritoid may develop. Among the garnetiferous phy|. 
lites may be mentioned the whetstones of the Ar- 
dennes. Chloritoid minerals are present in the 
ottrelite schists of the Alps. Paragonite, the ro- 
dium-mica, is commonly present in phyllites. 

Phyllite has a wide distribution in the crystalline 
mountain ranges of the world: the Highlands of 
Scotland, mountains of Norway, Harz Mountains 
and mountains of Saxony, the Alps, Appalach- 
ians, and Great Lakes district of the United States. 
The schistosity of phyllites is sometimes 6at but 
usually is crumpled and so imperfect as to render 
the rock unsuitable for roofing material, [t.f.w.b.] 

Phyilocarida 

This term has two rather different meanings in crus- 
tacean literature. In the original wider sense, the 
division Phyilocarida includes both recent and fos- 
sil representatives of, and is thus synonymous with, 
the Malacostracan series Leptostraca. In the nar- 
rower sense, adopted by many palaeontologist.s, the 
fossil forms are placed in the order Phyilocarida. 
the order Nebaliacea being restricted to the recent 
ones. See Leptostraca; Nebaliacea. [i.go.] 

Phyllonite 

A metamorphic rock — the name is a^combination 
of phyllite and mylonite; the phyllonites occupy a 
position between the rock types representing the 
component parts of the name. There are two dis- 
tinct gtages of their development. In the first stafje 
the original rock is granulated by extreme defor- 
mation and pulverized to a mylonite. In the second 
stage, but frequently overlapping the first stage in 
time, new minerals recrystallize and grow (this is 
called crystalloblastesis) . B. Sander originally in 
troduced the name for phyllitelikc rocks whirh 
had suffered a deformation after recrystallization 
regardless of whether they were derived from ar 
gillites, like the phyllites, or from orthocatacla- 
sites. See Metamorphic rocks; Mylonite; Phyl 

LITE. [T.F.W.B.J 

Phymosomatoida 

An order of Echinacea with a stirodont lantern and 
diademoid ambulacral plates; each interambula- 
cral plate typically carries more than one primary 
tubercle {see Echinoidea). There are three fami- 
lies. The Pseudodiadematidae, of the Jurassic and 
Cretaceous had perforate crenulate tubercles. The 
Phymosomatidae, with imperforate crenulate tuber- 
cles, arose in the Jurassic. One surviving genus. 
Glyptocidaris, occurs off Japan. The Stomopn^u- 
stidae, with imperforate noncrenulate tubercles- 
also range from the Jurassic, and the sole surviving 
genus, Stomopneustes^ is a common Indo-Pacifi^^ 
littoral form. See Echinacea. [h.b.f.] 

Physical chemistry 

Physical chemistry lies between physics and chem- 
istry. It provides the theoretical basis of chemis- 
try, and explains and predioe^'p&enpmena in 



branches of chemistry, including inorganic, or- 
ganic, and analytical chemistry, and biochemistry. 
It is the foundation of chemical engineering. When 
the emphasis is more exclusively on physics, the 
subject is sometimes called chemical physics. 

Physical chemistry covers a wide variety of sub- 
jects and it uses many different techniques. It in- 
cludes studies of chemical equilibrium, reaction 
rales, solutions, molecular weights, molecular struc- 
ture, and the properties of gases, liquids, crystals, 
and colloids. It involves the influence of tempera- 
ture, pressure, electricity, light, concentration, and 
other physical factors on chemical systems. 

Physical chemistry embraces laboratory measure- 
ments of chemical systems, mathematical descrip- 
tions, and theoretical interpretations. There is a 
constant evolution and improvement of apparatus 
to make possible greater accuracy in laboratory 
measurements. 

There are three different approaches to the study 
and use of physical chemistry: thermodynamics, 
which is based on energy and which depends on the 
•statistical behavior of a large number of molecules 
under equilibrium conditions; kinetics, which in- 
\olves chemical changes with time; and molecular 
structure, which correlates the arrangement of 
atoms and electrons with chemical and physical 
luoperties and with chemical changes. 

In describing and predicting chemical behavior, 
lihvsical chemistry makes extensive use of graphs 
and mathematical formulas. Many of these formulas 
arc based on calculus and differential equations, 
and on quantum and statistical mechanics. The var- 
ious branches of physical chemistry employ spe- 
(iiil techniques, but they all involve the general 
principles just mentioned. 

Energy relationships. Chemical thermodynamics 
js concerned with the relation between energy and 
chemical and physical change. The energy changes 
tire easily determined, and they give a quantitative 
measure of the changes involved. Heat, work, pres- 
‘’Ure, temperature, and volume are determined di- 
rectly, and they, in turn, lead to calculations of the 
thermodynamic quantities; enthalpy H, internal en- 
Ey entropy S, free energy F or G, and work 
content A. One of the most useful relations in 
chemical thermodynamics is AF° = —RT In K, 
'vhich permits a calculation of the equilibrium con- 
stant K and the determination of how far a chemi- 
cal reaction will go. In this formula, AF° is the 
change in standard free energy of the reactants and 
products, R is the gas constant, In is the logarithm 

the base e, and T is the absolute temperature. 
The free energy change can be calculated from the 
; change in enthalpy (the heat of reaction at con- 
stant pressure) and the change in entropy, both of 
i ''^bich are obtainable by calorimetric measure- 
Jtients. Quantitative calculations are made with the 
I of statistical mechanics. See Thermodynam- 

(chemical). 

[ '^^^^'tnochemistry involves the heat evolved or ab- 
I sorbed by chemical reactions and by changes in 


Phytkol ch^mltfry 203 

temperature. The heat changes are measured in 
calorimeters. The heats of formation of chemical 
compounds from their elements under standard con- 
ditions are recorded in tables. By subtracting the 
heats of formation of the reacting materials from 
those of the products, it is possible to calculate the 
heat of chemical reactions. The heats of reaction at 
different temperatures are calculated from the heat 
capacities of the reactants and products. The heats 
of reaction are useful, not only for making physical 
chemical calculations, but for practical purposes 
such as the evaluation of the hi^'ating values of 
fuels. 

Gases, ulids, and liquids. The physical chemi- 
cal study of gases includes equations of state which 
give the relation between absolute temperature T, 
pressure p, and volume v. The simplest equation of 
state is 

pv = nRT 

where n is the number of moles, and R is the gas 
constant expressed in proper unils^ — usually liter- 
atm/(deg) (mole) . More elaborate formulas are 
needed for greater precision or for high pressures. 
The distribution of velocities at a given tempera- 
ture among a large number of molecules is given 
by the Maxwell-Boltxmann distribution law. The 
density of a gas, obtained from measurements of 
weight per unit volume at definite temperatures 
and pressures, permits a calculation of the molecu- 
lar weight of the gas. See Gas. 

Crystals are made up of atoms or ions arranged 
in an orderly, repetitive manner in a solid. Much 
can be learned about the arrangement of the atoms 
within the crystal and the distance between them 
by measuring the diffraction of a beam of x-rays 
passing through the crystal. Important predictions 
concerning the properties of the crystals can be 
made from a knowledge of the crystal structure. 
See Crystal structure; Solid-state chemistry. 

The study of liquids is more complicated than 
that of gases or crystals. The properties of liquids 
studied in physical chemistry include freezing and 
vaporization, vapor pressures at different tempera- 
tures, density, surface tension, viscosity, and dielec- 
tric constant. See Liquid. 

Solutions. Solutions of solids in liquids and of 
liquids in liquids constitute an important branch of 
physical chemistry. A knowledge of vapor pressures^ 
of liquid mixtures and of fractional distillations is 
necessary for the effective separation of liquids. 
Solubilities of solids in liquids at various tempera- 
tures are important. The influence of the dissolved 
substance in lowering the freezing point, raising the 
boiling point, and lowering the vapor pressure of 
the solvent are related quantitatively to the molec- 
ular weight and the concentration of the dissolved 
material through thermodynamic formulas. The 
creation of an osmotic pressure is another physical- 
chemical phenomenon of solutions. See Solution." 

Equilibria. Chemical equilibria are important for 
calculating how far chemical reactions will go and 
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what percentage yield of new products can be ob- 
tained at different temperatures and pressures. The 
equilibrium constants are determined experimen- 
tally by measuring the concentrations of the re- 
actants and products at equilibrium, or they are 
calculated with the help of thermodynamics. The 
equilibria are determined in gases or in liquid so- 
lutiouH.. , 

If the system contains gases alone, or only one 
liquid solution, so that only one phase is present, 
the equilibrium is said to be homogeneous. If the 
system contains more than one phase (gas, solid, 
or liquid), the equilibrium is said to be heteroge- 
neous. Phase diagrams describe the influence of 
concentration and temperature on the number of 
solid and liquid phases. The phase rule is useful in 
correlating the number of phases and the number 
of independent variables. See Equilibrium, chemi- 
cal. 

Kinetics. Chemical kinetics is that branch of 
physical chemistry which is concerned with the pre- 
diction of reaction rates and with understanding the 
mechanism of chemical reactions. In some reac- 
tions, the rate depends directly on the concentra- 
tion of the reacting material and in others on the 
square of the concentration. Most reactions are 
quite complex, with several different reactions go- 
ing on together so that the relation between con- 
centration and rale is difficult to determine. The in- 
fluence of temperature on reaction rate is important 
also. It is large, most chemical reactions at room 
temperature doubling in rate for each lO^C rise in 
temperature. See Kinetics (chemical). 

Electrochemistry. The electrical conductance of 
solutions provides important information in physi- 
cal chemistry. Most salts and inorganic acids and 
bases dissociate into electrically charged ions when 
dissolved in water. When charged electrodes are 
placed in such a solution, the positive ions migrate 
to the negative electrode and the negative ions to 
the positive electrode. The conductivity of the solu- 
tion depends both on the number of ions and on 
their velocity. When the ions reach the electrode, 
they may undergo a chemical change to gain elec- 
trons at the cathode or to lose them at the anode. 
There is an exact relation between the quantity of 
electricity and the extent of the chemical change. 
According to Faraday’s law, 1 gram-equivalent 
weight of material is electrolyzed for each 96,500 
coulombs of electricity. 

Equilibrium relations involving ions give impor- 
tant information on hydrolysis, solubility, electro- 
lytic dissociation, and the formation of complex 
ions. 

The electromotive force or voltage of an electro- 
chemical cell is an important quantity in physical 
chemistry. When suitable electrodes are surrounded 
by oxidizing or reducing ions and arranged in pairs, 
definite voltages are generated which can be used 
for calculating the free energy of the chemical re- 
action involved and the corresponding equilibrium 
constant. The potential between a single electrode 
and its surrounding ions depends on the chemical 


nature of the ions and on the concentration. Hydr 
gen electrodes are widely used foi^ determining 
effective concentration of hydrogen ions. See Euc 

TROCHEMISTRY. 

Colloids. Colloids are very small particles whicl 
possess very large surface areas for a given weight 
They adsorb ions, take on electrical charges, am 
acquire special properties which differ from ihosi 
of true solutions and from systems which contaii 
large particles. The study of colloids is a branch o 
physical chemistry which finds many application! 
in biology, and in industry. See Colloid. 

Molecular structure. Much valuable informatior 
concerning the chemical and physical properties o 
chemical compound^ can be obtained from a knovfl 
edge of the molecular structure. The arrangeinen 
of atoms and electrons within the molecule and tlu 
attractive forces which hold them together can bf 
determined from physical measurements of refrac 
live index, rotation of polarized light, absorpiior 
of light of different wavelengths, diffraction of elec 
Iron beams, and dielectric constant. Predictions o 
chemical behavior are made on the basis of the tvpi 
of bonding. The electron pair, which holds atom 
together, is particularly important in organic chem 
istry, and the electrostatic binding is particularb 
important in inorganic chemistry. Quantitative ral 
dilations are made on the basis of f^uantum me 
chanics. 

Ordinary thermal chemical reactions are brough 
about J)y activating collisions between rapidly rimv 
ing niliolecules. They can be brought about also b] 
the absorption of light. The branch of physica 
chemistry which studies the relation between acii 
vation by light and chemical reaction is known a 
photochemistry. Chemical activation, produced b' 
very high energy radiation such as x-rays or by ra 
dioactivity is studied in a branch of physical chem 
istry known as radiation chemistry. See Chemistry 
Molecular structure and spectra; Photochlm 

ISTRY. 

Bibliography: F. Daniels and R. A. Albertv 
Physical Chemistry^ 1955; S. Glasstone, Textbooi 
of Physical Chemistry^ 2d ed., 1946; C. F. Pruttoi 
and S. Maron, Fundamental Principles of Physira 
Chemistry^ 1951. 

Physical law 

A physical phenomenon is said to be controlled * 
governed by a physical law when the phenomenon 
is one of a broad class of phenomena such that it n 
possible to formulate some regularity which ap 
plies to all members of the class. If the phenoinc 
non is one which can be described in terms of nu 
merical measurement, the law is often formulate^ 
in terms of mathematical relations between 
numbers obtained by measurement, as in the it* 
verse square law of universal gravitation. Howevet 
a mathematical formulation of a natural law is 
no means necessary. 

It is implicit in the notion of physical law th« 
there are no exceptions, and, unlike man-in< 
law, it may not be “violated.^’ 



Physical measurement 

n science and engineering, and in much of every- 
day quantitative information is essential for 
coordination of activities and efficiency of commu- 
nication. Time, distance, temperature, color, 
weight, volume, and hundreds of other physical 
quantities must be described in terms which have 
the same meaning to everyone. This is made possi- 
ble by comparing the physical quantity, or another 
quantity functionally related to it, with a constant 
or reproducible quantity of the same kind and of a 
fixed size or magnitude defined by a standard. The 
magnitude embodied by this standard, or some di- 
vision or function of it, is taken as a unit. The com- 
parison is the process of measurement. The gen- 
eral area of scientific activity relating to standards 
for physical measurement is called metrology. The 
measured quantity may then be expressed by a 
number (the magnitude ratio) and the name of the 
unit, for example a length of 1.54 meters. See 
Units, systems of. 

Physical standards. The U.S. national standards 
of weights and measures are based on, or related 
to, the internationally accepted standards for mass, 
length, time, and temperature. The standard for 
length is the wavelength of the orange light emitted 
when u gas consisting of the pure krypton isotope 
of mass number 86 is excited in an electrical dis- 
charge; the unit of length, the meter, is defined 
as 1,650,763.73 times this wavelength. The stand- 
ard for mass is a platinum cylinder; its mass 
is taken as the unit, the kilogram. The standard for 
time is the cyclic motion of the Earth-Sun system ; 
the unit of time, the second, is defined as 1/31,- 
;^56,925.9747 of the “tropical year” 1900. 

The standard of temperature is the temperature 
of water at its triple point (where ice, water, and 
water vapor are in equilibrium). The unit of tem- 
perature is the degree on the Kelvin (or thermo- 
dynamic) scale defined by taking the temperature 
of the triple point of water as 273.16®K with re- 
spect to the absolute zero of temperature (thermo- 
dynamically defined as the condition in which all ki- 
netic energy has been abstracted from the 
molecules). This condition cannot be exactly at- 
tained, although it can be approached very closely. 
See Absolute zero; Triple point. 

The units of other physical quantities are defined 
m terms of these four units by appropriate defining 
equations. For example, force is defined as the prod- 
of mass and acceleration. Units of force, the 
^yne in the centimeter-gram-second (cgs) system 
the newten in the meter-kilogram-second (mks) 
system, are defined by the following equations 

, , , 1, cm/1 sec 

1 dyne ■■ 1 gram X — 

, , , 1 m/1 sec 

1 newton 1 kg X , 

^ 1 sec 

As another example, viscosity is the force per 
I “au area per unit velocity gradient. The unit of vis- 
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cosily, called the poise, is defined by the equation 
1 1 dyne-sec 

^ cm* 

See Dimensional analysis. 

To facilitate measurements of many of the other 
quantities, derived or calibration standards have 
been established which embody or reproduce ac- 
curately known or definite values of the quantities, 
such as standard cells for voltage, quartz oscilla- 
tors for frequency, and pure liquids for viscosity. 

The defining equations for the units of some 
other quantities have numerical coefficients, such 
as 7r/4, c(= speed of light), which reflect geo- 

metrical factors or physical principles. 

By arbitrarily choosing different physical quan- 
tities on which to base the units in terms of which 
other quantities are to be defined, various other sys- 
tems of units would be possible. However, the many 
difficulties in making experimental tests to establish 
useful standards would be little reduced, so there is 
no immediate prospect of international chaitging of 
these four quantities for which arbitrary, or “abso- 
lute,” standards and units have been established. 

It is possible, however, to change the standards 
for these quantities. For example, since the fre- 
quency of atomic vibrations is experimentally 
found to be much more nearly constant than is the 
frequency of the earth’s rotation, the standard for 
time may someday be taken as a transition fre- 
quency of atoms of a particular isotope; this fre- 
quency can be determined precisely and conveni- 
ently. The unit of time, the second, would probably 
he unchanged in magnitude, hut would be redefined 
in terms of the atomic frequency. See Atomic 

CLOCK. 

The standard of length was redefined by inter- 
national agreement in September, 1960, in terms of 
the wavelength of pure krypton, as specified above. 
Up to this time, the standard was a bar of plati- 
num-iridium kept at the International Bureau 
of Weights and Measures in France. There are two 
advantages in redefining the standard of length in 
terms of wavelength: (1) the wavelength can be 
generated wherever needed, so that a primary (ab- 
solute) standard of length can be available in 
laboratories, or even in shops, to permit more ac- 
curate measurements, and (2) the chosen wave- 
length is presumably constant and unchanging, 
whereas the meter bar may be subject to slow 
changes in dimension with time and is, of course, 
subject to destruction, damage, or loss. See Wave- 
length standards. 

There appears to be no immediate practical way 
of realizing standards for mass from atomic prop- 
erties that would permit precision of comparison 
as good as can be attained with present methods.'^ 

On July 1, 1959, by agreement among the na- 
tional standards laboratories of the countries 
using English utiiU in trade and industry, the slight 
differences between different yards and pounds 
were eliminated by defining the yard as 0.9144 
meter, and the pound as, 0.45359237 kflogram. 
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The corresponding value of the inch is now 2.54 
centimeters^ exactly. The old United States yard 
and inch had been about two parts per million 
larger than the new yard and inch. 

Accuracy of measurements. In general, any 
measurement has less than perfect accuracy; there 
is some error or uncertainty as to the true, or exact, 
numerical ratio between the measured quantity and 
the unit. These errors are either observation or cal- 
ibration errors. Observation errors are errors or 
uncertainties in reading scales and interpolating 
between scale divisions, or in synchronizing the 
readings with the events. Calibrational errors are 
errors or uncertainties in the conversion factors re- 
lating the primary measured quantity and its repre- 
sentative quantity (such as when acceleration is 
measured in terms of the voltage generated in a 
piezoelectric material) or in the relation between 
the indicated readings and the units of the final 
measured quantity. 

There are practical limits to the statistical exact- 
ness of comparison, even with repeated measure- 
ment. Furthermore, there are other sources of error 
due to inherent imt)erfections of materials and 
structures, which cause the phenomena of drift, lag, 
hysteresis, damping, and resonance. 

Drift is the gradual change of instrument read- 
ing after a change to a different but constant value 
of the measured quantity. 

Lag is failure of the instrument reading to follow 
changes in the measured quantity instantly or ex- 
actly. The time constant of an instrument is the 
time required for the indication to change by 1/c 
of a sudden change in the measured quantity in 
response to this change. See Timk constant. 

Hysteresis, which results from lag or drift, is the 
difference between readings of the measured quan- 
tity, for corresponding actual magnitudes of that 
quantity, when the quantity is increasing and when 
it is decreasing. 

Damping is the result of frictional forces (either 
viscous or coulomb) which cause greater lag than 
that due to inertial effects alone. See Damping. 

Resonance is the condition of oscillation which 
results when the rapidity of change of measured 
quantity is close to the natural rapidity of response 
of the instrument. See Resonance (acoustics and 
mechanics). 

The change of properties of materials or struc- 
tures with temperature, pressure, humidity, radia- 
tion, vibration, or other environmental conditions 
may also cause errors. Thus, the analysis of experi- 
ments to delect all possible sources of error, the 
design of expei^imental procedures to minimize 
them, and the development of mathematical tech- 
niques for estimating their probable magnitudes 
constitute an important part of any measurement 
in which precision is important. 

MMSurement techniques. The comparison of 
quantities as to equality, the counting of units, and 
the determination of the coincidence of events — all 
involved in physical measurement — may be done by 
an observer (usually using his visual, aural, or tac- 


tile faculties) or by instruments which display or 
record the results, or apply them to automatic com. 
putation or control. See Instrumentation. 

Direct measurement involves comparison with a 
standard ( such as a meter bar ) or measurement bv 
a calibrated instrument (such as a voltmeter). In. 
direct measurements are those derived from meas. 
urements of related quantities, for example, the 
mass of the electron can be derived from measure- 
ments on the bending of the electron path in a mag. 
netic held and separate measurements of its 
charge. Absolute measurements are those derived 
from measurements of the primary quantities in- 
volved; as in determination of acceleration from 
length and time inte^als, rather than from reaction 
force. 

Once a standard of any physical quantity is es- 
tablished (by definition or absolute measurement), 
any instrument of known stability, calibrated b\ 
measuring the standard, or multiples or divisions 
thereof, may be used as a standard instrument to 
calibrate other instruments by comparison of read- 
ings when measuring constant or repeatable valuer 
of the quantity. 

Space permits mention of only a few special 
techniques devised to reduce uncertainties and er 
rors in measurement : ^ 

1. In weighing on a balance, known weights are 
substituted for unknown weights previously bal- 
anced by counterweights, so that such uncertain- 
ties ay'knife-edge placement and l)eam lengths do 
not affect the comparison. 

2. The effect of a quantity to be measured Tna^ 
be nearly offset by a similar known and fixed (pian 
tity, and the difference measured by an instrumeni 
of lesser range and of correspondingly higher pre 
cision. 

3. If the standard offsetting quantity can be di 
vided into sufficiently small or continuously vari- 
able fractions, it can be adjusted for equality to 
within the smallest limits detectable. This is the so- 
called null, or balancing, method of measurement. 

4. A number of small quantities of the same kind 
may be combined so that the cumulative magnitude 
is appropriate for measurement with available 
methods. 

5. The measurand may be time-modulated to 
permit better discrimination between the measu* 
rand and extraneous effects on the measuring in- 
strument. 

6. The undesired effects of environmental fa<^* 
tors, such as temperature and external magnetic 
fields, may be compensated for in the instruineni 
system by elements which are responsive to the 
disturbing factor and interact with the measuring 
or indicating means to offset such effects. 

7. A series of observations of a particular 
uran^ permits statistical determination of an aver* 
age and leads to increased precision; also an e^ti* 
mate of the probable error of observation (n®* 
including systematic errors) can be obtained. 

8. Based on careful design of experiments, oh 

servations may be^ made under a iety 



conditions, with controlled variation in the factors 
considered as possible sources of error, permitting 
statistical estimation of the magnitude of the vari- 
ous errors and appropriate correction for them. 

rw.A.w.i 

Bibliography: See Instrumentation. 

Physical science 

The fields of inquiry to which the general designa- 
tion science may be appropriately applied are 
broadly divided into social science and natural 
science. The latter is further subdivided into biol- 
ogy and physical science. Physical science is gen- 
erally considered to include astronomy, chemistry, 
geology, mineralogy, meteorology, and physics. 
These overlap more or less, as illustrated by astro- 
|)h\sics, chemical physics, physical chemistry, and 
geophysics. There is overlap, likewise, between the 
physical and biological sciences, as seen in bio- 
I rhemistry, biophysics, virology, and the close rela- 
tion between geology and paleontology. The 
boundaries implied in all such classifications are 
[artificial and consist of regions where one field 
' shades into another. 

('.hemistry and physics differ from astronomy, 
meteorology, and geology in that they are con- 
tcrned with the properties of matter and energy 
encountered alike upon and within the earth, the 
planets, and stars. For this reason, chemistry and 
‘hvsics are nut set apart from, but rather pervade 
I the other sciences. 

To regard the several areas of scientific inquiry 
separated by sharp definable boundaries is un- 
realistic. Cross-fertilization has produced some of 
die most notable advances in science, and an arti- 
lii ial harrier ran advantageously he accepted as a 
• hallenge by a scientist with an adventurous mind. 
^Ve SciF.NCK. fj.H.H.] 

Physics 

The original objective of physics, formerly called 
natural philosophy, was to understand the structure 
nf the natural world and explain natural phenom- 
In time, various specialized sciences broke 
away from physics to form autonomous fields of in- 
'■^'’tigation. In this process physics retained its 
original aim of concerning itself with those aspects 
nature which could be understood in a funda* 
niental way in terms of elementary principles and 
laws. 

Basic parts. The most basic parts of physics are 
l^f^hatiics and field theory. Mechanics is concerned 
pjA the motion of particles or bodies under the ac- 
of given forces. The physics of fields is con- 
^*‘ned with the origin, nature, and properties of 
fe*^®vitational, electromagnetic, nuclear, and other 
fiftijg Taken together, mechanics and field 
constitute the most fundamental approach 
®n understanding of natural phenomena which 
offers. The ultimate aim is to understand 
t natural phenomena in these terms. See Field 
pfORY, CLASSICAL; Mechanics; Quantum field 
fHEORY. 
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The older, or classical, divisions of physics were 
based on certain general classes of natural phe- 
nomena to which the methods of physics had been 
found particularly applicable. These consisted of 
classical mechanics with branches in celestial 
mechanics, hydrodynamics, and ballistics; heat 
and thermodynamics: kinetic theory of gases and 
statistical mechanics; optics; acoustics; and elec- 
tricity and electromagnetism. These divisions are 
all still current, but in present usage many of them 
tend more and more to designate branches of ap- 
plied physics or technology, and less and less in- 
herent divisions in physics itself. 

Branches of modern physics. The divisions or 
branches of modern physics are made in accord- 
ance with particular types of structures in nature 
with which each branch is concerned. Thus ele- 
mentary-particle or ultra-high-energy physics is 
the most recent branch and is concerned with un- 
derstanding the properties and behavior of elemen- 
tary particles as such, and more particularly of the 
heavy unstable particles mesons, hyperons, and 
antiparticlcs — which are produced in collisions in- 
volving energies above about 150,000,000 electron 
volts. The next branch in this classification is nu- 
clear physics, which is concerned with associa- 
tions of neutrons and protons forming the nuclei of 
atoms; their structure, properties, and energy 
slates; reactions between nuclei, including scat- 
tering processes and radioactivity; and related 
phenomena such as the interaction of high-speed 
nuclear particles with matter. Atomic physics is 
concerned with the structure and properties of 
atoms as determined by the electrons outside the 
nucleus; the slates of motion of these electrons in- 
cluding such topics as energy levels, angular mo- 
mentum pr(»perties, and magnetic moments; and 
the absorption and emission of radiation by atoms. 

Continuing with this classification in ascending 
complexity there is molecular physics, which is 
concerned with systems of atoms formed into mole- 
cules, the nature of intermolecular forces, chemical 
binding, vibration and rotation >pectra of mole- 
cules, and the like. Next in order are solid-state 
physics, physics of liquids, physics of gases, and 
more recently plasma physics, which deals with 
properties of highly ionized atohis forming a mix- 
ture of bare nuclei and electrons called an ion 
plasma. 

In this same classification could also be included 
biophysics, which deals with the application of 
physical methods and types of explanation to bio- 
logical systems and structures. 

Other more specialized classifications may be 
made in accordance with particular instruments or 
techniques such as x-ray diffraction, neutron diffrao-. 
tion, mass spectrometry, infrared spectroscopy, and 
seismology. The special field of low-temperature 
physics is characterized not only by special instru- 
ments involved in the production and measurement 
of low temperatures in the range of iiquid helium 
but also by the phenomena of superconductivity and 
superfluidity which occuf only in this temperalure 
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range. Other fields, such as astrophysics and geo- 
physics, are concerned with aspects of other sciences 
to which physics is applicable. 

Mathematical physics is the study of physical 
phenomena by means of mathematics, and includes 
the more mathematical parts of all branches of 
physics, as well as most of the content of statistical 
mechanics, quantum mechanics, relativity, and field 
theory. A distinction is often made between mathe- 
matical physics and theoretical physics, in which 
the latter, although still entirely mathematical in 
form, is thought of as being more closely related 
to experimental physics. Neither mathematical nor 
theoretical physics can really be separated from 
experimental physics, since a complete understand- 
ing of nature can only be obtained by the applica- 
tion of both theory and experiment. 

Aim of physics. In every area physics is charac- 
terized not so much by its subject matter content as 
by the precision and depth of understanding which 
it seeks. The aim of physics is the construction of a 
unified theoretical scheme in mathematical terms 
whose structure and behavior duplicates that of 
the whole natural world in the most comprehensive 
manner possible. Where other sciences are content 
to describe and relate phenomena in terms of re- 
stricted concepts peculiar to their own disciplines, 
physics always seeks to understand the same phe- 
nomena as a special manifestation of the underly- 
ing uniform structure of nature as a whole. In line 
with this objective, physii’s is characterized by ac- 
curate instrumentation, precision of measurement, 
and the expression of its results in mathematical 
terms. 

For the major areas of physics and for additional 
listings of articles in physics, see Acoustics; As- 
trophysics; Atomic PHYSICS; Biophysics; Elec- 
tricity; Electromagnetism; Heat; Low-tem- 
perature physics; Mechanics, classical; Molec- 
ular physics; Nuclear physics; Optics; Solid- 
state physics; Theoretical physics. 

[w.C.P.] 

Physiological acoustics 

A term used to refer to the physiology involved in 
the process of speaking and hearing. Physiological 
acoustics includes the action of the larynx, glottis, 
throat, mouth, tongue, and teeth in the process of 
speaking. It includes the action of the eardrum, 
the small bones of the middle ear, the inner ear 
consisting of the oval window, cochlea, basilar 
membrane, and round window, and also the action 
of the nerves carrying the acoustic stimulation to 
the brain in the process of hearing. A study of the 
effect of various kinds of sounds upon all the phy- 
sidlogical processes in the body is also included in 
this field. The terms physiological acoustics and 
psychoacourstics are sometimes used interchange- 
ably. Technically, however, only the topics men- 
tioned here fall under the domain of physiological 
acoustics. See Hearing; Speech; see also Psycho- 
acoustics. [h.fl.] 


Physiological action spectra 

An action spectrum is a representation of the coir 
parative effects of different wavelengths of light o 
living systems or on the components of living 
terns. A knowledge of the effects of different wav( 
lengths on living systems helps lead to an undei 
standing of the detailed mechanisms of enerj; 
transfer and utilization and to a determination ^ 
the essential compounds involved in light action a 
living systems. The work of action spectroscopy i 
founded on the firm bases that energy must be al 
sorbed before it is utilized and that each cheinira 
compound has a cltararleristic absorption specirun 
Therefore, the sh^e of the action spectrum rna 
lead to the identification of the absorbing muk 
cules. Action spectroscopy has been used exier 
sively to study three classes of compounds: poi 
phyrin-containing proteins, nucleic acid polymer' 
and plant pigments. See Absorption (Ei.EciRr 
MAGNETIC radiation ) . 

Beneficial effects of light. Proteins which rot 
tain porphyrin prosthetic groups, such as hem< 
globin and cytochrome, play an important part i 
the transport of oxygen and in the oxidation-redm 
tion systems of cells. Such prosthetic groups ha\ 
a high affinity for carbon monoxide (^O) and ihrrt 
fore the respiration of living sysU^ms is inhibiin 
by carbon monoxide. Light can remove this raiboi 
monoxide inhibition by causing the dissociatiiui o 
the porphyrin-CO complex. The extensive sliidu* 
of O. H. Warburg and His collaboralors on tli 
action spectra for the removal of the carbon moii 
oxide inhibition respiration led to the identificatio; 
of the respiratory enzyme as a porphyrin-conlair 
ing protein. The fact that light absorbed not onl 
in the porphyrin ring but also in the protein cai 
cause the dissociation of CO indicates that energ 
may be transferred over distances of about 3( 
angstrom units (A). See Cytochrome; Hkmo 
globin; Porphyrin. 

Destructive effects of light. The beneficial ei 
feet of light mentioned above is to be contraste< 
with the destructive effect of light in the ultraviolf 
spectral region. This light can destroy the enzv 
matic activity of proteins and can kill bacteria am 
viruses. Action spectra for the killing and the pr^ 
duction of mutants in yeast, shown in the accon> 
panying figure, indicate that the most sensiti^^ 
wavelengths are in the neighborhood of 2650 A 
The shape of the action spectrum is very similar 
the absorption spectrum of nucleic acids and in 
dicates that nucleic acid polymers are essenim 
components in the duplication of living system* 
Some of the effects of ultraviolet light on 
bonucleic acid (DNA) arc reversed when the sy*” 
tern is illuminated by intense visible light. Sue 
reversibility is known as photorevcrsal or photore 
activation. See Bacteria; Nucleic acid; pROTEif’ 
Ultraviolet RADIATION (biology). 

Photosynthesis. Because the sun is the most 
portant source of energy, it is not $urpi?siBg ^ 




The action spectra for the killing of yeast and the pro- 
duction of mutants in yeast by ultraviolet light. {After 
data of C. Rauf and W. L Simpson, Arch. Biochem. 
Biophys.. 57{1):21 8^228, 1955) 

j^luitosynthesis is one of the most thoroughly studied 
f)[ the fields whit*h concern the energy exchanges 
^Iween light and living systems. The identification 
[ ( hlorophyll as an essential component of photo- 
PMithesis is made by comparing the action spec- 
trum for photosynthesis with the absorption spec- 
(ntm of chlorophyll. The similarity between the 
^wo indicates the role that chlorophyll plays in 
)hotosynthesis. On the other hand, the action 
Upertra for photosynthesis in some algae do not 

t t'^emble the absorption spectrum of chlorophyll, 
n these cases, light is absorbed in other pigment 
piolecules and the energy is transferred to chloro- 
pliyll to be used for photosynthesis. Action spectra 
kave shown the existence of wavelength-dependent 
Effects on such diverse photoperiodic properties of 
i'^ing things as the germination of seeds, the 
lowering of plants, and the change in coloration 
animals with the seasons. All these effects are 
loverned by an elaborate interplay between red 
|nd far red light. 

Mechanism. The primary process in light action 
absorption of a light quantum by a molecule. 
I'e molecule is thus raised to an excited state, 
he excitation energy may be passed on to other 
^lecules and utilized for chemical reaction as in 
Tomosynthesis, or the extra energy may be used 
break bonds and alter chemical structure as in 
'0 *^®ctivation of bacteria by ultraviolet light or 
excitation energy may be reemitted as fluores- 
light or ultimately degraded as heat. In the 
.oase there may be no effect of the absorbed 
lation at all. A particularly interesting feature 
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of excited states is the ability of energy to be 
transferred over appreciable distances from one 
molecule to another by a process known as energy 
transfer. Such processes permit energy absorbed 
in one molecule to appear in a different type of 
molecule. The existence of resonance-energy trans- 
fers may be inferred from a comparison of the 
action absorption and the fluorescent spectra of the 
irradiated material. See Chlorophyll; Photo- 
PERIODISM IN PLANTS; PHOTOSYNTHESIS; ViSION. 

[R.B.S.] 

Bibliography: A. Hollaender (cd.), Radiation 
Biology, vol. 2, 1955, vol. 3, 1956; C. Reid, Excited 
States in Chemistry and Biology, 1957. 

Physiology, general 

A division of physiological science in which the 
basic activities of living organisms that occur in 
mo.st cells and tissues are studied by physical and 
chemical methods. Its living materials range from 
the simplest unicellular forms to man himself. 
Thus, oxidations and reductions, which are of uni- 
versal occurrence in both plants and animals, are 
examples of such basic activities. Many cells accu- 
mulate certain ions within their cytoplasm while 
tending to exclude others. Ion gradients are there- 
fore typically present across living membranes, as- 
sociated with the development of electromotive 
forces (Bioelectric model). Numerous chemical 
reactions occurring within cells are speeded by or- 
ganic catalysts, known as enzymes, whose mode of 
action is similar throughout the living world. The 
experimental study of such basic phenomena con- 
stitutes the field of general physiology. 

In method and subject matter, general physiol- 
ogy differs considerably from mammalian physi- 
ology. The latter division of the science deals par- 
ticularly with the functional activities of the most 
highly developed animals. It often becomes an ad- 
junct of medical practice, with little consideration 
of basic principles. It tends to be “organ” physiol- 
ogy, which, as Ivan Pavlov once remarked, “has be- 
gun its study from the midst of life; the beginning, 
the basis of life, is in the cell.” General physiology 
must also be distinguished from comparative phys- 
iology, in which emphasis is placed as much upon 
the differences between organisms as upon theit 
similarities. However, no sharp distinction can be 
made between the three subdivisions of the subject. 
The well-trained physiologist draws his materials 

from all. i t . i 

Development. Long before general physiology 
emerged as a separate discipline, obsciTvarions 
were accumulating which properly belong to it. 
Thus, the generation of electricity by living organ- 
isms constitutes an important chapter in general 
physiological thought. Two species of electrical 
fish were known to the ancient Greeks and Egyp- 
tians. The Roman physicians used the shocks gen- 
erated by Torpedo to treat various human diseases, 
thus inaugurating electroshock thcrgpy. Interest 
in these animals was a potent factor in the develPI^ 
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ment of electrical science in the eighteenth cen- 
tury. Alessandro Volta called his voltaic pile an ar- 
tificial Torpedo, See Electric organ (biology). 

Physiological observations on living cells have 
led to other important advances in physical 
science. In 1827, Robert Brown reported on “the 
general existence of active molecules in organic 
and inorganic bodies/’ In examining the ovules and 
pollen grains of various plants under his micro- 
scope he observed small particles within them to be 
“in rapid oscillatory motion.” A systematic search 
revealed the same phenomenon in the most diverse 
materials. In his honor, it came to be known as 
“Brownian movement.” It was later recognized as 
due to the thermal agitation of molecules and ions 
in the cytoplasm and in other fluids. Their own 
movement is invisible, but their continual bom- 
bardment of particles suspended in them causes 
the visible oscillations. This thermal activity is 
basically respionsible for the diflusion of materials 
along their concentration gradients, in solids, liq- 
uids, and gases. 

There are several further examples of physiolog- 
ical experiments leading to physical discoveries. 
In 1748, J. Nollet discovered osmosis by observing 
that a pig’s bladder, filled with alcohol and dipped 
into water, increases in volume as water moves into 
it. The experiments of H. De Vries, beginning in 
1884, showed that, if a sugar .solution of a certain 
molar concentration just produces plasrnolysis of 
plant cells, the same effect can be produced by a 
lower concentration of sodium chloride or of other 
salts. J. Van’t Hoff and S. Arrhenius shortly used 
this data to support their theory of electrolytic dis- 
sociation, arguing that each salt molecule, upon 
solution, splits into ions, both of which contribute 
to the osmotic pressure, whereas the sugar mole- 
cules remain undissociated. 

Thu.s, general physiology is more than a study of 
the functional activities of plants and animals. 
Broadly conceived, it is a search for phenomena 
which are universal, occurring in both the living 
and the nonliving worlds, to the end that a more 
fundamental understanding of vital activities can 
be attained. See Electrophysiology (heart). 

Development of general physiology. General 
physiology was first established as a distinct disci- 
pline by the devoted labors of the great French 
physiologist, Claude Bernard (1818-1878), who 
introduced the term. In a series of brilliant investi- 
gations he added greatly to the subject matter of 
the science. His experimental studies included the 
mechanism of glandular secretion (particularly in 
the pancreas), animal glycoj^nesis, vasodilator 
and vasoconstrictor nerves, animal heat, anesthe- 
sia, poisons (especially curare and carbon monox- 
ide), and a wide array of other subjects. 

In 1865, iBernard wrote that “general physiology 
is the basic biological science toward which all 
others converge. Its problem is to determine the 
elementary condition of vital phenomena.’* Think- 
ing more specifically about methodology, he argued 
that “the properties of living matter can be learned 


only through their relation to the properties of \j 
organic matter; it follows that the biologici 
sciences must have, as their necessary foundatior 
the phy.sico-chemical sciences from which they boi 
row their means of analysis, and their methods <i 
inve.stigation.” 

Bernard’s final review and summary was pul 
lished in 1878. In it he developed his conception o 
an internal environment in the higher organism 
whose composition and physical state are so regi 
lated, particularly by central nervous reflex at 
tion, that their cells live in a nearly constant fluii 
medium, distributed through their blood, lympi 
and intercellular Jluids. Hi.s famous dictum 
fixite dll milieu interieur est la condition de la li 
lihre^ inde pendant e*' is usually translated “the coji 
stancy of the internal environment is the condiiioi 
of the free life,” but this rendering loses certain o 
the original force by omitting “independent.” 

At a later time, Walter Cannon introduced th 


term homeMjstasis to de.scribe the regulation 
adjustment of vital functions so that a steady slat 
exists, not only in the blood and tissue fluids, bu 
in other bodily mechanisms (see Homeostasis 
J. Barcroft has more recently argued that the fro 
life is to be thought of as a free mental life, sim 
it is the cells of the nervous systen^ which, abovi 
those of all other tissues, require constancy in thfi 
milieu. 

Such conceptions must properly be considered a 
the Idghest level in general physiological thinking 
They are broad generalizations which permit bn 
ter interpretation of whole series of vital phenom 
ena in many organs. It is unwise to accept any defi 
nition of general physiology which makf 
synonymous with cell physiology, as M. Vernon 
has done. The study of individual cells is an ini 
portant part of its field, but integrative thinkim 
about the whole organi.sm is its even higher n 
sponsibility. Research and theory must proceed a' 
all levels. 

One further example of high-level thinking k 
general physiology may be considered. Lawrence J 
Henderson in 1913 wrote persuasively concerninf 
the “fitness of the environment.” He argued tha 
the physical and chemical characteristics of the in 
organic world are peculiarly adapted to sustain 
life, and possibly caused its appearance in the firsi 
place. His argument may be briefly summarized a; 
follows : 

Enormous quantities of carbon, hydrogen, 
oxygen, partly in the form of water and carbonif 
acid, are apparently inevitable constituents of 
atmospheres and crusts of the larger planets. Thf 
known compounds of carbon and hydrogen, and n 
carbon, hydrogen, and oxygen, far surpass in nuin’ 
ber the compounds of any other elements. 
elements, therefore, are uniquely fitted to be 
stuff of which life is formed end of the envir«^‘ 
ment in which it exists.” Water has a high 


heat. Therefore in the ocean depths there arc 


on1 


minor fluctuations of tenoijp^atare. Ocean 
carries with it qyerywbeoil^i^^.^M^tn^ mixture < 



salts and gases. Its hydrogen ion concentration is 
practically invariable, being maintained largely by 
a buffer system of bicarbonates and carbonic acid, 
ft has furnished, therefore, an optimal environment 
for the appearance of living organisms. 

The contributions of Rudolf Hober, long the 
leading German scholar in the field, and William 
Maddock Bayliss, best known English writer may 
|)P mentioned. Following in the Bernard tradition, 
Hdher, in 1945, declared that “it is not only possi- 
ble, but of importance, to anchor physiology even 
deeper in physical chemistry than was done previ- 
ously.” A similar emphasis recurs in most of the 
other published works, in which may be found dis- 
cussions of diffusion, osmosis and osmotic pressure, 
colloidal state, water and electrolytes, hydrogen 
ion concentration, oxidation and reduction, enzyme 
action, and the effects of temperature, in addition 
to treatment of the nature of protoplasm, the per- 
meability of membranes, nutrition, secretion, di- 
(leslion, respiration and metabolism, excitation 
and inhibition, muscular contraction, and nerve 
conduction. Indeed, there is no segment of physio- 
looiral study which may not be considered in the 
broad spirit of general physiology. The science is a 
method of approach and an attitude of mind, rather 
than a treatment of any particular topic, <»r special 
field. .See 0SMORF.(;iTLATOnY MKCHANTSMS. 

Areas of general physiology. Although general 
physiology is far more than cell physiology, and 
reaches its highest levels onlv in integrative think- 
ing concerning the whole organism, a large seg- 
nifnl of its literature has been devoted to studies of 
<’p11 permeability, particularly of the outer, or 
plasma membrane. Familiar materials for such 
^Indies are large plant cells, the egg cells of in- 
vcilebrate.s, and vertebrate red blood corpuscles. 
Bv a variety of methods, the penetration of many 
substances has been studied. No one factor can ac- 
count for the observed penetrations. Molecules of 
substances, for instance, water, oxygen, car- 
bon dioxide, and urea, can enter and leave the cell 
because they are small and can readily make their 
'vay through small pores in the membranes. In 
many cases the ability of nonelectrolytes to pene- 
trate is at least partly related to the lipoid solubil- 
hy of the material, as E. Overton stressed in 1899. 
In the case of electrolytes, the electrical charge on 
the walls of the membrane pores seems to deter- 
tnine the passage. When the membrane charge is 
electronegative, as is usually the case, positively 
^barged cations penetrate much more readily than 
do negatively charged anions. When the membrane 
charge is electropositive, as in the vertebrate red 
Jood corpuscle, anions penetrate most readily. 

of one sign are preferentially excluded, 
passage is relatively difficult, and the 
resistance of living membranes is rela- 
high. In the usual case the larger organic 
? . cules, such as fats or proteins, cannot enter 
cells as such, although their constituent 

'Hiding Stones, the fatty acids and amino acids, 
I able to do so. However, in certain special situ- 


ions 

electrolyte 

electrical 
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ations, as in the cells of the liver, there is evidence 
that molecules of the plasma proteins can enter 
and leave with relative ease. See Cell (biologi- 
cal). 

Models, At an earlier time when much less was 
known about cell structure and function, there was 
a strong tendency among general physiologists to 
seek aid in their thinking by the construction of 
models. Inorganic or nonliving organic systems 
may be built to imitate some vital activity, although 
they are never able to reproduce all of its aspects. 
Their construction emphasizes the desire of investi- 
gators in this field to deal with universal phenom- 
ena. A .summary description of many of these mod- 
els was given by T. C. Barnes in 1937. They in- 
clude 1. Traube’.s model of the cell, conceived in 
1867, which was formed by letting drops of gelatin 
fall into 5% tannic acid, which causes the hernia- 
tion of a precipitation membrane around the gela- 
tin. These artificial cell membranes are sufficiently 
den.se to prevent the permeation of glucose., If glu- 
cose is added to the gelatin before the cells are 
formed, it later causes them to swell because of o.s- 
motic movement ot water into them. E. N. Harvey 
in 1912 hirmed artificial cells by adding egg white 
to watei, then shaking with chloroform until pro- 
tein-coated chloroform droplets ap^ieared. If leci- 
thin is added to the chloroform and the chloroform 
droplets are allowed to evaporate in water, protein- 
covered lecithin cells remain, which resemble sea 
urchin eggs in many properties. 

Trauhe is also respon.sihle for the introduction of 
a model of the cell membrane which has been 
widely employed in physicochemical studies. When 
a solution of potassium ferrocyanide comes into 
contact with one of copper sulfate, a membrane of 
copper ferrocyanide is formed, which may be sup- 
jKirled in a porous porcelain cup. It permits the 
pas.sage of water and a few other small molecules 
but excludes sugar and larger molecules. This 
membrane closely approximates the ideal semiper- 
meable membrane, which is permeable to water 
hut to no substance dissolved in the water. Living 
cell membranes are often called semipermeable, 
but it is more nearly correct to speak of them as 
selectively permeable. 

Such model experiments have a certain pedagog- 
ical value, and may even aid in the planning of 
physiological experiments. But it is the vital activ- * 
ity which suggests the model, and not the reverse. 
The investigator should focus his attention upon 
the living cell or organism, to which his physical 
and chemical experimental methods should be 
directly applied. 

Use of the electron microscope. In the last dec- 
ade a great expansion of biological knowledge haar 
occurred through the widespread u$e of the elec- 
tron microscope which provides a wealth of new 
information concerning the ultrastructure of cells 
and tissues. The finer anatomy of cellular inclu<* 
sions, such as the mitochondria and the Golgi ap>* 
paratus, is being revealed. A system of fluid-filled 
tubes known As the endoplasmic reticulum has 
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been discovered. It is now known that many living 
membranes consist of two molecular sheets whose 
thickness can be measured. The pores imagined by 
general physiologists have now been shown to ex> 
ist. The molecular architecture of nerve and mus- 
cle cells has been partially explored. The intricate 
ultrastructure of the neuromyal junction has been 
revealed. See Neurophysiology. 

At the cellular and subcellular levels, general 
physiology is thus presented with new opportuni- 
ties and a great challenge. Older techniques are 
inadequate to study structures which can be seen 
only in ultrathin sections, and which in the course 
of their preparation for electromicroscopy become 
completely dry. New approaches to basic problems 
must be developed, combining physical, chemical, 
and histological techniques in a concerted effort to 
obtain still deeper insights into vital mechanisms. 
See Animal growth; Circulation; Excretion; 
Metabolism. [ w.r.a.] 

Bibliography: W. M. Bayliss, Principles of Gen- 
eral Physiology, 4th ed., 1927; C. Bernard, An In- 
troduction to the Study of Experimental Medicine 
(1865), H. C. Greene’s translation, 1927; H. Dav- 
son, A Textbook of General Physiology, 1951; 
L. V. Heilhrunn, Dynamics of Living Protoplasm, 
1956 ; L. V. Heilhrunn, General Physiology, 3d ed., 
1952; R. Hober, et al., Physical Chemistry of Cells 
and Tissues, 1945; B. T. Scheer, General Physiol- 
ogy, 1953. 

Phytomastigophorea 

A class of the subphylum Flagellata also known as 
the Phytomastigina. These are the plant flagellates 
which contain chlorophyll and other pigments, but 
also include colorless forms. Grass green is the 
usually observed color, primarily because the green 
flagellates are the largest. Those containing an ex- 
cess of yellow pigments generally are smaller in 
size, and fewer species have unusual colors such as 
blue or red. Holophytic, saprophytic, and holozoic 
modes of nutrition occur, and specific chemical 
components may be demanded by individual spe- 
cies within the group. 

Encystment is frequent among phytoflagellates, 
cyst composition being one method of determin- 
ing relationships for some colorless species. Repro- 
duction may occur within the cyst, or while the 
organism is active. Gamete formation is largely re- 
stricted to Phytomonadina, but life cycles may in- 
clude an alternation of flagellate with palmella, or 
with ameboid generations. The Phytomastigophorea 
include six groups usually crasidered to be orders. 
These are the Chrysomona^da, Cryptomonadida. 
Phytomonadida, Euglenida, Chloromonadida, and 
Dinoflagellida. See articles on these groups. See 
also Mastioophora. [j.b.l.] 

Phytomonadida 

An order of the class Phytomastigophorea. The pro- 
tozoans, also known as the Phytomonadina, are 
grass-green, but a few are colorless {Polytoma)^ 
Individual cells may be as small as 8 p. They closely 
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Fig. 1. Carferia, near fafrica. 
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relate the flagellates to the algae. They have one 
flagelluiti {Pedimonas) ^ two {Chlamydomonas) ^ 
four (Carter ia) (Fig. 1), or eight (Polyblephar- 
ides). Plural flagella are usually equal. The group 
large and about one-fourth of the approxi- 
mately 100 genera form palmelloid or dendroid col- 
(Tetraspora, Chlorangium) . with flagella 
tmlv in reproductive cells. Cell walls are of cellu- 
lose and often they are thick. Chromatophores con- 
tain the same chlorophylls as higher plants. Pyre- 
noids have the usual form commonly found with 
Udrrh as the reserve material. 

Unicellular species predominate, but at least 16 
genera form colonies. These are irregular, linear, 
fldt, or spherical. Volvox globator is a hollow 
sphere often 1 mm in diameter. Its mucilaginous 
periphery contains thousands of biflagcllate zooids. 

zooids are gonidia that form new colonies 
jsexually by a complicated multiple division. Isog- 
ani\, the production of like gametes which fuse, is 
lommon in Phytomonadida, but Volvox glohator is 
monoecious, producing large eggs from certain 
ztjoids and packets of small sperm from others. 

liberated into the hollow sphere, are ferti- 
lized bv sperm. Thick rough walls envelop the fer- 
tilized eggs which eventually produce new colonies. 
IllU'^, V glohator illustrates sexual reproduction 
omparable to that of higher animals. Most phy- 
lomonads are fresh-water inhabitants ; some are ter- 
restrial, some marine. See Phytomasticophorea; 
^H’RODUCnON, ANIMAL. [j.B.L.] 

’iciformes 

order of birds containing six families, which 
ha\e in tornmon a peculiar arrangement of the 
endons of the toes and other anatomical charac- 
All families nest in holes, and the young birds 
>l)cnd a relatively long period in the nest. The 
drgest family is the Picidae, the woodpeckers, 
fvorld-wide in distribution except for Madagascar, 
Australia, and most of Oceania. Woodpeckers show 
nany adaptive modifications related to their climb- 
and feeding habits, notably the exceptionally 
ong tongue and hyoid mechanism. Three families 
►re confined to the Neotropical region: the jaca- 
^ars (Galbulidae) , puff birds (Bucconidae) , and 
oucans fRamphastidae) . The barbels (Capitoni- 
are pantropical, whereas the honey guides 
Indicatoridae) are confined to the African and In- 
lan regions. The honey guides are noted for their 
labii of leading man and other animals to bees’ 
d microorganism in the digestive tract per- 
the birds to digest beeswax. Honey guides are 
prasitic. They lay eggs in the hole-nests of such 
r^ds as barbels, woodpeckers, and starlings. See 

fK.C.P.] 

kerel 

^name applied somewhat interchangeably to five of 
six species of fishes in the genus Esox. Another 
'Tf'tnonly used name for these species is pike. The 
species is the musky, or moskellunge, Esox 
All belong to the family Esocidsca 



(o) The northern pike, Esox lucius; length to over 4 ft. 
(b) The muikellunge, Esox masquinongy; length to 8 ft. 
{From E. t. Palmer, Fieldbook of Natural History, 
McGraw-Hill, 1949) 

The pikes are Holarctic in their distribution. 
One species, Esox reicheri, occurs only in Siberia. 
The northern pike, E, lucius, found in the northern 
parts of North America and in Eurasia, is one of 
the finest sport fishes, striking with ferocity and 
fighting with determination when hooked. It fre- 
quently weighs 15 lb or more. Like all the Esox 
large enough to eat, it is an excellent food fish. 
There is a substantial commercial fishery for this 
species, primarily in the Canadian lakes. 

The miiskellurige is primarily a fish of the Great 
Lakes drainage system. There is a subspecies in 
the Ohio River system. Sixty-lb muskies are taken 
almost every year, and 40-lb fish are fairly com- 
mon. This is the acknowledged king of American 
fresh-water sport fishes. 

The chain pickerel, Esox niger, is an eastern 
species, fairly common in weedy water from Maine 
to Florida. It also occurs in the eastern p8rt of the 
Great Lakes system, and northward up the Missis- 
sippi River into Missouri. This is a smaller fish 
than the northern pike, reaching a length of only 
2 ft. The banded pickerel, E. americanus, occurs 
east of the Alleghenies. It is seldom over 1 ft in 
length. The smallest of all is the mud pickerel, 
E. vermirulatus, seldom reaching 1 ft in length 
and common in the Mississippi, Ohio, and Great 
I tikes systems. 

All pike are voracious predators, recognized by 
the duck-bill head, the cylindrical body, and the 
small, posteriorly set dorsal and anal fins. See 
Clupeiformks. 

* 

Picrate 

One of two types of compound which are derived 
from picric acid, 2, 4,6-trinit rophenol. The hydro- 
gen in the — OH group of the phenol is sufficiently 
labile to act as an acid and form salts with inor- 
ganic bases in the usual manner (for example, 
sodium picrate) . 

The second class of picrate is a group of molecu- 
lar complexes formed when picric acid and aro- 
matic compounds, such as naphthalene, are allowed 
to react. Although the nature of these complexea 
is not entirely understood, they are useful in the 
identification of arontatic compounds^ because 
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Picric odd 


complexes are solids with characteristic melting 
points. These complexes are usually highly col- 
ored. See Picric acid. [e.r-wr.] 

Picric acid 

A phenol in which nitro (NO 2 ) groups are present 
in* the 2, 4, and 6 positions on the ring of carbon 
atoms. It approaches the mineral acids in acid 

OH 


direction or from a selected point of view. One suc)i 
view usually suffices to give the reader a clear pic. 
ture of the shape and details of the object. Piety, 
rial sketches often are more readily made and more 
clearly understood than are front, top, and Kidf 
views of an object (see Descriptive geometkv 
Engineering drawing). Pictorial drawings, either 
sketched freehand or made with drawing instru. 
ments, are frequently used by engineers and arcln 
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Simplified formula 


Strength (pK„ = 0.80). It is produced (1) by ni- 
tration of chlorobenzene to the dinitro derivative, 
hydrolysis of the latter, followed by another nitra- 
tion ; 


C««‘aS2.4.(0*N)*C.H3a 


2,4.(0*N)2CaH30H 


HNOa 

H*a04 


2,4,6-(02N)3C6H20H 


or (2) by sulfonation of phenol, followed by nitra- 
tion. 

C,iH60H — ^2,4-(H03S)2C«H30H-— 

2,4,6- (03N)3C«H*0H 


It has been used in treatment of burns, as an ex- 
plosive, and as a yellow dye. See Nitrobenzene; 
Phenol. Ir.b.c.] 


Picrite 

The term picrite has been used with several differ- 
ent meanings. It is generally considered to include 
certain medium- to fine-grained igneous rocks com- 
posed chiefly of olivine with smaller amounts of 
pyroxene, hornblende, and plagioclase feldspar 
( labradorite ) . 

The feldspar content is slightly higher than that 
of peridotite and lower than that of gabbro. Certain 
analcite-bearing types, associated with teschenite, 
have also been included under the term picrite. A 
characteristic feature is poikilitic texture in which 
large pyroxene or hornblende crystals enclose nu- 
merous small grains of olivine. 

Picrite is rare and is found in small intrusives 
(sills and dikes). It may also occur in the lower 
portions of basaltic lava flows where olivine and 
pyroxene crystals have accumulated under the in- 
fluence of gravity. See Gabbro; Igneous rocks; 
Peridotite. [ c. a.c a. j 

Pictorial drawing 

A pictorial drawing shows a view of an object (ac- 
tual or imagined) as it would be seen by an ob- 
server who looks at the object either in a chosen 
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trimotric dimetric isometric oblique 

Fig. T: Four different forms of pictorial drawini 
(From 7. £. French and C. J. Vierck, Graphic Science 
McGraw-Hili 1958) 
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Fig. 2. Isometric piping drawing. 



Fig. 3. Oblique and cabinet drawing. (From T. i 
French and C. J. Vierck, Graphic Science, McGrav 
Hill, 1958) 



Fig. 4. A perspective sketch. tlSi^ 7. £. Frertch 
C. J. Vierck,^ A Manual of Englbeeri^g Drawing ^ 
Students and Draftsmen, 8th ed„ McGraw-HIIK 




fig. 5. Orientation of an ellipse to depict a circle. 
|(From G. J. Hood and A. S. Palmerlee, Geometry of 
tngineering Drawing, 4th ed., McGraw-Hill, 1958) 
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tects to convey ideas to their assistants and clients. 

In making a pictorial drawing, it is impOTtant to 
select the viewing direction that shows the object 
and its details to the best advantage. The resultant 
drawing is orthographic if the viewing rays are 
considered as parallel, or perspective if the rays 
are considered as meeting at the eye of the ob- 
server. Making perspective drawings with instru- 
ments is time-consuming and requires considerable 
knowledge and skill. 

Several types of nonperspectivc pictorial views 
can be sketched, or drawn with instruments 
(Fig. 1). The dimetric and trimctric drawings pro- 
vide quite satisfactory views of the object, while 
the isometric view is not quite so satisfactory be- 
cause of the distortion created by the high viewing 
angle. However, isometric drawings are relatively 
easy to make with drawing instruments. They are 
particularly useful for showing piping layouts (Fig. 
2 ). 

Cabinet and other oblique drawings, while not 
true orthographic views, offer a convenient method 
for drawing circles and other curves in their true 
shape (Fig. 3). 

An effective pictorial sketch of an object can be 
made if proper attention is given to viewing direc- 
tion, proportions, orientation of ellipses, and loca- 
tion of tangent points (Fig. 4). An essential fea- 
ture in pictorial drawing is the proper orientation 
of the major (longest) axes of ellipses representing 
circles. The major axis of an ellipse should be 



Exploded-viaw production Illustration. (From 
Engneering Drawing, 2d ed„ McGraw» 

'•fh 1958) 
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drawn perpendicular to the axis of the circle 
(Fig. 5). The major axis of an ellipse representing 
a horizontal circle is horizontal, because it is per- 
pendicular to the vertical axis of the circle. 

Shaded exploded-view production illustrations 
greatly facilitate the learning process in assembly 
of machines and devices (Fig. 6). When this type 
of illustration is used, the initial assembly of parts 
into a machine has been found to be three or four 
times faster than if a conventional assembly draw- 
ing is used. [a.s.p. ; c.j.b.] 

Pier 

A wharf projecting perpendicularly or obliquely 
from shore, serving as berths for ships loading and 
discharging passengers and cargo. Construction 
usually takes the form of a pile-supported platform 
using steel, timber, and concrete materials. Some- 
times quay wall or bulkhead construction is used 
around the periphery with earth fill inside. Piers 
may be open-deck or housed over with sheds. They 
may also have special cargo-handling equipment 
thereon, such as that used for loading iron ore. 
Uses of piers sometime extend to recreational pur- 
poses, such as fishing piers, or to community pur- 
poses, such as car parking. Spaces between adja- 
cent piers are called slips. See Coastal engineer- 
ing; Wharf. Fk.J.Q.] 

Piezoelectric crystal 

A crystalline substance which exhibits the piezo- 
electric effect. This “pressure electricity” was first 
positively identified by the Curies in 1880, when 
they discovered that some crystals produced elec- 
tric charges on parts of their surface when the 
crystals were compressed in particular directions, 
the charge disappearing when the pressure was re- 
moved. It was later discovered that these crystals 
become strained when subjected to electric fields; 
the piezoelectric deformation is directly propor- 
tional to the field and it reverses in sign as the sign 
of the field is reversed. These basic properties of 
piezoelectric crystals are used in electromechani- 
cal transducers, such as ultrasonic generators, mi- 
crophones, phonograph pickups, and electrome- 
chanical resonators, such as the frequency-control- 
ling quartz crystals. See Piezoelectricity. 

Piezoelectric materials. The principal piezoelec- 
tric materials used commercially are crystalline 
quartz and Rochelle salt, although the latter is 
being superseded by other materials, such as bar- 
ium titanate. Quartz has the important qualities of 
being a completely oxidized compound (silicon di- 
oxide), and is almost insoluble in water. Therefore, 
it is chemically stable against changes occurring 
with time. It also has low internal losses when used 
as a vibrator, Rochelle salt has a large piezoelec- 
tric effect, and is thus useful in acoustical and vi- 
brational devices where sensitivity is necessary, 
but it decomposes at high temperatures (55^C) 
and requires protection against moisture. Barium 
titanate provides lower sensitivity, but greater im- 
munity to temperature and humidity effects. Other 



Fig. 1. Typical vacuum-mounted quartz resonators ! 
(Norfhern Engineering Laboratories) 


crystals that have been used for piezoelectric de- 
vices include tourmaline, ammonium dihydrofren 
phosphate (ADP), and ethylenediamine tartrate 
(EDT). See Barium titanate; Quartz; RocHKiit 

SALT. 

The quartz crystal resonator is the most inipor 
tant class of piezoelectric devir e. Its principal ap 
plication is in the fields of frequency control and 
electric-wave filters. It is also used in trunsduceb, 
especially where heat or moisture are factors. 

Characteristics and manufacture. The electrira 
properties of quartz crystals as circuit element. j 
including their temperature coeflfcient of f 
qiiency, motional inductance and capacitance, sp 
ries resistance, and electrode or shunt capacitance 
are ^rgely determined by the dimensions and an 
gles of rotation of the resonator surfaces with re 
sped to the crystal axes (see Crystal optics). I r: 
commercial practice, raw quartz crystals are ori 
ented by means of x-ray goniometers, the required 
angles of rotation are measured on the mounting 
jig, and the required blanks (unfinished slabs) rui 
from the mother crystal by diamond- faced saw* 
The blanks are then ground to the required fre 
quency using lapping techniques with gradua 
sizes of abrasives to obtain a smooth finish. Some 
high-quality crystals are given optically polished 
surfaces. It is common practice to etch the surface 
of the crystal with fluorine compounds to remove 
microscopic surface irregularities. 



Fig. 2. Crystal freqvenqr as o function ol 
hire for varioMS cryztol cuts* 
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'ig. 3. Frequency range of various crystal cuts. 

Electrodes may be applied directly to the sur- 
dce of the crystal, or they may be mounted exter- 
jallv in close proximity to the quartz element. 
>\^tals with electrodes on their surfaces are fre- 
|iicntlv mounted by means of wires, which may 
iho pmvide the connections to the electrodes. Con- 
aMicrs for crystals may be hermetically sealed for 
)r()teclion from atmospheric effects, and some 
ir\srals are mounted in evacuated envelopes to im- 
prove Q and reduce aging drift. Examples of mod- 

I rn \a( uum-mounted quartz crystals are shown in 
It; I Vacuum-mounted crystals are not capable 
f handling much power (usually less than 1 or 2 
mill waits maximum dissipation). Therefore, 
caled irvstals for power oscillators are usually 

f iounted in an inert gas, such as nitrogen or he- 
iirn 

The crystal-resonator cut chosen for a given ap- 

I lication usually is dictated by the frequency at 
hi( h the crystal must operate and the tempera- 
irt range over which the crystal must work. A 
lot of typical frequency versus temperature 
ur\c‘5 for several different crystal cuts is shown in 
•K 2 A chart of frequency ranges covered by 
fidelv used crystal cuts is shown in Fig, 3. 
Applications. Quartz crystal resonators are used 
stabilizing the frequency of oscillators. The 
egree of stabilization depends on several factors, 
h** principal ones being the Q of the resonator, the 
Ipe of crystal cut used and temperature range of 
^ration, the type of circuit used, and the amount 
power dissipated in the resonator. Thermostatic 
ns are often used to enhance oscillator stability, 
application of quartz crystals for oscillator 
N ilization has made possible our modern radio 
^ television broadcasting industry and mobile 
r, *'^^*^*nunications with aircraft and ground 
^l^cles. See Oscillator. 

yuartz crystal resonators are also used in elec- 
^t^'Wave, or frequency-separation, filters. Many 
|niisands of such crystals are used in telephone 
l^ems for carrier- frequency separation, and in 
r ^J^”'*’^^*‘*cation equipment for selecting a de- 
^ frequency band while rejecting unde- 
*T “See Filter, Electric. 

L using piezoelectric elements are 

kU ^ j ^®*>verting vibrations into electrical sig- 
ner applications as crystal 

Kg phonograph pickups, vibration pick- 

' dynamic pressure-sensing elements. The 
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inverse piezoelectric effect is used for converting 
electrical vsignals into mechanical vibrations. Thus, 
piezoelectric transducers arc used in such applica- 
tions as underwater sound ranging equipment (so- 
nar, asdic), and in ultrasonic cleaning devices, 
which use a liquid medium for washing small to 
medium-sized objects. Tf.d.l.] 

Bibliography i W. G. Cady, Piezoelectricity^ 
1946; R. A. Heising, Quartz Crystals for Electrical 
Circuits Their Design and Manufacture^ 1946; 
W. P. Mason, Piezo-electric Crystals and Their Ap- 
plication to Ultrasonics, 1950; W. P. Mason, Phys- 
ical Acoustics and the Properties of Solids, 1958; 
P. Vigourenx and C. F. Booth, Quartz Vibrators 
and Their Applications, 1950. 

Piezoelectricity 

Elec tricity, or electric polarity, resulting from the 
application of mechanical pressure on a diele* trie 
crystal. The application of a mechanical stress 
produces in certain dielectric (electrically non- 
conducting) cr>stalft an electric polarization , (elec- 
tric dipole moment per cubic cenlimeler) which 
is proportional to this stress. .SVe Polarization 
(dillecirics) . If the crystal is isolated, this polari- 
zation manifests itself as a voltage across the crys- 
tal, and if the crystal is shortcircuited, a flow of 
charge can be observed during loading. Conversely, 
application of a voltage between certain faces of 
the crystal produces a mechanical distortion of the 
material. This reciprocal relationship is referred 
to as the piezoelectric effect. The phenomenon of 
generation of a voltage under mechanical stress is 
referred to as the direct piezoelectric effect, and 
the mechanical strain produced in the crystal un- 
der electric stress is called the converse piezoelec- 
tric effect. 

Piezoelectric materials are used extensively in 
tiansdiicers for converting a mechanical strain into 
an electrical signal. Such devices include micro- 
phones, phonograph pickups, vibration-sensing el- 
ements, and the like. The converse effect, in which 
a mechanical output is derived from an electrical 
signal input, is also widely used in such devices as 
scmic and ultrasonic transducers, headphones, loud- 
speakers, and cutting heads for disk recording. 
Both the direct and converse effects are employed 
in devices in which the mechanical resonance fre- 
quency of the crystal is of importance. Such de- 
vices include electric wave filters and frequency- 
control elements in electronic oscillator circuits. 
For additional information on applications, see 
Piezoelectric crystal ; see also Disk record* 
*iNc; Microphone; Transducer, underwater; 
Ultrasonics, 

Necessary condition. The necessary condition 
for the piezoelectric effect is the absence of a center • 
of symmetry in the crystal structure. Of the 32 
crystal classes (see Crystallography), 21 lack a 
center of symmetry, and with the exception of one 
class, all of these are piezoelectric. In the crystal 
class of lowest symmetry, any type ot stress genor* 
ates an electric polarizati^ whereas In crystals of 
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higher symmetry, only particular types of stress can 
produce a piezoelectric polarization. For a given 
crystal, the axis of polarization depends upon the 
type of the stress. There is no crystal class in which 
the piezoelectric polarization is confined to a single 
axis. In several crystal classes, however, it is con- 
fined to a plane. Hydrostatic pressure produces a 
piezoelectric polarization in the crystals of those 10 
classes that show pyroelectricity in addition to 
piezoelectricity {see Pyroelectricity). The pyro- 
electric axis is then the axis of polarization. 

The converse piezoelectric effect is a thermo- 
dynamic consequence of the direct piezoelectric 
effect. When a polarization P is induced in a piezo- 
electric crystal by an externally applied electric 
field E, the crystal suffers a small strain S which is 
proportional to the polarization P. In crystals with 
a normal dielectric behavior, the polarization P is 
proportional to the electric field F, and hence the 
strain is proportional to this field E. Superposed 
upon the piezoelectric strain 5 is a much smaller 
strain which is proportional to P'^ (or E-) . This 
strain is called the electrostrictive strain. It is 
present in any dielectric. See Electrostriction. 

Matrix formulation. The relation of the six com^ 
ponents Ty of the stress tensor (three compres- 
sional components and three shear components) to 
the three components P, of the polarization vector 
can be described by a scheme (matrix) of 18 piezo- 



barium 

Fig. 2. Unit cell of tetragonal barium titanate, BaTiO. 
Deviation from cubic symmetry is exaggerdled. Size of 
the circles has no relation to the size of the ions. 



electric^modiili The same scheme (d,;) also re- 
lates the three components E, of the electric field | 
to the six components Sy of the strain: 

Compression Shear 

Si S 2 S 3 S 4 Ss ^ 

Ti T2 Ts T, T, h 

dll di2 di3 di4 di6 

d21 d22 d23 d24 d26 

dai d32 daa d34 dzb 

The direct effect is obtained by reading thi« | 
scheme in rows: 

Pi - i: di,T, I - 1, 2, 3 

The converse effect is obtained by reading it in col- ] 
umns 




zinc (or sulfur) 


S, « EdiiEi y- 1,2, . . . , 6 

An analogous matrix (dj) relates the strain to 
polarization and the electric field to the stress: 


o nilfur (pr xine) 

Fig. 1 . Tetrahedral structure of zinc blende/ ZnS. Only 
port of the unit cell is shown. Size of the circles has 
no relation to the size of the ions. 





}ijr are related by expressions involving the elas- 
i(it\ tensor Cjh^ (for constant electric field E) : 

^mh ' 

i—l 

see Kiastkiiy). Alternative formulations are 
)o''‘»il)Ie if one introduces the dielectric displace- 
nrnt D or visuali/es the simultaneous action of 
Inlncal and mechanical stresses. 

I he number of independent matrix elements 
r ej depends upon the symmetry elements of the 
rvsfal For the lowest symmetry, all 18 matrix 
hmcnls are independent, whereas piezoelectric 
hsses of higher symmetry can have as few as one 
ndrpendent element in the matrix (d,j). The ma- 
ri\ take'' its simplest form if the natural symme- 
r\ axes of the crystal are chosen for the coordi- 
jatt" ^vstcm 

Electromechanical coupling. The direct piezo- 
t'ffcft makes a crystal a generator, and the 
"luerse effect makes it a motor. Consequently, a 
iif/oelettrif <rvstal has many properties in com- 
mon with d motor-generator. For example, the elec- 
iKcil properties, such as the dielectric constant, 
leprncl upon the mechanical load; conversely, the 
nechanical properties, such as the elastic con- 
tdiits. depend upon the electric boundary condi- 
The electromechanical coupling factor k can 
defined as follows. Suppose electrodes are at- 
d^hod to a piezoelectric crystal and connected to 
l»dUerv Then the ratio of the energy stored in 
•i^thanicdl form to the electrical energy delivered 
the battery is equal to k^. In general, k ranges 
'>»Ti below 1% to about 30%. In quartz, for ex- 
tniple the coupling is roughly 10%. In ferroelec- 
^rvstals, k can approach unity in certain cir- 
'“msiances. See Flkroelectrics. 

n ffuartz, a stress of 1 kg/cm^ applied along the 
Jdd axis produces a polarization of about 2 X 10 
ombs/cm^ along the same axis. Conversely, an 
field of 100 volts/cm produces a strain of 
2 X 10 In ferroelectric crystals, such as 
‘'•helle salt an<J KH 2 PO 4 , and in certain antifer- 
such as NH 4 H 2 PO, (ADP), these ef- 
114 several orders of magnitude larger. 

ti th Quantitative theories based 

rt . ^ ^5^ailed crystal structure are very involved. 

however, the piezoelectric effect is 
* y understood for simple crystal structures. 
1 pustrates this for a particular cubic crys- 
’ zinc blende (ZnS). Every Zn ion is positively 
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charged and is located in the center of a regular 
tetrahedron ABCD^ the corners of which are the 
centers of sulfur ions, which are negatively 
charged. When this system is subjected to a shear 
stress in the xy plane, the edge AB^ for example, is 
elongated, and the edge CD of the tetrahedron be- 
comes shorter. Consequently, these edges are no 
longer equivalent, and the Zn ion will be displaced 
along the z axis, thus giving rise to an electric di- 
pole moment. The dipole moments arising from dif- 
ferent octahedra sum up because they all have the 
same orientation with respect to the axes xyz. 

Another simple tvpe of piezoelectric structure is 
encountered in barium titanate, BaTiOn, as shown 
in Fig. 2. The positive Ti ions are surrounded by an 
almost regular octahedron of negative oxygen ions. 
The Ti ions are not in the center of the octahedron, 
but somewhat displaced along the z axis. This 
structure already has a dipole moment or spontane- 
ous polarization in the absence of externally ap- 
plied sti esses. It is clear from Fig. 2 that the Ti 
ion is pushed more off renter when the crystal is 
mechanically compressed in the xy plane or elon- 
gated along 2 . The additional polarization associ- 
ated with this deformation is the piezoelectric po- 
larization. See Barium titanate. 

Piezoelectric ceramics. Barium titanate and a 
few related compounds have the remarkable prop- 
erty that, by means of a sufficiently strong electric 
field, the direction of the spontaneous polarization 
can he switched to any one of the x, y, 2 axes. This 
makes it possible to produce polycrystallinc sam- 
ples (ceramics) which are piezoelectric. The elec- 
tromechanical coupling factors of such ceramics 
can reach about S0%. 

Piezoelectric resonator. The piezoelectric strains 
that can he induced by a static electric field are 
ver> small, except in certain ferroelectrics. Larger 
strains can be obtained when a piezoelectric crys- 
tal is diiven by an alternating voltage, the fre- 
quency of which is equal to a mechanical reso- 
nance frequency of the crystal. The vibrating 
crystal rea< ts back on the circuit through the di- 
rect piezoelei trie effect. In the range of a mechani- 
cal resonance, this reaction is equivalent to the 
response of the network shown in Fig. 3, provided 
that the series resonance frequency 

in = l/(27rVZ:C) 

of the network is equal to a mechanical resonance 
frequency of the crystal. An important difference 
between the network of Fig. 3 and the piezoelectric 
resonator is that the latter has many discrete 
mpdes of vibration, whereas the network has only 
on^ resonance frequency. 

Network elements. The elements L, C and Co of 
the equivalent network can be calculated from the 
physical constants of the crystal. Consider, for 
example, the simple resonator shown in Fig. 4. 
A rectangular crystal bar with the dimensions 
/i » /2 » h is excited to compressional length- 
wise vibrations. The xy faces have adbetent elec- 
trodes, and the bar is oriented with respect to the 
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Fig. 4. Simple piezoelectric resonator. A voltage ap- 
plied to the electrodes shortens or lengthens the bar, 
exciting longitudinal vibrations. 


natural crystal axes so that an electric field E:\ 
along z causes a strain 5i along the bar according 
to the equation SKpi^zoei) ** A mechanical 

stress 7*1 along the bar causes a strain ^Km^rh) = 
where is the elastic compliance meas- 
ured at constant electric field E:\. The resonance 
frequency for the fundamental lengthwise com- 
pressjonal mode is then 

/•« - 1/(2/, cps 

where p is the density of the crystal. The parallel 
capacitance Co is the static capacitance of the crys- 
tal 


Co 


6/1/2 


farad 


Here c is the relative dielectric constant along z. 
For C and L, the analysis yields 


L 


C 




" irhnW x 10 ^') 
P(5ii*^)^/i/a(9 X 1 0^^) 
BdziV-2 


farad 

henry 


(All physical constants are in cgs units.) For the 
nth overtone, Co and L remain the same, whereas 
C must be divided by The losses (damping) 
represented by the resistance R in Fig. 3 arise, for 
example, from ultrasonic radiation, friction in the 
crystal mount, internal friction in the crystal orig- 
inating in various imperfections, and from dielec- 
tric relaxation. 

At the mechanical resonance frequency /«, the 
ac current is maximum and is determined by i?. At 
the antiresonant frequency 

/a ** vTCo 4- C)/XCCo 

the current is minimum. The difference A/ « 
/it — /ft increases with increasing electromechanical 
coupling according to the equation 


A/ 4A 

TJie reactance depends upon frequency, as 


shown in Fig. 5. For a typical piezoelectric crystal 
such as quartz, resonating at about 10^ cpa, 
following orders of magnitude are typical for the 
elements of the equivalent network: 

L = 10® henry 
C=2X10“^" farad 

Co = 5 X 10-^2 

The damping resistance R varies from about lo 
to 10* ohms; that is, the Q factors 



are in the range between 10*' and 10*, and the re^ 
onances are very shai^. These characteristics can 
not be achieved with conventional coils and mn 
densors as circuit elements. 

Vibration modes. With piezoelectric resonatcir* 
of various types, the range from audio frequencies 
to many megacycles per second can be covered 
The vibration modes frequently used are (in ordei 
of increasing frequency) (1) flexural vihralionM)! 
bars and plates. (2) longitudinal vibrations of bar* 
and plates, (3) face shear vibrations of plates, and 
(4) thickness shear vibrations and rompressional 
vibrations of plates. Figure 6 illustrates some oj 
these modes. The excitation of particular vibralioii 
modes can be achieved by proper orientation of 
the resonator with respect to the natural crystal 
axes, by proper positioning of the electrodes, and 
by prooer mounting. A simple example is illuv 
trated f>y Fig. 7. A bar is oriented so that an eler 
trie field along x causes an expansion or contra* 
tion along y. The electrodes are split and 
connected so that the bar flexes in the yz plane 
when a voltage is applied. The fundamental flex 
ure mode is easily excited with this arrangement, 
however, excitation of higher even-numbered flexu- 
ral modes is also possible. Interesting resonator? 



frequency 


Fig. 5. Reactance vs. frequency far pfeioeiacfri^ 
resonator. 







ig 6 Examples of vibration modes of bars and 
lates (a) Flexural vibrations of a bar. (b) Longitudinal 
'brations of a bar. (c) Longitudinal vibration of a 


plate, (d) Face shear vibrations of a plate, (e) Thick- 
ness shear vibrations of a plate, (f) Thickness vibration 
of a plate. 


re possible with piezoelectric ceramics (BaTiOv 
vpe) because different parts of the resonator can 
^ polarized in different directions. See Vibration. 
Common applications. The sharp resonance 
orve of a piezoelectric resonator makes it useful 
ri the stabilization of the frequency of radio oscil- 
Quartz crystals are used almost exclusively 
1 this application. The main advantages of quartz 
high Q factor, stability with respect to aging, 
nd the possibility of orienting the resonator with 
P^pcct to the natural crystal axes so that the tem- 
^‘raiure coefficient of the resonance frequency 
^nishes near the operating temperature. Figure 8 
histrates the orientation of commonly used cuts, 
nd Fig. 9 shows the temperature dependence of 
resonance frequency for a few of these. 

In vacuum-tube oscillators, the crystal gener- 
y part of the feedback circuit. In the circuit 
roposed by G, W. Pierce, the conditions for oscil- 
*hon are not satisfied unless the crystal reactance 
* positive. Hence, the oscillation frequency is be- 
the resonant and antiresonant frequency of 


the crystal (see Fig. 5). Circuits of this type hold 
the frequency within a few parts per million. Much 
greater stability can be achieved with the bridge 
circuit of L. A. Meacham. Here the oscillation con- 
ditions are fulfilled for zero phase shift in the feed- 
back circuit, that is, at the exact series resonance 
frequency of the crystal. Long-term frequency sta- 
bility of about one part in and short-term sta- 
bility of one part in 10® can be achieved with such 
oscillators; for example, see Quartz clock. For 
detailed information on the Pierce and Meacham 
circuits, see Oscillator. 

Selective band-pass filters with low losses can be 
built by using piezoelectric resonators circuit 
dements. With a simple network consisting of res- 
onating crystals only, a pass hand of twice the dif- 
ference between resonant and antiresonant fre- 
quency can be obtained. For quartz resonators, 
this pass band is about 0.8%. At relatively low op- 
erating frequencies, this band is too Harrow, and 
combinations of crystal resonators with coils and 
condensors are generally used. A synthetic pieaso- 
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Fig. 7. Excitation of a flexure mode by means of split 
electrodes. 


electric crystal which is often substituted for 
quartz in this particular application is ethylene 
diamine tartrate. 

Piezoelectric crystals provide the most conven- 
ient means for generation and detection of vibra- 
tions in gases, liquids, and solids at frequencies 
above 10“* cps. Quartz, ammonium dihydrogen 
phosphate, Rochelle salt, and barium titanate are 
frequently used in sonic and ultrasonic transduc- 
ers. The mechanical impedances of liquids and sol- 
ids are generally close enough to the mechanical 
impedance of the piezoelectric crystal so that effi. 
cient energy transfer is possible. The intensity of 
ultrasonic radiation that can be achieved is mainly 
limited by the mechanical strength of the piezo- 
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oxes pf some of the more commonly used special cuts 
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Fig. 9. Temperature dependance of the resonance fre- 
quency of quartz cuts commonly used in filters and os- 
cillators. (From W. P. Mason, Piezoelectric Crystals and 
Their Application to Ultrasonics, Van Nostrand, 1950) 

pier trio crystal. The maximum ultrasonic intensity 
ifipiiretically obtainable in water by means of 
(jiiart/. or ammonium dihydrogen phosphate is of 
ihc order 2000 watts/cm- and 200 watts/cm^, re- 
'-pertiveJy. For gases, the mechanical impedance 
malrh is so poor that the corresponding values 
arc about 4000 times smaller. However, the me- 
rhaniral impedance match can be greatly improved 
hv using piezoelectric devices consisting of two 
(liffcicntly oriented crystal cuts cemented together 
in such a way that a voltage applied to the elec- 
trodes causes the elements to deform in opposite 
directions, and a twisting or bending action re- 
Milts. As-semblies of this type (Bimorphs) with 
IhiTiO:^ ceramics or Rochelle salt are widely used 
in Hjch devices as microphones, earphones, and 
idionograph pickup cartridges. 

Ultrasonic waves at microwave frequencies up to 
2.4 X 10^^* cps have been generated by means of 
the piezoelectric effect. The arrangement is .shown 
in Fig. 10. The end surface of a piezoelectric crys- 
tal rod is expo.sed to a strong microwave electric 



resonant microwave cavity 


10. Experimentol arrangement for generation i 
^osound at microwave frequencies by meons of 
P»«*oelectric crystal 
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field in a resonant reentrant cavity. The ultrasonic 
waves travel through the crystal rod in a guided 
wave mode. The attenuation is low only at very 
low temperatures. [w.k.] 

Bibliography. W, G. Cady, Piezoelectricity ^ 
1946; W. P. Mason, Piezoelectric Crystals and 
Their Application to Ultrasonics, 1950; J. F. Nye, 
Physical Properties of Crystals: Their Representa- 
tion by Tensors and Matrices, 1957. 

Pigeonite 

The name given to the monoclinic pyroxenes of the 
general formula (Mg,Fe)Si 03 with some augite in 
solid solution. Pigeonite bears the same relation to 
the orthorhombic pyroxenes as augite does to the 
diopside-hedenbergite series. Pigeonite is the or- 
thorhombic pyroxene equivalent in the volcanic 
rocks. Most high-temperature metamorphic and ig- 
neous orthorhombic pyroxenes were probably orig- 
inally pigeonite. The small optic angle (2V) dis- 
tinguishes the mineral from augite and the inclined 
extinction distinguishes it from the orthorhombic 
pyroxenes. Pigeonite forms black, brown, or dark 
green short stubby crystals with the 87® pyroxene 
(110) cleavages. The slower cooling rates of the 
igneous and metamorphic rocks usually permit the 
augitic materials in solution to exsolve and the re- 
maining monoclinic pyroxene to invert to the or- 
thorhombic form. The original augitic material is 
evident by the oriented exsolution lamellae in the 
host orthorhombic pyroxene. The faster cooling 
rates of the volcanic rocks quenches in the augitic 
material and thereby preserves the metastable pi- 
geonite at surface temperatures. See Ortho- 
rhombic pyroxene; Pyroxene; see also Augite; 
Diopside; Enstatite. [c.w.d.] 

Pigment 

A finely divided material which contributes to the 
optica] and other properties of surface coatings. 
Pigments are insoluble in the coating material, as 
opposed to dyes, which color the coating by dis- 
solving in it. Pigments are mechanically mixed with 
the coating and deposited when the coating dries. 
They are not, in general, changed in their physical 
properties by incorporation in and deposition from 
the vehicle. Pigments may be classified according 
to their composition (inorganic or organic) or 
their source (natural or synthetic). However, the 
most useful classification is by their color as white, , 
transparent, colored, or by their function. 

White pigments. These materials are essentially 
transparent to visible light, but because of the dif- 
ference in refractive index between the pigment 
particles and the vehicle, they refract' the light 
from a multitude of surfaces and return a substan- 
tial portion in the direction of illumination without 
significant change in its spectral composition. See 
Colorimetry. 

The common white pigments are titanium diox- 
ide, derived from titaniqni-bearing ores; white lead 
from the corrosion of metallic lead,; zinc oxide 
irom the burning of zinc metal ; and lithopone, a 
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mixture of zinc sulfide and barium sulfate. Less 
commonly, pure zinc sulfide and antimony oxide 
are used. Titanium dioxide may be crystallized in 
the rutile or the anatase form, depending upon the 
method of production. It may be modified further 
by surface treatment to control the rate of chalk- 
ing and other properties. Rutile titanium dioxide 
has a higher refractive index than anatase, and 
therefore, higher hiding power, but it has a some- 
what yellow color. Anatase gives a purer white. 

White lead may be a basic carbonate of lead, 
made by corrosion of metallic lead by acetic or 
similar acids; or basic sulfate white lead, made by 
subliming lead ores under controlled conditions. 
The two pigments are largely interchangeable. Re- 
cently a basic silicate of lead has been made avail- 
able, giving the same results with a somewhat lower 
lead content. White lead pigments are the oldest 
of the white pigments and are used in exterior 
paints, to which they contribute continued flexibil- 
ity and durability. 

Zinc oxide is commonly made by sublimation of 
metallic zinc in the presence of air. If a lead-con- 
taining ore is used, leaded zinc oxide is obtained, 
the lead being in the form of basic lead sulfate. 
Zinc oxides vary in particle size and shape, accord- 
ing to the intended use. Zinc oxide films are hard 
and brittle, and the pigment is rarely the sole pig- 
ment in a coating. A certain amount is usually 
used in exterior paints to contribute hardness. 
Zinc oxide was, for many years, the principal 
white pigment of interior paints, but has been 
largely superseded by titanium dioxide. 

Lithopone is the pigment which results when .so- 
lutions of barium sulfide and zinc sulfate are mixed, 
precipitating zinc sulfide and barium sulfate, both 
of which are water-insoluble. The pigment contains 
about 30% zinc sulfide, which is responsible for 
the hiding power. Although large amounts of this 
pigment were made and used in past years, it too 
has been largely superseded by titanium dioxide. 

Pure zinc sulfide has a refractive index almost 
a.s high as that of titanium dioxide. It has, however, 
almost no advantages over titanium dioxide and is 
not widely used. 

Antimony oxide is occasionally used in enamels 
but is most commonly found as an ingredient of 
certain fire-retardant paints. 

Transparent pigments. The refractive indexes 
of these pigments are very close to the index of 
the paint vehicle (about 1.54). They are used to 
provide bulk, to control settling, and to contribute 
to durability, hardness, and abrasion resistance. 
They are often referred to as incr^ pigments, which 
is in error because some are extremely reactive. 
Because one of their common uses is to add bulk 
to other pigments, they are often called extenders. 
Most transparent pigments are natural minerals, 
reduced to pigment particle size* Among the most 
commonly used are calcium carbonate (ground 
limestone, whiting, or chalk), magnesium silicate, 
clay, silica, or barytes (barium $uHate). Barium 
carbonate and other minerals are sometimes used. 
Precipitated barium sulfate (blane fixe) or calcium 


carbonate are sometimes available, often as bv. 
products of some chemical operation. Transparent 
pigments often constitute a substantial portion of 
a protective coating. 

Colored pigments. These pigments are available 
in a wide variety of colors and properties, depend- 
ing upon the end use. Several hundred have been 
used at one time or another, but the following are 
most common. 

Red, Iron oxides, often classified by color, in 
elude Indian red, Spanish red, Persian Gulf red. 
and Venetian red (a mixture of iron oxide and cal 
cium sulfate). Other red pigments include cad 
mium re^ (cadmium selenide) and organic reds, 
which are usually cotd-tar derivatives, either pre 
cipitated in pigment Wm (toners) or deposited 
on a transparent pigment (lakes). Organic reds in- 
clude toluidines and lithols. 

Orange, Chrome orange (basic lead chromate) 
molybdate orange (lead chromate-molybdate), and 
various organic toners and lakes are the most <oni 
mon orange pigments. 

Brown, Browns are nearly always iron oxide*?, A 
though certain lakes and toners are used for spe 
cial purposes. 

Yellow. These pigments include natural iron ox 
ides, such as ochre or sienna, or synthetic iron o\ 
ides, which are stronger and brighter, (^romc >(*1 
low (normal lead chromate) ; cadmium yelW 
(cadmium sulfide) ; and organic toners and lake- 
such as Hansa Yellow and benzidine yellow. 

Greer/ The most important green pigments are 
chrome green (a mixture of chrome yellow and 
Prussian blue) ; chromium oxide, which is duller 
hut more permanent; phthalocyanine green. wIikIi 
is an organic pigment containing copper; and \ftr 
ious other organic toners or lakes, often prcci[n 
tated with phosphotungstic or phosphomoJybfli< 
acid. 

Blue. The blue pigments include Prussian blue 
(ferric ferrocyanide, sometimes called milori or 
Chinese blue, depending upon the shade) ; iiltrania 
rine, an inorganic pigment made by fusing soda 
sulfur, and other materials under controlled condi- 
tions; phthalocyanine blue, an organic pigmen) 
containing copper; and numerous organic toner* 
and lakes. 

Purples and violets. These are nearly all organic 
toners or lakes. Manganese phosphate is an inor- 
ganic purple pigment but is very weak. 

Blacks. The vast majority of black pigments con 
sist of finely divided carbon (carbon black, lamp- 
black, and bone black) usually obtained by allo^' 
ing a smoky flame to impinge on a cold surface 
Black iron oxide and certain organic pigments ar^ | 
used where special properties are required. 

Special pigments. Anticorrosive pigments are i 
used to prevent the formation or spread of rust od i 
iron when the metal is exposed by a break in the 
coatiifg. The most common are red lead, an oxid* 
of lead, and zinc yellow or zinc chromate, a basif 
chromate of zinc. Other colored .chromates 
sometimes used. The color of red lead fades rapi^ll 
and the anticorrosive chrotnates are^eisually ^ 



^reak in tinting strength. Metallic lead is sometimes 
used for anticorrosive paint. 

Metallic pigments are small, usually flat parti- 
c\e^ of metal, prepared for dispersal in coatings. 
Aluminum is most common, because it will leaf and 
form a smooth, metallic film. The flakes are some- 
times colored. Bronze, copper, lead, nickel, stain- 
less Steel, and silver appear occasionally. Zinc dust, 
or powdered zinc, is used more often because of its 
excellent adhesion to galvanized iron than because 
of Its appearance. 

Luminous pigments will radiate visible light 
when exposed to ultraviolet light. Phosphorescent 
pigments continue to glow for some period after 
the exciting light has been removed ; these are usu- 
ally sulfides of zinc and other materials, with small 
uiiounts of additives which control the phosphores- 
(..nf properties. Fluorescent pigments lose their 
lunimositv as soon as the exciting light is removed; 
tht‘^c may be sulfides, also, hut many organic pig- 
ments have this property. See Luminous paint. 

There are a number of other specialized pig 
menf^, ‘^uch as those which change color at some 
predetermined temperature for use in indicating 
hot areas on motors, pigments to give a pearly ap- 
pparante. and pigments which conduct electricity 
loi printed circuits. 

Course materials, such as pumice, are often 
iddcd when a nonslippery coating is rec|uired. 
(dass beads give a very high degree of refraxtivitv 
in the direction of illumination and are often used 
in f enter-line paints for signs where night visibil- 
jt\ IS required. Intumescent pigments puff up un- 
der heat, giving a fire-resistant coating. See Color; 
Paint; Surface coating. [t sd.) 

Bibliography: W. Von Fischer (ed.). Paint and 
I nniish T echnology, 1948. 

Pigmentation 

The normal color of the body and its organs results 
from a summation of the natural color of the tis- 
sue, the pigments deposited therein, and the pig- 
ments carried through in the blood bathing it. Of 
pigments present in the skin and hair, melanin 

most important, while hemoglobin in its reduced 
and oxidized form is the most important blood- 
borne pigment. See Chromatophore. 

Melanin. This is a pigment present as micro- 
'^’opic or submicroscopic brown or black gran- 
nies in the cells of the superficial layers of the skin, 
occasionally in the underlying dermis, in the hair, 
and in the iris. It appears to be localized in the 
initochondria and is a polymer of cyclic organic 
compounds derived from the amino acid tyrosine 
by the action of the enzyme tyrosinase. The effect 
of melanin on skin color depends not only on its 
inherent color but also on its ability to scatter 
incident light. The bright colors of the perineum 
of baboons, for example, are a result of the scat- 
‘ ^®jing of light from dark pigment granules in spe- 
cific spatial arrangements. 

Jhe amount of melanin in the skin varies within 
[ limits from species to species, from race to 
within members of a given stock, and from 
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site to site on the body, in addition to being sub- 
ject to change when stimulated by a variety of 
forces. The dark color of the negroid skin is due to 
the concentration of melanin in the skin ; the dark 
color of the eyelids, nipples, and genitalia in Cau- 
casians has exactly the same cause. Exposure to 
ultraviolet rays, as in sunlight, or to other ionizing 
radiation causes increase in the amount of melanin 
present in the skin. 

The color of the hair depends on the relationship 
of the amount and concentration of pigment and 
air: the darker the hair, the more pigment and less 
air. The gray or white hair of old age contains al- 
most no melanin. 

Control of pigmentation. In many animals, prob- 
ably including mammals, pigmentation is at least 
to some extent controlled by hormones, notably a 
proteinaceous hormone of the pituitary gland 
known as melanocyte-stimulating hormone (MSH) 
This hormone (or similar hormones), which has a 
striking effect on skin color in amphibians and fish, 
presumably plays a part in the generalized changes 
in pigmentation which accompany some conditions 
in man caused by hormonal imbalance. In these 
conditions there may be a direct or indirect influ- 
ence on MSH production Other conditions associ- 
ated with variations in the steroid sex hormones 
and of the thyroid hormone are also associated 
with changes in skin pigmentation. 

Another possible controlling force over skin pig- 
mentation is the nervoiH system. The cells which 
produce melanin in the body have the same em- 
bryological derivation as nervous tissue, and indi- 
rect evidence suggests that there is some neural 
control over these cells. 

The basic pattern of pigmentation is, of course, 
hereditarily determined, and some abnormalities 
of pigmentation have a similar hereditary basis. 

Focal abnormalities. In melanin pigmentation, 
focal abnormalities include the familiar freckles 
and the dark skin blemishes known as moles or 
nevi. These lesions reflect focal excessive deposi- 
tion of melanin and they are entirely benign, but a 
malignant counterpart exists in the malignant mel- 
anoma which appears to come about as wild uncon- 
trolled overgrowth of the melanin-producing cells. 
Focal spots of hyperpigmentation also occur com- 
monly in response to inflammation or irritation. 
Among other focal abnormalities are the irregular 
patches of depigmentation, occasionally present 
from birth (leukoderma), or arising later in life as 
a result of infection, trauma, or some unknown 
causes (vitiligo). Spots of hyperpigmentation of 
.varying sizes and shapes occur in conjunction with 
, 9 uch varied diseases as polyostotic fibrouls dyspla* 
sia ( a disease of bone with an associated endocrine 
abnormality), neurofij^romatosis (multiple wide- 
spread benign tumors of neural origin), intestinal 
polyposis (a heritable condition characterized by 
multiple polyps of the intestine), and in associa- 
tion with various internal malignant tumors, 
Q#nanili20d abnoitnalMtei. In external mdanin 
pigmentation affecting the entire body surface, 
generalized abnoymalitiee are not uncommoii^ The 
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complete or partial absence of melanin found in 
albinos is an inborn disorder inherited as a Men- 
delian recessive or, in mild cases, as an irregular 
dominant caused by the lack of the enzyme tyrosin- 
ase which is necessary to convert tyrosine to mel- 
anin. The lack of pigmentation in the eyes of these 
subjects is commonly associated with ocular diffi- 
culties. In phenylpyruvic oligophrenia, a rare re- 
cessive inborn disorder characterized by mental 
deficiency, there is a lack of tyrosine because the 
enzyme necessary to convert the amino acid phen- 
ylalanine to tyrosine is lacking and, although tyro- 
sinase is not diminished, the usual amounts of mel- 
anin cannot be formed. The patient is therefore 
pale. 

Generalized hyperpigmentation occurs in adre- 
nal hypof unction (Addison’s disease), probably 
indirectly through an effect on MSH, while hypo- 
pituitarism causes hypopiginentation because 
MSH production is suppressed in the underactivc 
pituitary gland. The changes in pigmentation of 
the nipple and other areas in pregnancy, as well 
as pigmentation disturbances in eunuchs, point to 
a control, either direct or indirect, of melanin pro- 
duction by the steroid hormones. Melanin deposi- 
tion in the skin is also increased in hemochromato- 
sis, although part of the pigmentation in this 
disease is due to the deposition of iron-containing 
blood pigments. Certain intoxi<^ations, notably ar- 
senic poisoning, can also lead to generalized hy- 
perpigmentation. 

Blood-borne pigments. Of the pigments nor- 
mally present in the blood stream, hemoglobin, the 
oxygen-carrying pigment of the red blood cells, is 
the most important in determining skin color. Its 
effect is best appreciated in the opposite phenom- 
ena of blushing and blanching, in which an in- 
creased or decreased volume of blood and there- 
fore of hemoglobin, perfuses the skin because of 
dilation or constriction of the skin vessels. 

The red portions of the body, the mucous mem- 
branes, lips and similar structures, and the red 
organs, owe their color to the propinquity of blood- 
carrying vessels to the surface. Similar pigmenta- 
tion is seen in hemangiomas, the so-called straw- 
berry marks and similar akin blemishes, in which a 
local abnormal proliferation of blood vessels oc- 
curs close to the skin surface. 

Qualitative and quantitative changes in circulat- 
ing hemoglobin are reflected in visible changes in 
skin color. In anemia, for instance, when there is a 
decrease in this pigment, the body is pale; while 
in polycythemia, a condition characterized by 
increase in circulating red cells, the skin is ruddy. 
Oxidized hemoglobin, that is, heiiiioglobin carrying 
oxygen from the lungs to the body tissues, is bright 
red, while reduced hemoglobin is purplish. In con- 
ditions in which the blood is poorly oxygenated be- 
cause of disease of the lungs or heart or through 
the inability of the blood to circulate to the lungs 
(so-called blue babies), the skin becomes purple 
or blue (cyanosis). When carbon monoxide is pres- 
ent in inspired air, it combines with hemoglobin to 


yield a cherry-red pigment, carboxyhemoglobi] 
and when certain reducing substances are intn 
duced into the blood stream, another abnonnj 
hemoglobin product, methemoglobin, which has 
chocolate color, is formed. The presence of the? 
substances in the blood is reflected in appropHai 
changes in skin color. 

Other pigments may be carried in the blrn) 
stream. Jaundice, a yellowing of the skin, is cause 
by the deposition of bile pigments in the ski] 
Carotenemia, another form of yellowing of the skii 
is found in individuals consuming large quantity 
of carotene-containing fruits and vegetables sue 
as carrots and apricots. Small quantities of can 
tene are normally present in skin and contribute 
slightly yellow color tS it. See Jaundice. 

Exogenous pigments. Finally, skin color may [ 
changed by the deposition of entirely foreign sul 
stances which may be introduced directly, as i 
tattoos, or indirectly through ingestion, injectio] 
or inhalation, as in silver poisoning (argyria), lea 
poisoning (plumbism), and bismuth poisoning,! 
which the metallic salts themselves are deposite 
in the skin to cause pigmentation. 

Other organs. While other organs besides th 
skin may undergo color change, the color change 
are analogous to those seen in the skin. The ba‘<i 
color of an organ is determined by a c^mbinaliu 
of its fat content (yellow), blood (red or purple i 
and native pigments (ceroid, lipochrome, card 
olipin, carotene, hemosiderin ) , and by the scattei 
ing of l^ght from microscopic and submicroscopi 
particles. The organs may change color because n 
increases or decreases in any of these parameters 
through introduction of foreign substances, as vna 
pigments (anthracosis of the lungs) and prodmt 
of cascara metabolism (melanosis of the colon i 
or through accumulation of colored material noi 
mally present in minute amounts (alkaptoniiri 
ochronosis). [r.b.h. 

Pile foundation 

A substructure supported on structural units intro 
duced into the ground to transmit a load to lo^e 
strata or to alter the physical properties of th< 
ground (Fig. 1). The supporting units, called pik" 
are made of wood, concrete, or steel. 

End-bearing and friction piles. End-bearini 
piles transfer load from the footing to bedrock o 
other firm material capable of withstanding the in 
tensity of pressure transmitted by the pile. Certaii 
types of cast-in-place concrete piles can be forrne‘ 
with an enlarged base which will reduce the inten 
sity of applied pressure and thus permit the use h 
end bearing of material of less strength or allo' 
the use of a greater applied load. 

Friction piles are driven into fairly deep bei- 
of soil of somewhat uniform consistency. Thfl 
transfer their load to the surrounding ground 
means^of friction along q| cmbcdiw^' 

or by shearing of the closely soil. 

full length of the pile may be eWiiedve in friction 
or the pile may extend above the level of the 
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Pig. 1. Uses of piles, (a) As end-bearing column. 
(b) As friction pile in lower portion, (c) As friction pile 
full length, (d) As compactor of soil. 


tidiial material through unstable strata, water, or 
air. Piles may act as compactors of some types of 
soil, thus improving its sustaining power. 

bearing value of a pile is the allowable or pre- 
‘'iiinptive load which a particular type, length, and 
size of pile, at a given sparing, can sustain in the 
specific ground conditions at a site without the 
"Ctllement exceeding an acceptable amount. It de- 
])ends upon the ability of the ground to rec eive the 
load from the pile in friction or end bearing, and 
upon the ability of the soil to distribute the load 
until available resistance is mobilized within an ac- 
ceptable amount of settlement. The soil is as much 
a part of a foundation as is the pile, and soil prop- 
erties must be considered. See Soil mechanics. 

All piles distribute load to the soil in the sliape 
of a so-called bulb of pressure, which may be shown 
l»y lines connecting points of equal stress inten- 
''ities (Fig. 2). Where pile spacings are such that 
bulbs for individual piles overlap, they merge into 
a larger bulb extending to a greater depth. Over- 
laps also result in larger intenvsities of pressure at 
certain levels. This tends to produce greater settle- 
ment. Settlement produced by a uniform load in- 
creases in proportion to the diameter of the loaded 
area for cohesive soils, but the size has little effect 
in cnhesionless soils. In cohesive soils, settlements 
continue over long periods of time, and because 
ibey are dependent upon intensities of pressure, 
vary with load and location under the structure, 
^be allowable differential settlements should be es- 
tablished in cohesive soils. 

Bearing capacities are usually computed by for- 
t^tilas, the most common of which assumes the 
ultimate bearing value to be equal to the dynamic 
driving force, using factors for energy losses in 
hammer, pile, and impact. Such formulas are ap- 
plicable only with cohesionless soils. Bearing ca- 
pacities may be estimated by judgment as to unit 
friction values based upon hardness of driving the 
^^t^mpler when making soil test borings, or by lab- 
oratory tests of soil samples. Most accurate results 
®re obtained from field loading tests on an actual 


pile, from which the allowable load is determined 
by dividing the load at failure by a factor of safety. 
Load tests on cohesive soils, however, only test the 
shearing value of the soil or pile friction, and give 
no indication of the ultimate settlements. 

Pile driving. This is the driving of piles, or cas- 
ings or shells to be filled later with concrete, by 
impact from a pile-driving hammer. The term is 
sometimes loosely applied to the placing of piles 
by any method. 

Drop hammers consist of a weight raised by a 
cable running over a frame and extending back to 
a drum. The weight is released by .i trip or the 
drum is allowed to unwind rapidly. Drop distances 
are usually high. Frequency of blows is low. 

Steam hammers may be of several types, all of 
which require the use of steam boilers or air com- 
pressors. Single-acting hammers employ steam or 
compressed air to raise the movable mass which is 
then tripped and falls by gravity alone. In the 
United States, the movable ram is inside the cas- 
ing; in Europe, the casing is sometimes the mova- 
ble part. Characteristics of the blow are a low strik- 
ing velocity by a heavy weight. Double-acting 
hammers use steam or compressed air to raise the 
striking part and also to impart additional energy 
during the downstroke. They run at greater speeds 
than do single-acting hammers. Differential-acting 
hammers also employ steam or air to rai.se the 
striking part and impart additional energy on the 
downstroke but avoid a drop from the entering 
steam pressure to mean effective steam pressure. 

Diesel hammers are self-contained units, made 
up of cylinder, piston or ram, small fuel tank, and 
fuel injector. They weigh less than steam hammers 
and re(piire no steam or air supply. They use small 
amounts of fuel oil. 

Jetting consists of displacing the soil at the pile 
tip by means of discharge of a quantity of water 
or air through an internal or external jet pipe, 
which also lubricates the sides of the pile as it rises 
to escape. It is done to aid the pile in passing 
through hard strata not situated suitably to he 
bearing material or to obtain embedment in hard 
materia] which might cause damage to the pile. 

Jacking piles down requires a resistance to 
thrust against. This method is used in underpin- 
ning, where short sections of pile are inserted and 
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Fig. 2. Bulbs of pressure, 
end-bearifig piles. 



•ingle pile pile group 

(b) 

(o) For friction piles, (b) For 
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connected after each is jacked down. The resist* 
ance of the pile is measured by a gage connected 
to the jack. This method avoids vibration from driv- 
ing. 

Drilling is used to install piles. A drilled pile is 
a cast-in-place pile constructed by pouring con- 
crete in a drilled shaft. This avoids vibration or 
displacement and heave of the ground. Noise from 
driving is reduced. Holes can be drilled where re- 
stricted headroom would prevent driving long piles. 
A bell-shaped cut at the bottom increases hearing 
area and pile capacity. Drilling equipment is light 
and easily portable, or is truck-mounted. Precast 
piles are sometimes set in drilled or cored holes 
and grouted in place. 

Types of piles. Wood piles, cut from straight 
tree trunks, are widely used. Most commonly used 
in North America are southern pine, Douglas-fir, 
oak, and cypress. Wood piles buried in the ground 
are subject to decay and insect attack unless sub- 
merged. Wood piles above ground are also subject 
to fire. In marine locations, piles are exposed to 
decay, abrasion, and marine borer attack. As a pre- 
servative, wood piles are often treated with creo- 
sote or a creosote-coal tar mixture applied under 
pressure. Mechanical protection in the form of con- 
crete jacketing, pipe sleeves, or metal sheathing is 
also sometimes used on marine piles. Allowable 
loads on wood piles are usually less than those on 
concrete or steel piles, and they will not stand as 
hard driving. 

Precast concrete piles are square, octagonal, or 
round. They may be of uniform cross section, or 
tapered full length, or may have tapered points. 
Prestressed concrete piles may be used. Sectional 
hollow precast concrete piles are made of hollow- 
spun reinforced concrete sections strung together 
on tensioned steel cables running through longitu- 
dinal holes. 

Cast-in-place concrete piles need no storage 
space or special handling equipment, avoid the cut- 
ting off or extending involved in making length 
adjustments, and cannot be damaged by driving. 
Uncased piles may be used where it is certain that 
neither soil nor water will fall into the hole or 
squeeze into it and reduce the size. One method is 
to drive a casing pipe and core, then pull the core, 
place concrete, set the core on the concrete, and 
pull the casing; a concrete pedestal may be driven 
out if desired. Cased piles are used where support 
is required for the sides of the hole and where wa- 
ter occurs. A temporary heavy outer casing is 
driven and a permanent light shell inserted. In one 
method, a core is driven with the^temporary casing 
to displace the soil; in other methods, concrete or 
metal bases are used to keep soil out of the casing. 
Thin metal shells may be driven by internal man- 
drels which are withdrawn and the shells filled with 
concrete. 

Pipe piles consist of steel pipe of 6-30 in. in 
dUmeter. Ends may be closed by shoes or open. 
Open-type piles are usually cleared of soil by jet- 
titig, Bkrth types are usually filled with concrete. 
Pipe piles are capable of carrying large loads to 


rock, and lengths of 200 ft have been used. The 
arc used where rock is within reach for end beai 
ing, where water conditions would require use o 
air if caissons were sunk, and where soil displace 
ment must be avoided. They are often used for nn 
derpinning, where they have been driven in section 
as short as 2 ft in restricted headroom. 

Pile designs. H piles are rolled steel section 
frequently used as piles. They are suitable fo, 
penetrating rock or other hard material with leas 
effort. There is a wide range of sizes and weights 
Lengths have exceeded 200 ft. Protection againv 
corrosion in upper portions may be required. 

Box piles are made by welding together two ser 
tions of steel sheet ;vj)i ling, or combinations o 
beams, channels, an(f plates. They perform ih< 
same functions as pipe piles. They are usually noi 
filled with concrete but can he cleaned out am 
filled to any depth for strength and protection o 
the interior against corrosion. 

Composite piles are piles in which the upper am 
lower portions consist of different types of pile*^ 
This is done to secure the particular advantages o' 
a certain type without the expense of using ii 
throughout. For example, concrete upper section- 
may be used on wood lower sections, where rh« 
latter would decay if they were near the surface 
H or pipe lower sections may be used under ca.sec 
concrete piles where it would be too expensive i( 
use concrete alone. 

Sheet piling is a vertical wall composed of inter 
lockin^^nits used to retain 9 difference in grounc 
elevation, in which the bottom support is ohtaince 
by driving the toe below the lower level. Sheet pil 
ing may be wood, steel, or concrete, and mav Iv 
temporary or permanent. Factors affecting choH 
include cost, ease of installation, availability, i.al 
vage, corrosion, decay, ability to withstand driving: 
lateral strength, and ease of making connections 
Sheet piling is driven by pile hammers. Alignmoni 
and resistance to thrusts are provided by horizontal 
walers and braces or tiebacks. 



Fig. 3. File design, (o) Precast concrete pile. ^ 
pile, (c) Pipe pile. (cD 8ox pile, (e) &eel ^eet 
sections. (f> Sheet piling walls. 



Wood sheet piling consists of one, two, or three 
hioknesses of plank with various types of edge 
onnec tions. It is largely used for building founds- 
ion excavations and cofferdams. 

Steel sheet piling is formed of flat, channel- or 
I shaped sections provided with edge interlock 
cmnections, having a wide range of strength. It is 
,.cd for cofferdams, piers, retaining walls, cais- 
,,,n^ and excavations. 

Concrete sheet piling consists of precast, rectan- 
gular, concrete piles with edge interlocks. It is of- 
used in shoreline work. See Caisson founda- 
iioN, Cofferdam; Retaining wall. [r.d.c.] 
Hih/wgraphy: See Foundations. 

Pilot production 

fn mass-production industries where complicated 
ruKiiKts. protes‘4es, or equipment are being devel- 
oped d pilot plant often leads to the presentation 
i.‘ a better product to the customer, lower develop- 
ruent and manufacturing costs, more efficient fac- 
lorv opeiations. and earlier introduction of the 
[irodiK ! Foll<»wing the engineering development 
i»t a [jroduct, process, or complicated piece of 
^(piipment. and its one-of-a-kind fabrication in the 
model shr»p, it becomes desirable and necessary to 
prove out” the development on a simulated tac- 
ror\ basis 

Facilities. To accomplish this, the pilot plant, 
in nilermedidle step between development labora- 
'oi\ and production factory, is established. It is 
pM>vided with personnel and facilities that diipli- 
(atf ds nearly as possible actual manufacturing 
Mmdilions but are free of the day-to-day necessity 
oi meeting delivery schedules. 

Tins requires personnel who are highly skilled in 
ilieir field, but are not necessarily experts They 
must understand the thinking and objectives of de- 
'♦lopment engineers, and must also appreciate the 
ilav-to-dav problems that arise in factory operation 
unskilled or semiskilled operators. 

Adequate equipment and services should be pro- 
uded to accommodate the full range of factory re- 
Muirements. Sometimes, however, it may be imprac- 
t^al to include certain facilities in a pilot plant 
h^'Cduse of floor space limitations, or because of 
''Pecidlized services rec|uired. In such cases, ar- 
*^<ingenients should be made to perform these pilot 
plant functions on regular production equipment 
the factory, but under pilot plant supervision 
financial control. 

Objectives. Some of the objectives of a pilot 
plant operation are as follows. 

Quality control. Pilot plant operation demon- 
strate«5 the ability of processes or equipment to 
^unction consistently at the desired quality level 
under factory operating conditions. 

Material usage. To demonstrate economical 
^*^ge of materials during the pilot operation, the 
nidterials used should be truly representative and 
the full range of variability permitted by 
Material purchase specifications. 

Process reliability. Pilot operation demonstrate^s 
I whether the prooesaes involved arc practical and 
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realistic and whether operating procedures can be 
followed in their entirety by the type of personnel 
used in the factory. 

Equipment reliability. To demonstrate the capa* 
bility of the equipment to produce at speeds and 
machine efficiencies, which will become standard 
in the factory, data are recorded during pilot pro- 
duction which show whether the equipment will 
perform at a satisfactory rate of defectives. Pilot 
plant experience establishes a list of spare parts 
which will he initially provided in the factory. 

Personnel requirements. Pilot experience estab- 
lishes the amount and labor grade of production 
and maintenance personnel required to operate the 
process or eiiuipment. This done with the co- 
operation of industrial engineering and industrial 
relations depailments. 

Safety During pilot runs the safety department 
has an opportunity to review the process or equip- 
ment for compliance with safety requirements. 

Factory acceptance. Pei haps the most impor- 
tant objective of a pilot plant is to afford repre- 
sentatives of the factory to which the process or 
equipment will he transferred an opportunity to 
witness the operation and to agree that it is ready 
for the fat tory. Thus, rnti< ism of the development 
IS minirni/ed and its intioduclion into regular fac- 
tory operation accomplished more quickly 

Manufacturing costs. Pilot plant operation pro- 
vides the opportunity to verify engineering estb 
mates of manufacturing cost and may indicate the 
necessity for pricing changes or for taking further 
steps to reduce the cost of product in order to 
reach a salisfactorv level of profit. 

Development costs. The cost of designing and 
developing piocesses or equipment and of instruct- 
ing personnel in their use is often only a fraction 
of the total cost involved in producing a final effi- 
f lent process or machine. The debugging or work- 
ing out of unforeseen problems can consume a 
great deal of time and add a large amount «f ex- 
pense before the process or machine is readv for 
factory operation. The pilot plant relieves the fac- 
tory of the expense of a trial run both in direct cost 
and in lost production of established products. The 
close proximity of the pilot operation to engineer- 
ing and other skilled personnel permits first-hand 
observation of operation and quicker decisions on 
required changes. It may also save the expense and 
time of such personnel traveling to factory loca- . 
tions and the return of equipment from the factory 
to its point of origin. 

The financing of a pilot plant should be on a 
^budgetary basis. Funds for its facilities, personnel, 
and operation should he provided as part bf a bian- 
ufacturing development budget. The pilot plant 
should not be expected to finance itself through 
manufactured products, otherwise management 
tends to keep the project in the pilot plant longer 
than necessary in order to create funds for its op- 
eration. The pilot plant then loses its value as a 
development function, and the desire and interest 
of its personnel to introduce improvements atsd to 
uckle new projects becomes subordiiM^te to that of 
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meeting production schedules. On the other hand, 
arrangements should be made to credit the opera- 
tion with a fair value of the product manufactured 
so that the net amount remaining will represent 
development cost more accurately. See Produc- 
tion ENGINEERING. [j.E.W.] 

Piloting 

A form of navigation by which position is deter- 
mined relative to external reference points, usually 
fixed points on the earth. It is the oldest form of 
navigation. Primitive man learned to guide himself 
by means of prominent rocks, trees, bends in the 
river, and other visible landmarks before he had 
any instruments other than his five senses. Piloting, 
usually called pilotage by aviators, remained little 
changed until the application of electronics to nav- 
igation in relatively recent years. Before that time, 
piloting was associated with nearness to land or 
other dangers to navigation, and frequent or con- 
tinous determination of position or positional in- 
formation. 

Position of a craft is determined in three ways: 
dead reckoning, celestial navigation, and piloting. 
Dead reckoning is the advancement of a previous 
position for subsequent motion of the craft. Celes- 
tial navigation uses celestial bodies, determination 
of position being with respect to the terrestrial 
points having the bodies momentarily overhead. 
Piloting uses points, generally fixed points on or 
near the surface of the earth, for determination of 
position. Although modern navigational aids and 
electronic devices have altered techniques some- 
what, navigation may still be classified according 
to these three traditional methods. 

Piloting and celestial navigation are different de- 
spite some similarities. In piloting, position is de- 
termined relative to the points upon which certain 
measurements are made (sometimes indirectly); 
whereas in celestial navigation, the objects ob- 
served merely provide certain information which is 
used to establish position relative to other points. 
This distinction applies even in space navigation. 

Points or marks. Natural landmarks, the only 
piloting aids available to primitive man, have been 
supplemented with a great many man-made aids to 
navigation. Such aids are of several types. Beacons, 
both lighted and unlighted, and lighthouses are at 
fixed positions on land or in the water. Buoys, both 
lighted and unlighted, and lightships float in the 
water, being moored at desired points. Dnlighted 
aids are called daymarks. These are given distinc- 
tive shapes or coloring to assist in identification. A 
light installed as an aid to navigation is given a 
distinctive sequence and duration 6{ light and dark 
periods and color or colors, by which it can be 
identified. These characteristics are shown on the 
charts and given in the light lists available to navi- 
gators. 

In addition to visible aids to navigation, bottom 
topography can be of assistance in locating the 
position oi a vessel. Aircraft aids to navigation 
consist principally of electronic aids and lifted 




object. 

beacons. Electronic aids are chiefly beacons of 
various kinds, airway radio ranges, and the van 
ous electronic systems of navigation. See Naviga- 
tion SYSTEMS, electronic. 

Measurements. The measurements made for pi 
loting purposes are of direction, distance, differcii 
tial distance between two points, and distance to 
the bottom aboard ship or to the surface of the 
earth in aircraft. In some electronic systems the?e 
measurements are made indirectly, as by malchinp 
pulses on an electroscope, counting dots an® 
dashes, or centering pointers. 

Direction, The direction of a landmark is calle® 
its bearing, commonly stated as the angular di**’ 
lance from some reference direction, usually true, 
magnetic, compass, or gyro north. Bearing 
are generally given in integral degrees 
though half and quarter degrees may be used)- 
using three figures, from 000® at north clockwise 
through 360®. Relative beaadngs use the' heading 
the craft as the reference iiirection, and may 
stated as above, right and left through 180*^- 
with reference to some part of the craft (as 




...1 the starboard bow, 10 degrees abaft the port 
beam, or two points on the port quarter). 

Aboard ship, bearings are usually measured 
(1) by noting when two objects are in range (di- 
rectly in line) ; (2) by means of a suitable attach- 
ment to a compass or compass repeater; (3) by 
pelorus, a compasslike instrument without direc- 
tive properties; or (4) electronically by radio di- 
rection finder, radar, or by the indication of the re- 
ceiver-indicator of an electronic system of naviga- 
tion. 

Distance. This is now generally measured by ra- 
dar in nautical miles or yards (meters in countries 
using the metric system) . See Radar. 

Diferential distance. Between two points, such 
distance is usually measured electronically by 
means of the receiver-indicator of a hyperbolic nav- 
igation system. The reading is generally in some 
special unit such as a microsecond (one millionth 
of a second ) or one hundredth of a lane width. See 
Hyperbolic navigation system. 

Marine depth. Depth of water is measured in feet 
or fathoms (6 ft). Meters or special units are used 
by mariners of some countries. Measurement may 
be made by hand lead (pronounced led), a lead 
weight attached to a line ; sounding machine, a reel 
of wire to one end of which is attached a weight 
which carries a device for recording depth; or, 
more commonly by echo sounder, a device which 
emits a sonic or ultrasonic signal in the water and 
times the return of the echo. .See Echo sounder. 

Air altitude. Height of an aircraft is measured 
in feet (meters by navigators of some countries), 
by means of an altimeter, A barometric altimeter 
determines height above sea level or some other 
reference level by measuring the atmospheric pres- 
sure at the aircraft. An absolute altimeter deter- 
mines height above the terrain, usually by measur- 
ing the time interval between transmission of a sig- 
nal and the return of its echo from the surface, or 
hy measuring the phase difference between the 
transmitted signal and its echo. See Altimeter, 
pressure; Altimeter, radio. 

Position determination. In marine piloting, posi- 
tion is generally determined by means of lines of 
position, each indicating a series of possible posi- 
tions of the craft at the time of measurement. A 
Pleasured bearing provides a straight line of posi- 
fion (actually part of a great circle) passing 
through the object sighted. A measured distance 
provides a circular line of position with the object 
Rs the center and the distance as the radius. A meas- 
ured differential distance provides a hyperbolic line 
of position. While a straight or circular line of posi- 
^on is usually plotted directly on the nautical chart, 
^ special chart or table is generally .used to inter- 
pret a hyperbolic line of position. Depth of water or 
»®ight of an aircraft generally does not provide a 
line of position unless the craft crosses a distinc- 
tive feature such as the 100-fathom curve or a 
t^ountain ridge. 

. A position, called a fix, is determined by cross- 
two or more lines of position takon simultane- 
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ously or nearly so. If one line is adjusted for an 
appreciable time, a running fix is obtained. This ie 
somewhat less reliable than a fix. A two-bearing fix 
is shown in Fig. 1. Figure 2 shows a fix obtained by 
means of a bearing and distance of a single object. 

In aircraft, piloting is performed somewhat dif- 
ferently. When visual landmarks are used, they are 
generally checked off successively from a list or 
aeronautical chart as they are passed. Radar and 
radio marker beacons are used in much the same 
manner. Hyperbolic and other long-distance sys- 
tems are used as in marine navigation. Modern ra- 
dio ranges and some landing aids are used by keep- 
ing the needles of special indicators centered. Vis- 
ual and aural signals are used in some older 
ranges. Airborne radio direction finders are gen- 
erally of the automatic type providing a continuous 
indication of direction of the transmitter. See 
Direction-finding equipment. 

Positions, either aboard ship or in the air, may 
be obtained in other ways than by crossing lines of 
position. Certain combinations of successive bear- 
ings of the same object provide immediate mdica- 
tion of position. Simultaneous horizontal angles be- 
tween three objects can be set on a three-arm pro- 
tractor (called a station pointer by British naviga- 
tors) and the position determined by fitting the 
arms of the instrument to the chart symbols repre- 
senting the objects. The horizontal angles are usu- 
ally taken by marine sextant. This provides an ac- 
curate position sometimes used in hydrographic 
surveying or in locating the point of letting go an 
anchor, but seldom for other purposes. A line of 
soundings plotted on a transparency at the correct 
distance intervals at the scale of the chart and then 
matched by trial and error to the soundings shown 
on the chart may provide a reliable indication of 
position where the bottom topography has a dis- 
tinctive pattern. Under favorable conditions, a bot- 
tom profile obtained by a recording echo sounder 
can provide a better position. 
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A vessel can semetimes be kept in safe water 
without a fix. In an area where the bottom shoals 
gradually^ a well-chosen danger sounding can give 
warning in sufficient time to prevent grounding. A 
danger bearing of some object well ahead can pro- 
vide an indication of a dangerous situation if the 
measured bearing exceeds the danger bearing. An 
off-lying rock or shoal can sometimes be success- 
fully avoided by keeping the measured angle be- 
tween two objects less (or more) than a prese- 
lected horizontal danger angle, as illustrated in 
Fig. 3. Similarly, a vertical danger angle can be 
established between the top and bottom of a single 
object. 

No other form of navigation presents the variety 
of methods, or taxes the ingenuity of the navigator, 
as does piloting. In no other form is judgment, 
based upon experience, so valuable. See Buoy; 
Celestial navigation; Dead reckoning; Light- 
house; NAViGATit)N; Polar navigation. 

I a. b. moody ] 

Bibliography: N. Bowditch, American. Practical 
Navigator., U.S. Navy Hydrographic Office, H.O. 9, 
1958; J. C. Hill, II, T. F. IJtegaard, and G. Rior- 
dan, Dutton* s Navigation and Piloting, 1958; U.S. 
Navy Hydrographic Office, Air Navigation, H.O. 
216, 1955. 

Piltdown man 

A “fossil” human being, actually the product of a 
skillful hoax perpetrated in the early 1900s by an 
unknown person. Various fragments of what were 
believed to be two skulls were recovered from 
about 1908 to 1915 by Charles Dawson, a lawyer, 
near Fletching, Sussex, England, assisted by Dr. 
A. S. Woodward and Father Teilhard de Chardin. 
These fragments suggested a being with a thick 
skull hut a large brain, a high forehead and an ex- 
tremely apelike jaw, of early Pleistocene date. 
Crude stone tools and fossils of several Pleistocene 
mammals were associated. Accepted by some an- 
thropologists as an actual primitive man, hut as- 
sumed by others to be the accidental mixture of 
human and anthropoid remains, Piltdown man 
caused great difficulty in interpretations of human 
evolution until the hoax was detected and exposed 
in 1953 by Prof. Sir W. LeGros Clark and Drs. 
J. S. Weiner and K, Oakley. They established, by 
chemical and other tests, that the jaw was actually 
that of an orangutan, modern, and not fossilized 
but stained to appear so; that the teeth had been 
filed to change their appearance; that the rest of 
the skull was chemically different from the jaw and 
probably pathological; and that tl^e fossil animals 
had been introduced from various other places. 

The fossil was named Eoanthropus dawsoni by 
Woodward, 1912 (also Homo sapiens dawsoni by 
Kleinschmidt) The jaw alone was named (by those 
originally assuming it to be an ape*s) Pan vetus 
(Mffller^ 1915), and Boreopithecus dawsoni 
(Friaderichs, 1932). The remains are at the British 
Mvktimm of Natural History. fw. w. howells] 

Bibliography: J, S. Weiner, The Piltdown For- 
gery, 1955. 


Pimento 

A type of pepper {Capsicum annuum) grown L, 
its thick, sweet-fleshed red fruit. A mem^r of th< 
plant order Tuhiflorales, pimento is of Amerirai 
origin, and gets its name from the Spanish won 
designating all sweet peppers. In the Unitei 
States, however, the term pimento generally refer 
to the heart-shaped varieties grown in the Souil 
for canning and used for stuffing olives and flavor 
ing foods. Perfection is a popular variety. Harvest 
ing begins when the fruits are fully red, iisualh 
2%-3 months after planting. Georgia is the onli 
important producing state. The total annual farrt 
value in the United l^ates is approximately $2. 
000,000. See Pepper; ^ubiflorales; Vecetaru 

GROWING. [h. j, CaRFW 

Pina 

Pina, or pineapple fiber, is obtained from the larg< 
leaves of the pineapple plant grown in tropica 
countries. This natural fiber is white and especially 
soft and lustrous. In the Philippine Islands, it i 
woven into pina cloth, which is soft, durable, am 
resistant to moisture. Pina is also used in makiiii 
coarse grass cloth and for mats, hags, and clothinj; 
See Fiber, natural; Pineapple. 1 m. d. potter 

Pinch effect 

A name given to manifestations of the maf;ncli< 
self-attraction of parallel electric currents having 
the sam/^ direction. Since 1952, the pinch effec 
in a gas discharge has become the subject of in 
tensive study in laboratories throughout the world 
since it presents a possible way of achieving tin 
magnetic confinement of a hot plasma (a highly 
ionized gas) necessary for the successful function 
ing of a thermonuclear or fusion reactor. 

Ampere's law. The law of attraction which de 
scribes the interaction between parallel electrk 
currents was discovered by Andre Marie Ampere 
in 1820, and can be stated as follows: the force ol 
attraction in dynes per centimeter length between 
two thin straight wires r cm apart carrying cur 
rents of /i and /-^ amperes (amp), respectively.!' 
IiF^/lOOr (see Ampere’s law). The law applic' 
equally to the attraction between the individual 
components of a current in a single wire, in whicli 
case, for a cylindrical wire of radius r cm carrying 
a total current of / amp, it manifests itself as a com- 
pression force on the material of the wire (Fig. 1^ 
given by /-/2007rr2 dynes/cm-. For a uniformly dis- 
tributed current in the wire, the pressure reacb?** 
this value on the axis. 

For the electric currents of normal experience, 
this force is small and passes unnoticed, but not^ 
that the pressure increases with /^. At lOO.OOd 
amp, the pressure amounts to about 1 atm foT ^ 
wire of 1-cm radius, hut at 10** amp, the pressure 
about to® atm, which is considerably greater than 
the pressure produced by the detonation of trinkro* 
toluene (TNT). , 

Manifestations. The pinch effect first /shewed 
up practically in certain eatly types of iiiduction 




p,g 1 Pinch pressure on a current-carrying conduc- 
tor Arrows at left show direction of pinch pressure. 

,]e(rnc furnaces in which large low-frequency 
iliernating currents of the older of 100,000 amp 
^ve^e indiaed at low voltage into a horizontal ring- 
.hapcd fused-metal load (see Fig. 2). At these cur- 
rent^ the pinch pressure can be larger than the 
iiMjro'^tatu pressure exerted by the fused metal, 
Tul . 1 ^ the formula above shows, the pinch pressure 
irK leases as the radius of the conductor decreases 
(_(msp(|uentl\, om e the process starts, the pressure 
It 1 nairow ne* k in the ring of fused metal is able to 
^(|nttve out the fluid metal until the neck pinches off 
(omplclely, cutting off the current. This led to very 
iiiipven heating of the c harge. The term pin< h effect 
given to this process by C Henng in 1907. The 
tedinual difficulty was eventually overcome by 
nuking the plane of the ring vertical and sub 
merging it deeply below the free surface of the 
fiu(d metal The force of the pinch effect has also 
l)feri known to manifest itself by a rrnshing of 
inhular eondiictors exposed to large impulsive 
inrrents »*ucli as occur in lightning strokes or high- 
l)ov\f r short c ircuits. 

Thermonuclear applications. The temperatures 
luimrtd for a profitable energy balance from the 
tin rmonuf lear burning of deuterium are in the 
i(gi(»n of 50 X lO^^^K to several hundred X 10^'°K. 

a temperature could he attained and main 
‘'unpff only if the heated plasma were carefullv 
insulated on all sides from the walls of the ap- 
ptiiatus by a vacuum which has the function not 
only of preventing the plasma from being cooled by 
tnuchmg the walls, but also of excluding from the 
plasma an\ foreign matter, which would inevitably 
ke evaporated from any known material which was 
<‘xpospd to such temperatures. The outward pres- 
’siire of the plasma must be balanced in some way 
'vithoiif resting on material walls, and this has to 
done by some combination of electric and mag- 
”^bc fields. See Fusion, nucifar; Macni pohy- 
JJRodynamics; Plasma physics; Thfrmonuclear 

TION. 

There are only a limited number of ways in 
'vnich a magnetic field can be arranged around the 
plasma to hold it together, and one of these is that 
rtie pinch effect. A fusion reactor using this type 
confinement would ideally he a toroidal tube in 
"^hich the confined plasma would float, the plasma 
^®rrying a large electric current induced in it by 
'I^Rgnetic induction from a transformer core passing 
] ^ the axis of the torus. The fundamental 

I ®<Iuation for the pinch effect in a gas, derived theo- 
[ by W. Bennett in 1934. gives the current 7 
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required for the inward pinch pressure to balance 
the outward gas pressure: 

/V200 - Nk(Te + Ti) 

wheie I is the total current in amperes, N is the 
number of electrons (also the number of ions) per 
centimeter length of the pinch (independent of 
the radius), A: *= 1.4 X 10"^® erg/®K (Boltzmann’s 
constant), and T, and Tt are the temperatures in 
°K of the ions and electrons, respectively. 

Experimental studies. In general, two types of 
apparatus have been used in studies of the pinch 
effect: (1) straigla disehaige tubes composed of 
quartz or porcelain with a metal electrode at each 
end, intended for bhort-duration studies, where the 
cooling of the plasma by the relatively cold elec- 
trodes is slight during the time of the experiment, 
and (2) toroidal discharge tubes, also composed of 
quaitz or porcelain, where the pinch is endless 
and consequently is more effectively confined than 
in the first type of apparatus, and the current is 
induced into the discharge bv magnetic coupling 
to a primal y winding. In both cases, currents of 
50,000-500,000 amp are obtained with gradients of 
10 100 volts/cm along the pinch. The primary 
power source is a charged condenser with a capacity 
of 4^50 fiU charged to 10-100 kv. The current in 
the discharge rises rapidly, reaches a peak in a 
few microseconds, and decays to zero in a damped 
oscillation. 

Imiabilitr, Characteristically, as can be seen by 
high-speed photography, the discharge forms gt the 
inner surface of the dischaige tube wall and con- 
liacts inwardly, forming an intense line on the 
axis (Fig. 3) ; the ingoing wave usually bounces 
slightlv; the contracted discharge rapidly develops 
necks and kinks, and in a few microsecon4s. all 
sir teture is lost in an apparently turbulent glowing 
gas Thus, the pinch turns out to be unstable, and 
the plasma confinement is soon lost by contact with 
the wall The cause of the instability is easily seen 
qualitativelv ; the pinch confinement can well be 
described as being caused by the magnetic lines 
encircling rbe pinch behaving as slippery rubber 
bands which aie stretched longitudinally, but 
whuh liansversely are in compression (see Fig. 4). 
For a uniform cylindrical pinch, the magnetic pinch 
pressure is everywhere equal to the outward plasma 
pressure, but at a neck or on the inward side of a 
kink, the magnetic lines crowd together, cieating 
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Fig. 2. Ring indMdion furnace, (o) Skfo view* M>) 
Plan view. 
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a higher pressure than the outivard gas pressure. 
Consequently, the neck contracts down further, 
and the kink cuts in on the concave side and 
bulges out on the convex side. The effect is basi- 
cally the same as that in the furnace (Fig. 2). 

Neutrons are reported from linear pinch ma- 
chines sometimes in great numbers (nearly 10'* per 
pulse from the high-power Los Alamos linear 
pinch machine known as Columbus II). It turns 
out that these neutrons are emitted preferentially 
in the direction in which a deiiteron would be 
accelerated by the applied electric field and are 
associated in some way with the instabilities that 
have been mentioned. They are not produced by a 
thermonuclear (fusion) reaction occurring through- 
out the pinch. 

The instability has a disastrous effect on the 
achievement of thermonuclear temperatures by the 
pinch effect, and great effort has been devoted to 
overcoming it. 



Fig. 3. Xenon pinched discharge in Perhapsatron 
torus. 


One measure undertaken was to add an axial 
magnetic field by means of an external winding 
round the pinch tube. This might be exj^ected to 
resist the sausage and kirk deformations by stiffen- 
ing the discharge. Also, the walls of the tube can be 
made highly conducting; this step has the effect 
of trapping the magnetic field between the pinch 
and the wall, cushioning and reflecting the moving 
pinch back to the center. Studies involving such 
modification were in progress on a world- wide scale 
over the period 19S5-1963, notably including the 
Perhapsatron (Los Alamos, U.S.A.), ZETA (Har- 
well, II.K.), and ALPHA (Leningrad, U.S.S.R.). 
In general, these measures proved inadequate to 
give stability, and work on pincherf^of this type has 
declined. 

Levitrons, A much more powerful measure for 
stabilizing the pinch has been found by adding (1) 
a stiff current-carrying conductor down the axis 
inside tb© pinch and (2) a strong longitudinal 
magnetic, field from an exterior winding outside it. 
The plasma is, in effect, sandwiched and pinched 
into a tubular region, between magnetic fields hav- 
ing directions differing by 90®. This so*called 




Fig. 4. Illustrations of instability, (a) Sausage type. 
(b) Kink type. 

hard-core pinch shows greatly diminished instabil- 
ily, so much so that for short time scales (/-.'Kh' 
sec) and straight tubes, it is stable. Tn order to e\- | 
tend this study to longer times, the tube would ha\p 
to be made impracticably long to avoid cooling of 
the plasma by the ends or to be made endless, that 
is, toroidal. The achievement of a toroidal hard 
core involves the unusual expedient of^magneli 
cally levitating the hard-core center ring conductor 
(hence the name Levitron, applied to the device i, 
since it ^nnot be reached by supports or con- 
ductors without contacting the plasma, which would 
cool and contaminate it (Fig. 5). Several Levitron^ 
are built or under construction, notably, Livermore 
(IJ.S.), Aldermaston (U.K.), and Fontenay-ai:>- 
Roses (France). 

The 90® shear in the direction of magnetic field 
lines in crossing the hard-core pinch plasma is the 
basis of the stability. Under the condition that 
magnetic lines cannot cross one another, plasma 
deformations involve much stretching of the mag* 
netic lines and become energetically impossible. 
The condition that magnetic lines cannot cross 
holds true, however, only in a time scale depending 
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Fig. 5. Levitron or toroidal hard-core pinc)^ 


PIm 


235 


on the electrical conductivity of the plasma, with 
infinite conductivity (infinite temperature) corre- 
sponding to infinitely slow crossing. Unfortunately, 
it has not been possible to heat the plasma in the 
Levitron to a high enough value to make this a 
^ood approximation for time scales larger than 
]0 ' sec, and an instability is observed after such 
rimes. So far, temperatures in the thermonuclear 
range have not been reached in the hard-core pinch, 
and its future in the controlled-fusion effort is not 
clear. The hard core i.s associated with S. A. 
Colgate, H. P. Furth, and P. Kebut. 

\ loophole still remains for the utilization of the 
simple ])inch in controlled fusion — that of resorting 
lo heroic extremes of high power, short time (be- 
low that required for instabilities to develop), and 
high plasma density; and it is still Jieing studied 
w/li this possibility in mind. f j. i.. tuck] 

Hibliof^raphy: C. L. Longmire, J. L. Tuck, and 
l\. 'Fhompson (eds.). Plasma physics and iher- 
inoniiclear re.search. Prog. NiicL. Energy, Ser. XI, 
1%.S; Theoretical and experimental aspects of con- 
ti oiled nuclear fusion, in Pror. Second Intern. Conj. 
Vauejul Uses At. Energy, vols. 31 32, 19S8. 

Pine 

The genus, Piniis, of the pine family, charac!terized 
h\ evergreen leaves, usually in tight dusters (fasci- 
(le«) of 2-5, rarely single. There are about 80 
known species distributed tbrougboiit the Northern 
Hemisphere. Botanically, the leaves are of two 
kinds: (1) a scalelike form, the primary leaf, 
uhi<h subtends a much shortened and eventually 
(Iccidiions shoot hearing (2) the secondary leaves 
or needles. The wood of pines is easily recognized 
h^ the numerous resin ducts and by the character- 
istic lesinous odor (.see Si-.cRt/roRY structures, 
I’l \nt). The pines may he divided into two dasses 
according to the number of leaves in a duster. 

Soft or white pines. Except for the nut pines, 
die while pines have 5 needles in a duster. Eastern 
v'hilc pine. P. strobus, ranging from 90 to 150 ft in 
height, is found in the northf^astern United States 
west to the Lake states, adjacent Canada, and the 
Appalachian Mountain region. Originally it was 
die most important timber tree of the eastern 
Hnited Slates and Canada, with a stand of approxi- 
“lately 750,000.000,000 board ft. About 800,000,000 
liourd ft are cut annually, and the total quantity of 
‘^aw timber in the United States at present is esti- 
“lated at about 15,000,000,000 board ft. In the 
amount of annual lumber cut, eastern white pine 
now exceeded by the southern or hard pines, 
^‘Riglas-fir, oak, ponderosa pine, and hemlock {see 
Hemlock; Oak). The wood of east- 
white pine is valuable because it can be easily 
is light and soft, does not split when 
polishes well, and does not warp or swell 
I appreciably. Almost everything from shipmasts to 

I “matches, including doors, framing, finish, Ikjxcs, 
crates, has been made from this wooi How- 
it is now restricted to more particular uses 
^cause of its increasing scarcity and value. 

the western while pines, the sugar pine. 



Fig. 1. Pine cones, (a) Pinus resinosa. (b) P. strobus. 
(c) P. nigra. (Brooklyn Botanic Garden, Brooklyn, N.Y.) 

P. lawbertiana, is the most important. This is a 
magnifntent Pacific C(»asi tree attaining a height of 
alj<»ut 250 ft and having large cones, 10-20 in. long. 
It is himhered only in Oreg<m and California where 
it ranks in volume and value with redwood (see 
Redwood). The annual cut is 300,000,000-400,000,- 
000 hoard ft. The present stand is estimated at 
about 20,000,000,000 hoard ft, with approximately 
foMT-fifths in Califrirnia. Other while pines in the 
West are western white pine, P. monticola, a 
mountain species found almost entirely in Idaho, 
Montana, and Oregon; limber pine, P. flexilis, one 
of the smaller white pines of the Rockies; and 
while-bark pine, P. albicaulis, also a mountain spe- 
cies with a more northern range. 

The nut pines or pinons are a subgroup of the 
Southwest with fewer needles, sometimes only one. 

Hard or pitch pines. Red pine, P. resinosa, also 
known as Norway i)ine. reaches a height of 80 ft or 
more, and is native in the northeastern United 
States from Maine to Minne.sota and adjacent Can- 
ada and south along the mountains to West Vir- 
ginia. The needles are in pairs, and the bark has a 
red-brown color, hence the name. The wood is fairly 
soft, but a little harder than that of eastern white 
pine. The more den.se red pine is also stronger and 
is important commercially for general construc- 
tion, sash, door, and window frame manufacturing, 
flooring, boxes, crates, and shipmasts, but it is not 
durable in contact with the soil. Frequently it is 
sold in mixture with ea.stern white pitie. The stand 
in the United States has been estimated at aibout 
3,000,000,000 board ft with about twcpthirds of the 
stand in the Northeast and the remainder in the 
Lake states. The average annual cut ia about 
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Fig. 2. Scotch pine, Pinus sy/vesfris. (a) Female (ovu- 
late) cone unfertilized, (b) Fertilized cones, (c) Stage 
In development of cone, (d) Cone opening to dischorge 
seeds, (e) Seed scale showing two winged seeds. (A. H, 
Graves, Illustrated Guide to Trees and Shrubs, Har- 
per, 1956) 

000,000 board ft. Technologically, the red pine 
forms a sort of bridge between the soft white pines 
and the hard pines. 

The hard yellow pines have two or three needles 
in a cluster. The longleaf pine, P. pnlustris; lob- 
lolly, P. taeda; shortleaf, P. echinata; and the slash 
pine, P. elliottiU are the principal trees of the 
southeastern United Stales that yield the so-called 
southern yellow pine lumber, a hard, resinous wood 
in which the dark bands of summer wood conspicu- 
ously alternate with the lighter colored spring 
wood. See Wood (anatomy and identification). 
The longleaf pine is the most important of these, 
being a leading world producer of naval stores. 
The hard, strong wood is used in construction, 
flooring, railway car construction, and shipbuild- 
ing. The longleaf and slash pines are the most im- 
portant trees for the production of turpentine, a 
distillate obtained from the resin when the trees 
are tapped. See Gum; Naval stores; Rosin. 

In the West the hard pines are represented 
chiefly by the ponderosa pine, P. ponderosa, which 
attains a height of l,'i0~-225 ft, and is found in the 
Rocky Mountain and Pacific Coast regions, includ- 
ing adjacent Canada. The total stand and lumber 
cut from this pine (including Jeffrey pine, P. /e/- 
freyi, which is commonly sold along with it) are 
exceeded only by Douglas-fir and the southern yel- 
low pines. The total stand of saw timber is about 
185,000,000,000 board ft and the annual cut be- 
tween 3,000,000,000 and 4,000,000,000 board ft, 
nearly half of which comes from Oregon and about 
one-quarter from California. 

The Austrian pine, P. nigra, which has two nee- 
dles and closely resembles the red pine, has darker 
bark and is much planted in North America, as is 
the Scotch pine, P. sylvestris, with two shorter, 
bluish needles (Fig. 2). Other exotics cultivated 
are mountain pine, P. mugo; Japanese black pine, 
P, thunbergi; and Swiss pine, P. cembra, the 
last a S^eedled apeciet^ See Forest and fores- 
try; Tree; TimpENTiWE. [a. h. craves] 


Pine oil 

A material fractionated from oils recovered from 
long leaf pine wood (see Wood chemicals). 
wood is either destructively distilled or solvent ex- 
tracted to yield turpentine, rosin, charcoal, and 
other useful commercial products. The recovered 
oils are further refined, and pine oil results from a 
definite cut in the fractionation. 

Good grades of pine oil consist largely of terpin- 


eol. A typical pine oil contains 

% 

a-Terpineol 6!>~70 

Dihydro-of-terpineol and other tertiary 

alcohols \ 10 

Borneol and fenchyl alcohols 10-l.S 

Estragole 5 

Ketones 5-10 


The textile industry uses pine oil as a penetrant, 
dispersing agent, wetting agent, and inhibitor of 
bacterial growth in practically all wet processing 
of cotton, silk, rayon, and woolen goods. In the 
paper industry it is ii.sed as a wetting and leveling 
agent in coating and as a preservative of casein. It 
finds extensive use for the preparation of high- 
grade disinfectants, liniments, odorant blocks, 
soaps, cattle sprays, and other insecticida^prepara 
tions. Manufacturers of essential oils use pine oil 
as a source of prime terpineol and also of some 
other constituents. About 28,000,000 gal of pine oil 
is produ^d annually in the United States. 

A number of essential oils are derived from thf 
needles and cones of other species of pines, most 
of' them produced in Switzerland, Austria, Ger 
many, and Russia. See Essential oils. | E. l. sai’i | 

Pineal body 

In its most complete form, the pineal may be re- 
garded as consisting of a series of evaginations or 
outgrowths from the third ventricle in the roof of 
the diencephalon of the brain. The pineal appara- 
tus constitutes one of the olde.st parts of the brain 
and is widespread throughout the vertebrate ani- 
mal kingdom. The two principal components of 
this apparatus are usually known as the parietal 
eye or pineal eye and the pineal organ or the 
epiphysis. See Brain. \ ii . j. clausenI 

Comparative anatomy. The pineal organ n an 
unpaired, elongated, club-shaped, knoblike or oc- 
casionally threadlike organ attached by a stalk to 
the roof of the forebrain. In lower vertebrates 
often projects upward through the skull to lie utt* 
der the skin; in higher ones it is hidden under- 
neath the enlarged cerebral hemispheres. No evi- 
dence of the organ has been found in the simpl^^®^ 
cyclostomes (myxinoids), and it is said to be 
ing in crocodiles, armadillos, and edentates. E*”' 
bryonic vestiges occur in some sirenians. It is small 
in birds and some mammals, microscopic in the 
porpoise, and relatively large in cocks, echidna*' 
marsupials, rodents, ungulates, and jnan. iSTervou* 
elements predominate in lower vertel^t^ 
glandular cells predamihate in higher o|aes. 


lower vertebrates. The pineal body of lowe 
fishes may shed light on its phylogenetic histor> 
Two outgrowths project from the dorsal forebraii 
stalk in cyclostomes. One, derived from the ligh 
mde of the brain, is the pineal body ; the other, dc 
nved from the left, is the parapincal. The pinea 
end*; m a hollow, knoblike termination directl 
|)eneath an area of skin devoid of pigment an 
King dorsally between the paired eyes. The upper 
wall of the organ consists of several layers of cells, 
foirning a lens. The lower wall contains sensory 
(ell*, and ganglion cells with processes passing 
down the stalk to nerve centers in the right side 
f»f the brain. The parapineal is less specialized 
l)ut essentially similar in structure and is con- 
nected to the left side of the brain. Both organs 
are sensitive to light. In some ganoids and lower 
ipjeosts all tissues overlying the pineal are trans- 
huent, and light striking the pineal initiates re- 
flex lesponses of locomotor muscles and pigment 
lells 

Higher vertebrates. In modern fishes and tetra- 
l)()d> the pineal is chiefly glandular and neuroglial 
and IS confined within the hiain < ase, hut non- 
fiinilional sensory and ganglion cells remain, the 
litlei even in mammals. In birds, the pineal shows 
little nervous or glandular structure 
In <cTlain reptiles (Sphenodon, some lizards), a 
Hirapineal (parietal) eye, less specialized than 
lliat of cyclostomes, is exhibited in addition to a 
pineal body A parapineal anlage occurs in amphih- 
)in and bird emhrvos. and an adult parapineal re- 
mains in certain extant, but mostly ancient, fishes. 

ORGAN 

iNidence, not all of which is summarized here, 
Miggpsis that the pineal might represent one of a 
))air of pliy logenetically older sense organs, the 
nther being the now almost obliterated parapineal 
all authorities agree; however, if this is true, 
die pineal has slowly evolved from a photorecep- 
I »r to an organ which subsequently produced, 
and may still produce, an endocrine substance. 

fc. c. KKNl, TR.l 

Physiology. The function of the pineal body 
ka*- not been definitely ascertained. The pineal 
organ or epiphysis is that component of the pineal 
^Ppaiatus which appears to be glandular in most 
jprtebrates, including man. It has been shown to 
oc secretory in some of the lower vertebrates. 

Claims have been m£tde, particularly by English 
''^'ipniists, that in mammals the pineal delays the 
of sexual maturity and thus acts as an antago- 
to the gonadotropic hormones of the hypoxihy- 
sii Endocrvne gland; Hormone. 

fhe pineal apparatus is in itself highly vascular, 
^0 that its secretions could easily enter the blood 
*»tream. 

^metal eye. In many species, particularly 
®mong many of the cold-blooded animals, the pari- 
^ ^1 ^ye component is present and in a position to 
influenced by solar radiation. In some species it 
orms a vesicle situated beneath a layer of translu- 
li ^ others, it Kes within or beneath a 

Snt-transmkting rei^on of a foramen in die sknlL 
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The parietal eye component may or may not have a 
direct nerve connection with the brain. When a 
nerve connection is evident, it connects with a re- 
gion of the brain known as the habenular appara- 
tus, which in turn is known to be connected to such 
structures as the hypothalamus and midbrain as 
well as to the internal capsule in some species. 

F unction. Experiments, chiefly on Ashes and 
amphibians, indicate that there is an influence on 
melanic pigment dispersal and response to light. 
Studies on reptiles suggest a role in metabolism 
and reproduction, and experiments on birds and 
many mammals also indicate some effects on the 
reproductive system. Clinical studies in man also 
suggest that some physiological relationship be- 
tween the pineal and the reproductive system ex- 
ists. 

The intimate association with important neural 
pathways, the abundant vascular supply, and the 
cytological evidence, as well as the reesnt studies 
with radioactive isotopes, suggest a high level of 
physiologic activity for the pineal organ or epiphy- 
sis Studies with regard to light reception in the 
parietal eye component in cold-blooded vertebrates 
suggest some sensory role with respect to solar ra- 

|h. J. CLAUSEN] 

Bibliography: R. J. Gladstone and C. P. G. 
Wakeley, The Pineal Organ^ 1940; J. I. Kitay and 
M. D. Altschule, Physiology of the Pineal Gland, 
1954. 

Pineapple 

A low-growing perennial plant, indigenous to 
America. The cultivated varieties belong to the 
species Ananas sativus, of the plant order Fari- 
nales. 

The edible portion of the pineapple develops 
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from a mass of ovaries on a fleshy flower stock hav- 
ing persistent bracts. On the cultivated types, the 
flowers are usually abortive. The leaves are long 
and swordlike, usually rough edged, and grow to a 
height of 2-4 ft. Commercial plantings bear fruit 
at the age of 12-20 months, and may continue to be 
productive for as much as 8-10 years. Propaga- 
tion is by suckers or offsets which may be rooted 
in sand, but are usually set directly in the field 
where they are to produce. The leafy crowns may 
also be used as cuttings, but because they are 
harvested with the fruit, other methods of propa- 
gation are more satisfactory. See Farinales. 

The pineapple, a warm-climate plant, is injured 
by temperatures below 32®F. It does best in a dry 
atmosphere and relatively poor soil, but responds 
well to fertilizers. The major producing area is the 
Hawaiian Islands where special methods of culture 
and harvesting have been developed. A paper 
mulch is used in the production of much of the Ha- 
waiian pineapple crop. The paper is laid in long 
strips by a special machine which pulls soil over 
the edges of the strips to hold them in place. The 
mulch aids in weed control and decreases moisture 
evaporation from the soil. Because of the tendency 
to iron-chlorosis of plants growing on these soils, 
spraying with an iron salt is frequently a part of 
the fertilization program. Careful control of the ni- 
trogen supply in relation to the hours of sunshine, 
together with the use of hormone sprays under cer- 
tain conditions, has made possible considerable 
control over the time of ripening, an important con- 
sideration in obtaining maximum year-round use of 
processing facilities. Pineapples are also grown in 
the West Indies and to a limited extent in southern 
Florida, See Fruit growing (small). 

Pineapples are consumed fresh in considerable 
quantity, but because of distance from markets and 
the problems of transporting fresh fruit, most of 
the crop is canned as sliced pineapple or as juice. 
In Hawaii, the average annual value of the proc- 
essed crop was about $91,000,000 in recent years. 

[j. H, CLARKE] 

Pinene 

One of the most important of the terpene hydro- 
carbons. «-Pinene is widely distributed in nature 
and is the chief constituent of oil of turpentine. 
The beta variety often accompanies the alpha, and 
is usually present in small quantities. Both exist 
as the dextro, levo, and racemic forms of optical 
isomers. Although theoretically a-pinene should be 
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capable (starred carbons) of having two dextro- 
and two levorotatory varieties, no evidence of such 
isomerides has been demonstrated. See Turpene. 

The pineries are usually isolated by fractional 
distillation from essential oils, although the «- and 
^-pinenes are difficult to separate from each other. 

Both pinenes are colorless oils which resinib 
on exposure to air. They are soluble in most nr 
ganic solvents. As bicyclic terpenes, they readily 
undergo molecular rearrangements forming prod- 
nets having a changed ring structure. 


Physical properties 



a- Pinene 

/3-PineTir 


d-, and dl- 

d-, 1 - 

Boiling? point. 760 umi. 

ISh'C 

16-1 166°C 

D«‘ii8ity (20°(') 

0.858-0.860 

0.»7 

Uefractive index, 20° /D 

J.466 

^46-1. 48 

Specific rotation 

d - +51“ 

/- -51° 

1 - -22° 


a-Pinene is the starting point in the commercial 
production of borneol, camphor, terpineol, and 
terpin hydrate. Sec Tithpentine. | e. l. sai’i | 

Pink eye 

An acute, contagious conjunctivitis caused by the 
bacterium Haemophilus aegyptius (Koch-Week" 
bacillus). This organism closely resembles H, in- 
fluenzae but is unencapsulated and serologicalh 
different. Pink eye may occur in epidemics, particu- 
larly among children in warm climates. Diagnosis 
is based upon the characteristic diffuse inflamma- 
lion of the conjunctivae and sclera and upon the 
isolation of H. aegyptius on a blood-containin? 
culture medium such as chocolate agar. It i** 
treated with neomycin locally or broad-spectrum 
antibiotics orally. Recovery produces little immu- 
nity. See Hemophilic bacteria. [w. f. verwey] 

Pinta 

A disease similar to syphilis caused by a spirochete 
which occurs principally in certain rural tropieai 
areas of Central and South America; cases have 
been described from other tropical regions. The 
early lesions and the general evolution of pinta are 
similar to, but generally milder than, those of sypl^' 
ills and yaws. Generalized lesions develop a red- 
dish-purplish hue which is followed by atrophy and 
spotty achromia of the skin. Treponemes, morpb^ 
logically similar to Treponema pallidum, ate pw®' 
ent in small numbers in the skin lesions. The infec- 
tion has not been established in laboralory anints|^ 
but has been transnfltted to human valfititeers. Setr 



ous late complications have not been described. 
Xhe serological pattern and response to treatment 
are similar to syphilis. Transmission is presumably 
by direct contact. See Spirochete; Syphilis; 
Yaws. Ft. b. turner] 

pinworm 

\ species, Enterobius vermiculariSy of the class 
Ncmatoda, phylum Aschelminthes, also called 
seatworms. This worm is one of the most common 
and annoying parasites of man. Some estimates of 
the degree of infestation in the United States have 
run as high as 35% of the total population. It is 
psperially prevalent in children. In some communi- 
ties the incidence of infection approaches 100%. 

TV\e anatomy of the pinworm is basically similar 
to that of Ascaris, It is a small, white worm, the 
males being only 2-5 mm long, the females 9-12 
mrn long. The posterior third of the body of the 
male is curved into a tight spiral, in contrast to 
ihe straight, long, pointed tail of the female. 

Heavy infestations by this worm are common. It 
lives in the upper portion of the large intestine. 
The gravid females descend into the rectum and 
l)a‘-s out with the feces, or they may crawl out of 
ihe rectum at night to deposit their eggs over the 
perianal area. 

The life cycle is complete within an individual. 
The infection builds up by the transmission of 
hv the fingers, fingernails, and bed clothing to 
the mouth. Each generation lasts only 3-4 weeks 
and the infection will soon die out if reinfestation 
1>\ the ingestion of eggs is prevented. 

Sliglit infections may pass unnoticed, but heavier 
infections will cause intense pruritis and intestinal 
flisturhances. Anemia, bed wetting, and unusual 
restlessness in the sleep along with anal itching are 
M'^nally indications of the presence of pinworms, a 
condition called enterobiasis. A number of chemi- 
' als kill pinworms, but rigid precautions against 
rciiifestation must be taken. 

JVose picking by children sometimes results in 
infection of the nasal mucosa. The worms, fre- 
quently found in the vermiform appendix, may be 
f the cause of a substantial percentage of the cases 
i ^f appendicitis. Pinworms occur throughout North 
j America, but they are more prevalent in warm 
I areas. See Ascaridida; Ascaris. [j. n. black] 

! Pinworm infection 

An infection, also known as enterobiasis, of the 
human intestinal tract by the pinworm, Enterobius 
^^rmieularis. The female nematode is Va in. long, 
male much smaller. Both inhabit the large 
intestine but the vagina may also be invaded. The 
lemale produces several thousand eggs which ac- 
’-'nmulate in its uteri. Pregnant worms, 2 to 4 
'^eeks old, are expelled in the feces, or crawl out 
anus to lay the eggs and die. Their movements 
itching, and nervous disorders may ensue. 
Scratching contaminates clothing and hands; 
P^lieat ’may thus become autoinfected and, in 
addition, scatter eggs in the house. Thus the in- 
p'ldence is high in children's institutions in temper- 
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ate climates. Ret reinfection may occur by the 
larva’s breaking out of the egg and entering via the 
anus to develop. 

The disease is diagnosed by observing the worm 
upon extrusion from the anus and by microscopical 
detection of eggs in anal swabs. It i.s treated by oral 
administration of piperazine or dithiazanine for 1 
week. For taxonomy, see Parasitology, medical; 
StRONCLYOIDEA. Fj. F. MALDONADO j 

Pipe flow 

Conveyance of fluids in closed conduits. Pipes have 
been used for thousands of years, but the detailed 
understanding of velocity distributions and of en- 
ergy losses has come about during the twentieth 



Fig. 1. Laminar velocity distribution. 


<'cntury. Satisfactory equations for predicting the 
losses in flow of water have been in use since about 
the middle of the nineteenth century. 

Laminar flow. The fluid moves parallel to the 
pipe axis in a straight, round pipe when the Rey- 
nolds number VD/v is less than 2000, in which V i.s 
the average velocity, D the pipe diameter, and v 
the kinematic viscosity (see Reynolds number). 
The velocily distribution in laminar flow is para- 
bolic (Fig. 1) and the equation for velocity v is 



in which Ap is the pressure drop in length L, /a is 
the absolute viscosity, and ro and r are as shown in 
Fig. 1. Discharge Q in laminar flow is 


^ ApirD* 
^ 128/xZ, 


and is independent of the roughness of the interior 
pipe wall surface. 

In laminar flow the fluid particles move in 
straight lines parallel to the pipe axis, in telescop- 
ing layers with each inner layer moving more rap- 
idly than its adjacent outer layer. Energy losses 
vary as the first power of the velocity, so that by 
doubling the discharge (or average velocity) the 
pressure drop is doubled. 

Turbulent flow. In a pipe when the Reynolds 
number is greater than 2000-4000 norinally the 
fluid particles no longer move parallel to the pipe 
axis. The exact transition velocity depends upon the 
nature of the piping aystem. For high Reynolds 
numbers, the orderly motion of laminar flow be- 
comes unstable, with fluid particles moving in ran- 
dom paths with large transverse velocity compo- 
nents. Energy is dissipated in the turbulent motion, 
with the loss varying as velocity to the 1.7-^2.0 
power^ The Darcy-Weisba^ equation 'for head loss 
hf due to tarbuleBt flow in'a pipe is 
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in which V is the average velocity, L is the length, 
D the diameter, and / a dimensionless factor de- 
pendent upon the wall roughness, the fluid proper- 
ties, and upon the velocity and pipe diameter 
/ « / ( ) with p the fluid density and € a 
measure of the absolute roughness of the pipe wall, 
having the dimensions of a length. 

For turbulent flow in smooth pipe, c = 0 and 
the expression for / becomes / = f{VDp/p.) in 
which VDp/p. is Reynolds number R, The form of 
the functional relation between f and R must be de- 
termined by experiment, and is shown as the lowest 
curved line on the Moody diagram (Fig. 2). 

Laminar flow may also be shown on the Moody 
diagram, because its equation may be written 


^ 641 r 

For rough pipes / « /(jR,€/D) in which t/D is 
known as the relative roughness. An empirical 
equation has been worked out by C. F. Colebrook 
which is the basis for the Moody didf^ram. It gives 
good results for new commercial pipes, with values 
of € as shown in the left-hand lower corner of the 
chart. 

To find the head loss for flow of a given amount 
of liquid per unit time through a pipe of known 
siae, length, and type of manufacture, the Reynolds 
number and the relati^ roughness are computed 
and then used in the Moody diagram to determine 
/. With / known, all quantities in the Darcy-Wda- 


bach equation are known except A/, so it can k 
determineijr 

When the amount of head loss is known but the 
discharge (volume per unit time flowing) is de- 
sired, a trial solution is required. An / is assumed 
from the Moody diagram for the known t/D, and 
by its use a trial value of V is found from the 
Darcy-Weisbach equation. With this V, a trial Re\- 
nolds number is computed which permits a better 
value of / to be found from the Moody diagram. 

With flow of a gas, the same methods may k 
used as with a liquid if the change of density 
small (less than 10%). For large density changes 
the equation of state relating density and pressure 
intensity is required, as well as special methods for 
obtaining bead loss or weight per unit time flowing. 

Head losses due to changes in direction and in 
size of pipe, and those due to valving are grouped as 
minor losses, and tend to vary as the square of ve- 
locity. They may be expressed as an equivalent 
length of pipe L, which is added to the actual 
length of pipe in using the Darcy-Weisbach equa- 
tion. 

With old pipe, wall roughness e' tends to in- 
crease linearly with time so that c' * c -f 



Fig. 3. Turbulent velocity dilfribution. 




which a is a constant determined by test on the par- 
ticular pipe line and fluid, and t is time. 

Velocity distribution in turbulent flow in a pipe 
,s more uniform than for laminar flow, due to the 
large transfer of momentum radially across the 
how (Fig. 3)* A simple equation that gives reason- 
ably good results is Prandtl’s one-seventh power 
law 

.yv 1/7 

« - w (-J 

in which y is the distance from the pipe wall, and 
ru IS the pipe radius. fv.L.s.] 

Bibliography: C. F. Colebrook, Turbulent flow 
in pipes, with particular reference to the transi- 
tion region between the smooth and rough pipe 
laws, J Inst. Civil Engrs. {London), 12:133-156, 
1<H9, V L. Streeter, Fluid Mechanics, 2d ed., 1958. 

Pipeline 

Major uses of pipelines are for the transportation 
of petroleum, water (including sewage), chemi- 
cals foodstuffs, pulverized coal, and gases such as 
natural gas, steam, and compressed air. Pipelines 
must he leakproof and must permit the application 
of whatever pressure is required to force conveyed 
Mibslances through the lines. Pipe is made of a va- 
rirt\ of materials and in diameters from a fraction 
of an inch up to 30 ft. Principal materials are steel, 
wrought and cast iron, concrete, clay products, alu- 
minum, copper, brass, cement and asbestos (called 
(tment-asbestos) , plastics, and wood. 

F’lpe IS described as pressure and nonpressure 
l»ipe In many pressure lines, such as long oil and 
gas lines, pumps force substances through the pipe- 
lines at required velocities. Pressure may be devel- 
oped also by gravity head, as for example in city 
water mains fed from elevated tanks or reservoirs. 
Nonpressure pipe is used for gravity flow where 
the gradient is nominal and without major irregu- 
larities, as in sewer lines, culverts, and certain 
ivpes of irrigation distribution systems. 

Design of pipelines considers such factors as re- 
quired capacity, internal and external pressures, 
water- or airtightness, expansion characteristics of 
the pipe material, chemical activity of the liquid or 
gas being conveyed, and corrosion. 

Most pipe is jointed, although some concrete pipe 
ts monolithically cast in place. The length of the 
individual sections of pipe and the method of join- 
ing them depend upon the pipe material, diame- 
ter, weight, and requirements of use. Steel pipe 
sections are usually joined by welding, couplings, 
riveting. Cast-iron pipe may be joined by cou- 
plings or, in the case of bell-and-spigot pipe, by 
hlhng the space between the bell and the spigot 
^ith calked or melted metal such as lead. Flexible- 
joints with rubber gaskets are also used for 
)nining cast iron pipe. Tlie rubber gasket is con- 
tamed in grooves and is ordinarily the sole element 
^itking the joint watertight. 

^t^ment-mortar-filled or lead-filled rigid-type 
^cll'and-spigoi joints are usually used for joining 
concrete or vitrified clay sewer pipe. Tongue-and- 
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groove rigid-type mortar-filled joints are often used 
for concrete pipe in low-pressure installations. The 
flexible- type joints are most frequently used for 
asbestos-cement pipe and concrete pipe under 
higher pressures. See Pipe flow, [l.n.m.] 

Piperales 

A primitive order of the plant subclass Dicotyle- 
doneae including 3 families: the lizard’s-tail family 
(Saururaceae), the pepper family ( Piperaceae ) , 
and the Chloranthaceae. These plants have mainly 
naked flowers or, in the last family, a small bract- 
like perianth. Like the Saururaceae, the Chloran- 
thaceae is a very small family of no economic 
value. 

The pepper family includes 12 genera and 1400 
species indigenous to tropical regions in both the 
Old and the New Worlds. Several species have 
considerable economic importance. The fruits of 
Piper nigrum of Malaya are dried and ground to 
produce commercial black pepper, or the seed only 
is ground to make white pepper. The dried berries 
of Piper cubeba of the East Indies are the cubebs 
used in medicine. The East Indian natives chew 
betel nuts combined with the fresh leaves of Piper 
betle, the betel pepper. See Betel nut; Cubeb; 
Pfpfer; see also Dicotyledoneae ; Embryophyta; 
Plant kingdom. [p.d.s.] 

Pipet 

Pipets are usually made of glass and are used al- 
most exclusively to deliver accurately known vol- 
umes of liquids or solutions. There are two general 
categories of pipets: volumetric or transfer pipets 
and the graduated measuring type (see illustra- 
tion). Volumetric pipets are used in the following 
way: the liquid is sucked up above the mark on the 
stem above the bulb, and the upper end is quickly 
closed with the index finger; any adhering liquid is 
wiped from the outside of the lower stem ; the level 
of liquid in the stem is allowed to fall slowly, by 
regulating the pressure on the finger, until the bot- 
tom of the meniscus is tangent to the mark ; liquid 
clinging to the tip is removed; and the pipet is al- 
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Pipoti. (a) Volumatrie pipet. <6) Oraduafed pipet 
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lowed to empty freely into the receiving vessel. 
After 15 sec or the time specified on the pipet for 
drainage, the tip is touched and rotated against the 
inside of the receiver. The liquid remaining in the 
tip thereafter is not removed. Volumetric pipets, 
when handled in the described manner, will deliver 
reproducibly a definite amount of liquid or solu- 
tion. 

A graduated measuring pipet is used in the same 
general way except that the volume of liquid deliv- 
ered can be varied by allowing the liquid to drain 
from one calibration mark to another. These pipets 
are usually not as accurate in delivering volumes 
of liquid as are the volumetric type. 

For solutions that attack glass, pipets made of 
various plastics are used. See Titration; Volu- 
metric ANALYSIS. [C.E.B.] 

Pirani gage 

A type of instrument used to measure vacuum in 
the range of 1 micron to a few hundred microns (a 
micron is the pressure required to support a col- 
umn of mercury 0.00004 in. high). See Vacuum 
measurement. 

In the Pirani gage, a fine wire filament, one of 
the four electrical resistances forming a Wheat- 
stone bridge circuit, is exposed to the vacuum to 
be measured. Electric current heats the wire; the 
vsurrounding gas (vacuum) carries heat away from 
the wire. At constant pressure (vacuum) the wire 
quickly reaches an equilibrium temperature. If the 
pressure rises, the gas carries away more heat, and 
the temperature of the wire decreases. Since the re- 
sistance of the filament is a function of tempera- 
ture, the electrical balance of the Wheatstone 
bridge is changed. The output meter is usually a 
microammeter calibrated in units of microns of pres- 
sure. 


vacuum 

to be measured 



The calibration depends upon the thermal cod. 
ductivity of the gas, and therefore the calibration ii; 
different for different gases. Accuracy is commonlv 
of the order of =t5% of scale. 

The Pirani gage is a relatively simple and rugged 
instrument, widely used both in industrial plants 
and in laboratories. f b.d.h. ; h.g.p. | 

Pisces (constellation) 

The Fishes, in astronomy, is a zodiacal constella- 
tion appearing in the autumn evening sky. Pisces 
is the twelfth and last sign of the Zodiac. It is 
inconspicuous, having no star brighter than the 
fourth magnitude. But it is an important constella- 
tion because the vernal Equinox, which marks the 
beginning of the astronomical year, is now located 
in it. Its most distinctive feature is a V-shaped fig- 
ure, with the fi'^hes* tails toward the point of the V 
tied together by a ribbon. The northern fish is 
poorly defined, but the western one is marked mih 
a group of stars forming an irregular pentagon, 
known as the Circlet in Pisces. See Constkma- 
tion. Ic.s.y.) 

Pisces (zoology) 

A term that embraces all fishes and fishlike verte 
brates. In early zoological classifications fiiibes, like 
mammals, birds, reptiles, and amphibians, werr 
ranked as a class of the vertebrates. As knowledge 
of fishes increased, it became apparent that, despite 
their com4(on possession of gills and fins and their 
dependence on an aquatic environment, not all 
fishes were closely related. At least five groups of 
fishes with modern descendants were already 
tablished before the tetrapods appeared. Not onU 
are these groups older, but some are decidedh 
more divergent structurally than are the four 
classes of tetrapods. For these reasons several 
classes of fishes are now recognized. The number 
of classes varies; one reputable but extreme classifi- 
cation scheme recognizes eleven classes of fishes. 

The primary cleavage in vertebrate classification 
is that separating the jawless fishes, or Agnatha. 
from those vertebrates with jaws, the Gnathosto* 
mata. After recognition of this split, the name 
Pisces was commonly restricted to the jawed fishes 
When these in turn were divided into two or more 
classes, Pisces was further restricted by some 
authorities to the bony fishes. Another scheme 
involves assignment of class names to each of the 
major constituent groups of jawed fishes, and 
of Pisces as a superclass name. In view of 
confusion, it seems best I0 to early practice 

and to employ Pisces as 6 name of conven- 

ience to embrace all classes of fishlike vertebrates, 
from jawless fishes to bony fishes. In this sense 
has no actual taxonomic status because it 
across natural classification, dividing the gnatho' 
stomes tod grouping part of them with the agnalh® 
See Agnatha ; Gnathostomata. 

The Pisces includes four well-defined groups thaj 
in the light of present information merit reeogii*' 









lion *8 classes: the Agnatha or jawless fishes, the 
niost primitive; the Placodermi or armored fishes, 
known only as Paleozoic fossils ; the Chondrichthyes 
„r cartilaginous fishes; and the Osteichthyes or 
liony fishes. Future research may demonstrate the 
need for further division, but this is most likely to 
involve Paleozoic groups. See Chondrichthyes; 
OsTKK'HTHYES; PlACODERMI. 

Number of recent species. Present fish classi- 
fication is not sufficiently precise to permit an 
accurate tabulation of the number of living species. 
New kinds are constantly being discovered, others 
are being synonymized as the result of new re- 
>;carrh. and the literature is scattered. Nevertheless, 
c-stimares by competent ichthyologists are so di- 
verse. ranging from 18,000 to 40.000, that an effort 

here made to arrive at a reasonably acceptable 
approximation. The result indicates that most previ- 
ous estimates are far too high. Counts for Recent 
•iroiips and species include Agnatha, 2 families, 
alioiit 11 genera, and approximately 45 species; 
Chondrichthyes, 31 families, some 132 genera, and 
roughly 575 species; Osteichthyes, 31 orders, about 
families, 3.100 genera (based in part on esti- 
matps and perhaps in error by as much as 10%), 
and about 16.700 species. This latter figure broken 
down gives about 3,700 species in 29 orders, 5,000 
spec ies in the Cypriniformes, and 8,000 species in 
rlie Pcrciformcs. The number of perciforms is an 
c'stiinate based chiefly on a reasonably accurate 
fallv of 1.200 genera and is probably too high. The 
iriie total number of Recent fish species is prob- 
ihlv Ijetween 15,000 and 17,000. 

Ecology. Fishes live in almost all permanent wa- 
ters to which thev have been able to gain access. 
In general they have evolved a body conformation 
and specialized features that adapt them harmoni- 
•Misly to the world about them. Inhabitants of moiin- 
'din torrents may have peculiar attachment organs; 
tliose living in Antarctic waters at a temperature 
IhIow freezing have made needed physiological ad- 
lustments; fishes of the deep sea commonly carry 
^heir own light .source, and the female angler fish 

assured a mate by the parasitism of the male on 
her body. In the East Indies some fishes skip with 


over mud flats, and others ascend trees. Some 
li'^hes mature at extremely small size. A Philippine 
}£nby, Mistichthys^ reaches a length of only V 2 in. 
^ad is commercially important as a food fish al- 
though it takes 70,000 fish to make 1 kg, and a 
Samoan fish, Srhindleria^ attains a weight of only 
h frig. At the other extreme, the whale shark is 
f^puted to reach a length of 60 ft, and a 38-ft in- 
tlividual weighed more than 13 tons. 

Adaptive radiation. Because their body is sup* 
ported by water, fishes have been afforded the lux- 
of diversification in body form not possible for 
terrestrial animals. A deep, pancake-thin body is 
uncommon, and an eel-like form has been inde- 
pendently developed in many phyletic lines. Trunk- 
sne» are enclosed in a boxlike casque, and some 
‘’e<*p-8ea fishes have eyes at the lips of elongate 
Long, trailing fins are frequent, and sargas- 
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sum fishes develop appendages that serve as hold- 
fasts and for concealment. 

Food habits. Most fishes are more or less car- 
nivorous and predatory, but there is a wide diversity 
in food habits. Many fish have numerous slender 
gill rakers with which they strain microorganisms 
from the water; others have massive teeth and 
strongly muscled jaws to aid in crushing mollusks 
or crustaceans. Browsers, ntbblers, and grazers 
employ specially adapted teeth and jaws to scrape 
vegetation or small attached animals. Some wrasses 
pluck parasites from larger fishes, and lampreys 
parasitize other fishes. 

Reproductive habits. Reproductive habits are no 
less varied than feeding behavior. Most fishes are 
oviparous and scatter their eggs, but nest building 
and parental care assume a broad spectrum — from 
a prepared pile of pebbles, through a grassy spheri- 
cal retreat, to oral incubation or development of a 
marsupial pouch on the underside of the male 
pipefish. Viviparity and ovoviviparity have origi- 
nated along independent lines. Enormously com- 
plicated modifications of the anal fin have been 
evolved to effect insemination of some species in 
which the young are born alive. 

Economics. Fishes play an important role in the 
lives of must people. Per capita consumption of 
fishery products approximates 10 lb annually in the 
United States, but that figure is vastly increased in 
maritime nations or in areas in which other high- 
protein foods are at a premium. Fishing is a way of 
life in most primitive cultures, and ranks high 
among recreational activities in highly civilized 
peoples. Maintenance and care of home aquarium 
fishes provide an avocation probably numbering 
in the millions. An occasional swimmer is killed by 
sharks; many more die from ciguatera contracted 
from eating poisonous fish flesh, and venomous 
fishes take a limited toll in human life and suffering. 
5ec Chordata; Craniata; Vertebrata. [r.m.b.] 

Pistachio 

A small tree (Pistacia vera) and its fruit. The fruit 
is popularly known as a nut but is botanicaliy clas- 
sified as a drupe. 



Pifttachlp twig with laoves and fruit. 
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Pifitacbios arc native to Aaia Minor and are 
adapted to semiarid conditions in the warm tem- 
perature climatic zones of the world. Commercial 
production occurs principally in Turkey, Syria, 
Iran, Afghanistan, and Italy. A few pistachios are 
grown in California. In Asia Minor the seeds have 
long been valued as food for man. Annual impor- 
tations into the United States range from 2000 to 
5000 tons. The nuts are eaten salted and roasted 
and in ice cream and bakery goods. See Nut crop 
CULTURE. [e.f.s.] 

Pitch 

That psychological property of sound character- 
ized by highness or lowness. Pitch varies most di- 
rectly with the frequency of sound waves, and pitch 
discriminations can be made throughout the fre- 
quency range of normal hearing, from about 16 
to 20,000 cycles per second (cps). 

Within the range of frequencies used in the mu- 
sical scale, up to about 5000 cps, pitch perceptions 
are characterized by a periodicity related to the 
octave arrangement of the scale. A tone that is dou- 
bled in frequency appears to be the same musical 
note one octave higher. Thus two C notes sound 
more alike than an adjacent C note and D note in 
the same octave. Some few individuals possess so- 
called absolute pitch, the ability to judge accurately 
the pitch level of a musical tone without reference 
to other tones. 

High-frequency sounds sometimes produce a per- 
ceived pitch displaced from their characteristic 
level to the low pitch range. Such a displaced low 
pitch is not masked by low-frequency tones which 
would mask a similar pitch produced by a tone of 
correspondingly low frequency. 

A numerical scale of pitch has been constructed 
by the method of fractionation, selecting pitches 
that appear to be half as high as reference tones, 
and the method of bisection, selecting pitches that 
appear to fall halfway between two reference 
tones. The pitch unit was named the mel, and a 
value of 1000 mels was arbitrarily assigned to a 
tone of 1000 cps. 

The pitch of complex sounds may depend on var- 
ious factors. A musical tone composed of a series 
of harmonics, such as, 100, 200, 300, 400 cps, is 
perceived as having a pitch corresponding to the 
fundamental, 100 cps. This same pitch is perceived 
even when the fundamental frequency is filtered out 
of the stimulus. The pitch apparently is determined 
by the fact that the wave form recurs 100 times per 
second, even though there is no sound energy at 
100 cps. 

The pitch of a difference tone corresponds to the 
difference in frequency of two pure tones presented 
simultaneously, while the summation tone has a 
pitch corresponding to the sum of their frequen- 
cies. 

When a noise stimulus is interrupted from 40 to 
200 times per second, observers hear a pitch cor- 
responding to the frequency of interruption. 


pitch 

(malt) 



frequency, kilocycles 

Pitch level of sounds of different frequency os mecs 

ured in mels. A tone of 1000 cps at an intensity level 

of 40 decibels above absolute threshold is said to 
have a pitch level of 1000 mels. (After S. S. Stevens 

and J. Volkman, The relation of pitch to frequency, 

Am. J. Psychol., 53(3):329-355, 1940) 

Binaural pitch can be produced by introducing a 
random noise stimulus to the two ears sep#ralpl) 
with a constant difference in pha.se at a certain fre 
quency level (200-1600 cps) within the noise. Oh 
servers hear pitchlike sounds corresponding to the 
level of theiphase shift, -See Deafness; Hkaring. 
MusrCAL ACOUSTICS. [k.h.s.] 

Pitcher plant 

Any member of the families Sarraceniareae and 
Nepenthaceae. In these insectivorous plants, the 
leaves form deep cups or pitchers in which water 
collects. Visiting insects, falling into this water, 
are drowned and digested by the action of 
enzymes secreted by cells located in the walls 



Sarracenia purpurea, a pitcher plant in • 





area 

hJepenthes. (a) Complete leaf with its pitcher, (b) Ver- 
tical section through a pitcher, (c) Section through the 
margin of a pitcher, id) Single gland from the lower 
part of a pitcher. (From R. D. Gibbs, Botany: An Evo- 
lutionary Approach, Blakiston, 1950) 

of ilip pitrherlike stnicliires of these plants. The 
Sarruppniareae are divided into 3 genera; Sarroce- 
nin in eastern North America, Darlingtonia in 
northern California and southern Oregon, and Heli- 
(wiphorn endemic on high mountains in the north- 
ern part of South America. The Nepenthes family 
ha< only one genus, NepentheSy which occurs in the 
Old World tropics from China to Australia, chiefly 
in Romeo. Often these plants climb by tendrils 
(prolongations of the midrib of the leaf). The end 
of a tendril may develop into a pitcher, which cap- 
ture'! and digests insects. See Insfxtivorous 
plants; .SaRRACENIALES. 

Pitchstone 

A natural glass with dull or pitchy luster and gen- 
erally brown, green, or gray color. It is extremely 
rich in microscopic, embryonic crystal growths 
tervstallites) which may cause its dull appear- 
ance. The water Content of pitchstone is high and 
generally ranges from 4 to 10% by weight. Only a 
"^mall proportion of this is primary; most is be- 
lieved to have been absorbed from the surrounding 
regions after the glass developed. Pitchstone is 
furmed by rapid cooling of molten rock material 
(lava or magma) and occurs most commonly as 
‘^rnall dikes or as marginal portions of larger dikes. 
See Igneous rocks; Volcanic class. 

^ [C.A.CA.] 

Pith 

central zone of tissue of an axis in which the 
''ascular tissue is arranged as a hollow cylinder, 
^^ith is present in most stems and in some roots 
1). Stems without pith rarely occur in an- 
^iosperms but are characteristic of psilopsids, 
^ycop.sids, Sphenophyllum, and some ferns^ Roots 
some ferns, many monocotyledons, and some 
dicotyledons include a pith although most roots 
xylenri tissue in the center. The pith may be 
Present or absent in the same axis, depending upon 
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size or vigor, the larger segments commonly con- 
taining pith. 

Pith is composed usually of parenchyma cells 
often arranged in longitudinal files. This arrange- 
ment results from predominantly transverse divi- 
sion of pith mother-cells near the apical meristem. 
The peripheral region consists of small cells with 
thick walls and remains alive longer than the cen- 
tral region. When the peripheral region is fairly 
well defined it is called the medullary sheath or 
the perimedullary zone. The walls of pith cells 
may thicken in age, and may become hard or re- 
main soft. In some axes the pith may be composed 
principally of sclereids. In many fern stems, the 
inner pith is sclerenchymalous, whereas the outer 
is parenchymatous. In stems of some dicotyledons, 
plates or nests of sclerenchyma may be inter- 
spersed with the parenchyma. Such a pith is called 
diaphragmed pith (Fig. 2). If the parenchyma col- 
lapses or is torn during development, the scleren- 


MERISTEMATIC 

ZONE 


embryonic leaf 

apical meristem 
(shoot opex) 


provotcuiar ’ 
tissue 



epidermis-^ 
cortex - 

primary phloem'^^|'~^primary xylem 
cambium 


Fig. 1. Zones in the terminal part of a stem. (From 
C. L Wilson and W. E. Loomis, Botany, rev. od.. 
Dry don, 1957) 


pith 



Fig. 2. Types of pfth in brancKlets. (a) Continuous, 
(b) Diaphragmed. (c) Chambered, (from £. t. Core, 
Plant foMonomy, Proniieo^Fktflf IMS) 
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chyma plates (diaphragms) alternate with hollow 
aones. Such a pith is said to be chambered. In many 
stems the entire pith becomes hollow except at the 
nodes; the nodal diaphragms are sclerenchyma or 
parenchyma and, in monocotyledons, may contain 
vascular bundles. 

Shape of pith. The shape of the pith in stems 
of lower vascular plants and in roots of various 
plants is nearly cylindrical. In stems of higher 
vascular plants the pith is more or less angled or 
stellate in cross section. The shape is often charac- 
teristic of the plant groups, since it depends on 
phyllotaxy. In oaks, for example, the pith is 5-an- 
gled and in aider, 3-angled. In stems with cylinders 
of vascular bundles, the panels of ground tissue be- 
tween bundles often are called medullary rays or 
pith rays. In stems in which the vascular bundles 
occur in a more complex arrangement than a sim- 
ple cylinder, the limit of the pith is indefinite and 
when a major cylinder of vascular bundles can be 
distinguished, the internal bundles are called med- 
ullary bundles. 

Contents of pith. Ergastic materials often are 
stored in some or all cells of the pith. Secretory 
cells, or secretory canals, or laticifers may be pres- 
ent. In most stems with considerable secondary 
growth, the pith dies with the formation of heart- 
wood, although the perimedullary zone may re- 
main alive. In other stems the pith may consist 
partly or largely of dead cells by the end of the 
first year. See Anctospermae; Dicotyledoneae; 
Filicales; I.eaf (botany); Lycopodiales; Mon- 
ocotyledoneae; Parenchyma; Pericycle; Psi- 
lopsida; Root (botany); Sclerenchyma; Se- 
cretory STRUCTURES, PLANT; StELE *, StEM 
(botany). f h.w.bl.] 

Pitot tube 

An instrument, also called an impact tube, that 
measures the stagnation pressure of a flowing fluid. 
Stagnation (also called impact or total) pressure 
is the pressure that would be obtained if the fluid 
were brought to rest isentropically. When measur- 
ing total pressure, the system consists of a pri- 
mary sensing element mounted on a suitable 
support, pressure connecting lines, and a pressure- 
indicating device. Normally, the connecting lines 
and indicating devices are considered secondary 
elements and are not treated as part of the pitot 
tube. See Manometer. 

Application. The pitot tube is used primarily to 
obtain fluid velocity, total energy as measured be- 
ing composed of impact or stagnatiodQ pressure P 2 , 
static pressure P\ and velocity vi of the fluid of 
density p. Then for incompressible (low-speed) 
flow 

P2 Pi ^ 

P P 2 

For incompressible flow, the total energy is ex- 
pressed by Bernoulli’s theorem (see Bernoulli’s 
theorem). For compressible flow, total energy can 


be expressed in terms of impact pressure, static 
pressure, and Mach number, which is related to 
velocity, 

Pitot tubes of many shapes and sizes are used in 
a wide variety of applications. A square-ended 
circular tube pointing upstream will measure true 
total pressure at subsonic speeds and will measure 
true total pressure existing behind a normal shock 
wave across its nose at supersonic speeds. 

Accuracy. Depending on design, tubes can be 
made insensitive to flow misalignment up to 45®, as 
illustrated. Another error arises when a pitoi 
tube is in a total pressure gradient. The effectivt- 
center of the tube is theii displaced from the geo- 
metric center toward the region of higher total 
pressure. Other errors will arise when dealing with 
turbulent or pulsating flow because of the pressure 
averaging effect of the tube. 



Effect of flow alignment of pitot tube with stream line 
on accuracy of measurement. 

In certain flow regions, conventional pitot-tube 
response must be corrected to obtain velocity ac- 
curately. One such region is that of low Reynoldi- 
numbers where the viscous effect of the fluid pre- 
dominates; another such region is that of high 
Knudsen number (slip and free molecular flow), 
which is associated 'iVith measurements in a rare- 
fied gas. See Air-velocity measurement; Fu>w 
measurement; Knudsen number; Reynolds 
number. [l.n.k] 

Bibliography: R. C. Folsom, Review of the 
tube, Trans. ASME, 78:1447-1460, 1956; L. M- 
Milne-Thomson, Theoretical Aerodynamics, 1952. 

Pituitary gland 

The most important single endocrinenrgan, because 
its secretions condition many essential metaholi< 
processes. The gland, also known as the hypophysis 
is present in all vertebrates and is intimately 
lated to the hypothala^HI^. a portion of the 
from which its received. Th 

human gland weighs " ! ^ffi| ^ mately O.S^ g, and i 
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Relation of the pituitary gland to the brain and sphe- 
noid bone. (From H. W. Rand, The Chordates, Blakis- 
ton, 1950) 


lodged in the sella turcica, a deep depression in the 
sphenoid bone. Although considerable anatomical 
variation is encountered among the vertebrate 
groups, the gland is roughly divisible into anterior, 
intermediate, and posterior lobes. 

Tissue from two sources enters into the embry- 
onic diflferenliation of the hypophysis: the anterior 
and intermediate lobes develop from Rathke’s 
pouch, an evaginatiori from the roof of the embry- 
onic mouth ; whereas the posterior lobe originates 
an outgrowth of neural ectoderm from the floor 
of the embryonic brain. The anterior and inter- 
mediate lobes eventually lose all connection with 
ihe oral epithelium, but the posterior lobe remains 
permanently connected with the floor of the third 
ventricle by means of a delicate pituitary stalk, 
barge raimbers of unmyelinated nerve fibers from 
certain hypothalamic nuclei course through the 
talk and terminate in the substance of the posterior 
lobe. 


ANATOMY 

The pituitary is attached to the underside of the 
forebrain by a more or less hollow stalk of brain 
tissue, which is generally longer in higher verte- 
brate classes. Except in a few fishes, the gland rests 
snugly in a depression (sella turcica) in the basi- 
^phenoid region of the skull. In most vertebrates 
h consists of four fundamental parts: pars glandu- 
laris (pars distalis, adenohypophysis, anterior lobe, 
pars anterior, though often posterior in position) ; 
pars intermedia (intermediate lobe) ; pars neuralis 
(pars posterior, pars nervosa) ; and pars tuberali.s 
(lateral lobe), 

A considerable variation takes place within 
Ae vertebrate classes with respect to the orienta- 
of the four subdivisions, and efforts to bomolo- 
certain parts, especially in fishes, with parts 
ja higher vertebrates arc continuing. The glandu- 
i®ris is usually the most prominent region, but the 
y^UFalis becomes increasingly prominent in higher 
atms. Since names of the parts in lower vertebrates 
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have been borrowed from mammalian anator 
mammalian gland will be described first. 

Mammals. Mammals usually exhibit S 
nent anterior lobe (pars glandularis) and poatijNt^ 
lobe (pars intermedia and pars neuralis) separated 
in most species, by a lumen of varying proportions 
A pars tuberalis, continuous with the glandularis 
entwines around the pituitary stalk. Precise orienta- 
tion of the four components varies. The glandularis 
and neuralis are prominent. The neuralis often con- 
tains a recess of the third ventricle. Between the 
glandularis and the neuralis lies the intermedia, 
occupying the posterior wall of the residual lumen 
when the latter is present. The intermedia is rela- 
tively small, and because its limits are not always 
sharply defined, it may be indistinguishable as a 
morphologic entity. It is reduced or absent in adult 
manatees, cetaceans, armadillos, and Indian ele- 
phants. The tuberalis is absent in sloths, greatly 
reduced in manatees, and questionably identified 
in anteaters. 

Birds. Tn birds the gland consists predominantly 
of a glandularis exhibiting two distinct regions, the 
more caudal of which resembles the mammalian 
glandularis. A relatively small neuralis is separated 
from the glandularis by a distinct connective tissue 
sheath. No pars intermedia or residual lumen oc- 
curs. There is a well-developed tuberalis. 

Reptiles. In reptiles the pars anterior is an elon- 
gated ventral structure attached at its posterior 
pole only (saijrop.nids) , or at both ends only (chelo- 
nians). The intermedia may constitute the major 
part of the gland (some lizards, and chelonians), 
or it may he relatively small. Anteriorly, the inter- 
media is intimately attached to the neuralis, into 
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Pituitary glands, sagittal sactions (cephalic end to left), 
(a) Teleost. (b) Urodele. (c) Bird, (d) Mon. 
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which the stalk cavity often sends diverticula. No 
tuberalis has been described in adult snakes and 
some lizards, but projections of the intermedia in 
turtles and alligators have been so designated. Ap- 
parently, tuberales are present in the embryos of 
all. The lumen persists in some, disappears in 
others. 

AmphiblailS. In amphibians the pituitary is flat- 
tened against the under surface of the mesen- 
cephalon. The recess within the short stalk is 
broadly open to the gland. As a result the neuralis, 
a plicated, crescent-shaped lobe, is exhibited in its 
primitive condition as a specialized region of the 
brain floor. The glandularis constitutes the caudal, 
major part of the gland. At its anterodorsal bound- 
ary a wedge of basophilic cells, usually identified 
as the intermedia, intervenes between the glandu- 
laris and the neuralis. There is no lumen. The 
tuberales of young animals consist of relatively 
large, paired, club-shaped appendages, occasionally 
detached, and extending forward on the under sur- 
face of the brain. They vary from Va as large as the 
intermedia to five times its size. 

Flshas. In bony fishes the gland varies greatly. 
The glandularis is relatively small; but in most 
fishes (except lungfishes) a prominent Vbergang- 
steil of characteristic morphology and doubtful 
homology lies between the glandularis and the 
intermedia. The latter may be deeply penetrated 
by processes of the neuralis. Although a tuberalis 
has been described in numerous fishes, the homology 
of the parts so named is questionable. A ventral 
lobe hanging by a stalk from the intermedia of 
selachians has been so designated. A lumen is 
absent in teleosts and present in selachians. In the 
primitive Polypterus, a lumen within the glandu- 
laris opens to the oral cavity. The gland in lung- 
fishes strikingly resembles that of amphibians. 
However, a secondary lumen sometimes separates 
intermedia and glandularis, and the latter is oc- 
casionally anterior in position. 

In cyclostomes the neuralis is scarcely distin- 
guishable as an inconspicuous thickening of the 
brain floor, under and against which lies the inter- 
media. The glandularis and Dbergangsteil lie an- 
teriorly, in tandem with the intermedia. No pars 
tuberalis or lumen occurs. In hagfishes the embry- 
onic components remain spatially separate, failing 
to produce a discrete gland. [g.c.k.] 

HISTOLOGY 

The pituitary gland consists of two embryologi- 
cally and histologically distinct divisions^ the 
glandular division, or adenohypophysis, and the 
neural division, or neurohypophysis. 

In most vertebrates above cyclostomes and fishes 
the adenohypophysis consists of three distinct re- 
gions, the anterior lobe or pars distalis, the inter- 
mediate lobe or pars intermedia, and the pars 
tuberalis. In cyclostomes and fishes the adenohy- 
pophysis is partially divided by connective tissue 
septa into three histologically distinct zones, but 
the homologies between these zones and the partes 


anterior, intermedia, and tuberalis of higher verte 
brates have not been established. 

Anterior lobe. The anterior lobe is the largest 
subdivision of the adenohypophysis. It consists of 
irregular cords and masses of glandular cells sup. 
ported by a network of connective tissue and sepa- 
rated by wide sinusoids. Two main cell types, 
chromophobes and chromophiles, are distinguished 
The chromophobes have few, if any, granules; and 
their cytoplasm stains poorly with the conventional 
stains. The chromophiles contain numerous gran- 
ules and are classified on the basis of stain rear, 
tions of these granules into acidophiles (alpha 
cells) and basophiles (^eta cells), respectively. 
While both types of granule are amphoteric, the 
acidophiles stain intensely with acid dyes at lov^ 
pH and only moderately with basic dyes at high pH. 
while basophiles stain intensely with basic dyes at 
high pH and poorly with acid dyes at low pH. Tvo 
different types of acidophiles and three different 
types of basophiles have been distinguished in many 
of the higher vertebrates by such criteria as stain- 
ing reactions, shape, location, and response to 
endocrine disturbances. The acidophiles are known 
as fuchsinophiles and orangeophiles, respertiveh. 
The fuchsinophiles appear to be largely restricted 
to the rostral zone, while the orangeophi^s are 
distributed throughout the lobe. Differential hor- 
mone assays have led to the tentative conclusion 
that the fuchsinophiles elaborate prolactin and the 
orangeophiles, the growth hounone. Since all 
basophiles stain with periodic acid-Schiff reagent 
(PAS), it is generally felt that they elaborate the 
glycoprotein hormones, the gonadotropins and 
thyrotrophin. Two types of gonadotrophs or delta 
cells and a thyrotroph or beta cell have been de- 
.scribed. However, some doubt exists as to whether 
there are several different types of acidophiles and 
ba.sophiles or whether the tinctorial differences are 
due to variations in granule content. 

In cyclostomes and fishes, chromophobic and 
chromophilic cells have been described, but they 
differ somewhat from those of higher vertebrates in 
distribution and staining characteristics. 

Mitoses are rarely seen in the anterior pituitary. 
However, various intermediate stages have he^n 
described between chromophobes and acidophiles 
on the one hand and basophiles on the other. 
Chromophobes are generally looked upon as re- 
serve cells which give rise to chromophiles. *1*^ 
actively secreting cells. In the rat, two types nf 
chromophobes have been described. While similar 
differences have not been observed in other specie’’- 
if seems to be generally inferred that a particular 
chromophobe gives rise to one type of chromophik 
only. 

Blood supply. The sinusoids of the anterior lob^ 
are lined by a continuous layer of retioulo-endo* 
thelial cells. Peri- and intersinusoidal spaces sur- 
round sinusoids and connect sinusoids, respectively' 
Thin basement membraiies applied to. the 
cells and to the 5inusoidi|^ndotheliuii^ 
spaces. The spaces cantmn gi'anules , .diid ^rnaJ) 



segments of granule-containing cytoplasm. The an- 
terior lobe contains few, if any, nerve fibers. 

Intermediate loba. The intermediate lobe con- 
sists of a sheet of chromophobic or faintly baso- 
philic cells lying between the anterior and neural 
lobes. Particularly in the embryo and young animal, 
it may he separated from the anterior lobe by an 
extensive cleft, the hypophyseal cleft, the residuum 
of Rathke’s pouch. In other instances the cleft is 
either missing or represented by isolated, cystlike 
.structures. Both cysts and clefts may be partially 
lined with ciliated epithelium and may contain 
colloid and degenerating cells. While the pars in- 
termedia is usually completely separated from the 
neural lobe by a layer of connective tissue, in man 
and certain other animals the separation is incom- 
plete, and cells from the intermediate lobe often 
invade the substance of neurohypophysis. In the ox, 
a cone of predominantly acidophilic cells, the cone 
of Wiilzen. projects from the intermediate lobe into 
the hvpophyseal cleft and may even protrude into 
the anterior lobe. Its functional significance has not 
been determined. A somewhat similar formation 
been noted in the sheep. 

In certain animals, including birds, cetaceans, 
the elephant, the manatee, the armadillo, and the 
heaver, there is no histologically demonstrable pars 
intermedia; while in others, such as man and man- 
like apes, it is greatly reduced in size. 

The pars intermedia is much less vascular than 
the anterior lobe. It may contain an occasional 
nerve fiber which can be traced back to the hypo- 
thalamic-hypophyseal tract. 

Pars tuberalis. The pars tuberalis is a thin layer 
nf (*ells which arises from the dorsal surface of the 
anterior lobe, extends upward through the dia- 
phragma sella, and forms a collar around the neural 
"talk. The cells are chromophobic but are smaller 
than the chromophobes of the anterior lobe. Small 
<’ol]oid-filled follicles may be present. The vascular 
^1‘Pplv is rich, and occasional nerve fibers reach the 
pal's tuberalis from the hypothalamic-hypophyseal 
tract. In a few species, including certain snakes 
a«d lizards and the two- and three-toed sloths, there 
is no pars tuberalis. 

Neurohypophysis. The neurohypophysis in- 
*'lude.s the pars nervosa of infundibular process 
^neural lobe) and the infundibulum or neural 
stalk, which consists of the infundibular stem and 
the median eminence of the tuber cinereum. In 
^oj^t species the infundibular process of the ma- 
jjre animal is solid, the infundibular recess of 
|he third ventricle ending within the neural stalk. 
” species such as the cat, lion, tiger, bear, 
s oth, anteater, and pig, the hypophyseal recess ex- 
down into the infundibular process. 

I^he neurohypophysis is a highly vascular region, 
distinctive histologic features include modified 
cells known as pituicytee, a rich plexus 
r ^””iyelhieated nerve fibers, and a variable num- 
b colloid masses known as Herring 

Pitwicytes have been described in all classes 

vertebrates. They possess cytoplasmic processes 
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which frequently end in close relation to 
vessels. Their cytoplasm contains granules^ tMt 
stain with fat stains. The function of pituicyt^ls 
unknown, though it has been suggested thatllpl^ 
play a role in the storage or the transfer of ime 
neural lobe hormones, or both. The nerve fibers 
arise largely from the supraoptic and paraventric- 
ular nuclei in the hypothalamus, stream down the 
neural stalk in a dense bundle, and terminate 
largely in the neural lobe. A few penetrate to the 
intermediate lobe and the pars tuberalis. The cells 
of origin contain a variable amount of a colloidal 
substance that stains with the Gomori chrome- 
alum-hematoxylin stain, while the fibers frequently 
contain beads of Gomori- positive material. The 
Herring bodies also stain with Gomori stain. It has 
not been determined whether the Herring bodies 
lie free in tissue spaces or represent greatly dilated 
endings of the nerve fibers. It has been postulated 
that the Gomori-positive material represents either 
the active neural lobe hormones or a carrier of ,the 
hormone. 

Nerve cells have been described in the neurohy- 
pophysis of a number of animals including man, 
birds, cetaceans, the dog, the wolf, the polar bear, 
and the horse. It has been suggested that these are 
misplaced elements from the supraoptic nucleus. 

[f.o.k.] 

mYSIOLOGY 

Pituitary hormones are protein or polypeptide in 
nature. Several biologically active preparations 
have been extracted from the gland and obtained 
in highly purified forms. While there is no doubt 
that they can be separated into distinct entities, 
some workers feel that these purified fractions 
may actually be only fragments of some larger hor- 
mone molecule. The number of hormonal agents 
extractable from the anterior lobe does exceed the 
number of principal cell types in that tissue. The 
exact form of the molecules as the gland secretes 
them will remain uncertain until it is possible to 
isolate them from the circulation in quantities 
suffiej^nt for chemical studies. While homologous 
hormones obtained from different vertebrate species 
exert comparable biological actions, some differ- 
ences have been detected in the chemistry of the 
hormone molecules. 

Hypophysectomy, surgical removal of the pitui- 
tary gland, has been accomplished in many verte- 
brate species. The most profound disturbances may 
be outlined as follows; (1) dwarfism in the young 
animal, and some loss of body tissue in adults; 

(2) atrophy of the testes, ovaries, and sex acces- 
sories in the adult or, in the young, a failure of 
these organs to attain n6rmal function, the opera* 
tion rendering the animal completely sterile; 

(3) atrophy of the adrenal cortices and consequent 
defects resulting from a deficiency of adrenocorti- 
cal steroids; (4) atrophy of the thyroict, diminitfaed 
metabolic rate, and other disturbances resuiting 
from a lack of thyroid homines; (S) fil^turbances 
in pregnancy and lactation, if the operation is 
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performed at the proper time; (6) blanching of 
the skin in fishes, amphibians, and reptiles due to 
impairment of the integumentary pigment cells; 
(7) profound defects in the metabolism of carbohy- 
drates, proteins, and fats; hypophysectomized ani- 
mals are unusually sensitive to insulin, the blood 
sugar tends to diminish, and the glycogen stores 
are depleted rapidly during fasting; the loss of 
nitrogen from the body indicates excessive protein 
breakdown, and the catabolism of fats is dimin- 
ished. See Metabolic disorders. 

The above effects of hypophysectomy are due to 
the absence of hormones from the anterior and 
intermediate lobes. Ablation of only the posterior 
lobe produces much milder defects- Among mam- 
malian species, the only profound effect resulting 
from postlobectomy is an excessive loss of water 
through the kidneys, or diabetes insipidus; this 
condition may be transient or permanent, depend- 
ing on the species and the manner of performing 
the operation. There are cogent reasons for be- 
lieving that certain hypothalamic nuclei, with their 
fiber tracts, must be considered together with the 
posterior lobe per se as constituting a functional 
unit. Since the hormones extractable from the 
posterior lobe are probably neurosecretions origi- 
nating in the hypothalamus, it is apparent that 
postlobectomy may not completely and permanently 
eliminate these secretions from the system. See 
Hypophysis. 

Anterior pituitary. The anterior pituitary pro- 
duces at least six principles: five trophic hormones 
and a growth hormone. The trophic hormones 
directly control to some degree the functional 
capacity of another endocrine tissue. There are 
three gonadotrophins which regulate the endocrine 
secretions of the gonads, adrenocorticotrophin 
(ACTH), which conditions the secretion of adreno- 
cortical steroids, and thyrotrophin (TSH), which 
influences the formation of thyroid hormones. While 
the growth hormone does promote growth, it ex- 
hibits a great variety of other metabolic effects. See 
Hormone, adenohypophyseal. 

The three gonadotrophins are follicle-stimulating 
hormone (FSH), luteinizing hormone (LH), and 
luteotrophin (lactogenic hormone). The main ac- 
tion of FSH in the female is to promote growth of 
the ovarian follicle up to the point of ovulation ; in 
the male it stimulates the seminiferous tubules and 
maintains production of sperms. LH cooperates 
with FSH during the final stages of follicular de- 
velopment, the two hormones promoting the secre- 
tion of estrogen and causing ovulation; then LH 
and luteotrophin stimulate the formation of luteal 
tissue attd thus promote the secretion of proges- 
terone. In the male, LH stimulates the interstitial 
tissue of the testis and thereby increases the output 
of androgen. It is clear that FSH and LH have 
equally important roles in regulating both male 
and female sexual functions. Both hormones are 
glycoproteins and have been prepared in highly 
purified forms. See Ovary ; Testis. 


Luteotrophin. This hormone assists in the main- 
tenance of the corpora lutea once they are formed 
Perhaps the main action of this gonadotrophin in 
mammals is to initiate and maintain lactation by 
acting on the fully developed mammary gland.s. It 
stimulates the secretion of crop milk in pigeons 
and initiates broodiness in certain species. Luteo- 
trophin is the first pituitary hormone to be isolated 
in pure form; it is a protein having a molecular 
weight of around 30,000. See Lactation. 

Chorionic gonadotrophins. These gonadotrophins, 
having anterior pituitarylike effects, are secreted by 
the placenta. Two such substances have been iso- 
lated: they are serum gonadotrophin (PMSG) of 
pregnant mares and chorionic gonadotrophin 
(HCG) of humans. PMSG elicits actions which are 
comparable to a mixture of pituitary gonadotro- 
phins, but it has not been possible to separate it 
into fractions like those of the pituitary. The ma»n 
action of HCG is on the corpus liiteum or on the 
interstitial cells of the testis. While both PMSG 
and HCG are glycoproteins, they appear to be 
chemically different from FSH, LH, and luleo 
trophin. Gonadotrophins of placental origin are 
abundant in the blood and urine of pregnant 
women, the blood of pregnant mares, and in the 
urine of patients suffering from certain genital 
tumors. 

Adrenocorticotrophin. When adrenocorlicotro- 
phin stimulates the adrenal cortex, it accelerates the 
secretion of adrenal steroids. It restores to normal 
the atrophic cortices of hypophysectomized ani- 
mals. ACTH preparations can be bioassayed on the 
basis of their ability to maintain the weights of 
adrenals of hypophysectomized rats or their capac- 
ity to cause depletion of ascorbic acid and choles- 
terol from the adrenals of hypophysectomized sub- 
jects. It should be stressed that ACTH peptides 
exert a great variety of extra-adrenal actions. There 
i.s increasing evidence that all the pituitary trophic 
hormones produce metabolic alterations by acting 
on tissues other than their target glands. 

ACTH has been isolated as a protein with a mo- 
lecular weight of around 20,000; others find that 
ACTH activity resides in much smaller molecule? 
(peptides) which are seYersl times more potent by 
weight than the original protein ACTH. It is 

sible that in the gland the peptides are adsorbed 
on or combined with cellular protein. See Adrenal 
GLAND. 

Thyrotrophin. The normal structure and function 
of the thyroid gland in hypophysectomized animals 
is maintained by thyrotrophin. TSH is a small pm* 
tein having a molecular weight of approximately 
10,000; it has been obtained in highly active for*’'* 
but has not yet been purified. A dynamic balance 
appears to be established between the secretion o 
TSH by the pituitary and the titers of thyr®* 
hormone in the blood, but other controls seem 
exist also. See Thyroid clanU. 

Growth hormone. is .a 

protein having a moleculaS?^ w lj p |r'of abo^t 



nj an isoelectric point at pH 6.85. It consists of 
yfo chains, one having alanine and the other phen- 
Ifllanine as the iV-terminal amino acid, and con- 
jin*. some 369 amino acid residues. The hormone 
„av be assayed by determining its ability to pro- 
mote widening of the tibia] epiphysis in hypo- 
)hvsectoniized rats or by techniques involving the 
apacity of the hormone to encourage nitrogen 

etentioii. 

Hypophysectomy of young animals retards gen- 
ral body growth; the administration of growth 
lormone restores the growth rate and alleviates 
(»nie of the other metabolic disturbances. The hor- 
nonc exerts a great variety of effects other than 
ij^t the promotion of general body growth. It 
)ro(luces the typical signs of pancreatic diabetes 
iiid raiises various changes in carbohydrate metab- 
(li^-rn: it causes the retention of nitrogen (as 
)rotein) in the tissues; it accelerates the mobiliza- 
i(in and oxidation of depot fat; and in some species 
If it is essential for normal secretion of milk. 

CAKHtJHYURATE METABOLISM. 

Certain instances of human dwarfism result from 


1 defir icnc y of growth hormone during childhood, 
flvpt rsecretion of the anterior lobe in the young 
iidividnal produces a condition of exc^essive growth 
iilNcl gigantism; if the onset is after the epiphyses 
)l flip long liones have closed, acromegaly results. 

Mf'hinorYtc-stimidating hormones. Melanocyte- 
•timulaling hormones (intermedin) are found in 
ilip hypophyses of all vertebrates from selachians 
ind tcleosts to mammals. These substances are 
prodiK'pd by the intermediate lobe or, in those 
'ppcips where the intermediate lobe is anatomically 
jl)‘'Prit. hy equivfilent areas of the anterior lobe. In 
fislips, amphibians, and reptiles, MSH is responsible 
h»r the color changes which occur when these ani- 
maU are kept in darkness. 

i'wf) polypeptides, a-MSH and /?-MSH, have been 
•'‘‘dated from pituitary ti.ssue and chemically char- 
•nlprized. Both produce darkening of the melano- 
in man and certain lower vertebrates. Both 
‘'•ihstances have molecular weights of less than 
1000 and contain approximately 15 different amino 
aridc. Purified ACTH peptides exert slight but 
perceptible MSH activity, but the reverse is not 
that is, purified MSH possesses no intrinsic 
^flrenocorticotrophic activity. 

Whether MSH has any function in birds and 
[JjammaJs has not been conclusively demonstrated. 

is some evidence that in man the adrenal 
^J^'»'lical steroids inhibit the release of MSH from 
* ^ pituitary. Some workers believe that in clinical 
^^nditions where adrenocortical secretions are de- 
^^ased or absent the pituitary releases excessive 

. y, ^hich causes melanogenesis. In a variety of 
^ *nioal conditions characterized by intensive mel- 
increased amounts of MSH in the 

•*o*terior lobe. Posterior lobe extracts exert pro- 
effects upon water-salt balance, the cardio- 
'^«scular system, respiratory activity, smooth mus- 
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cle of the uterus and parts of the gastrointestinal 
tract, and myoepithelial cells {‘‘basket cells") ^f 
the mammary glands. O. Kamm et al. in 1928 
succeeded in separating fractions which gave prin- 
cipally oxytocic and vasopressor effects. Antidiu- 
retic activity was possessed by the vasopressor 
fraction. The oxytocic fraction has been used 
routinely in obstetrical practice to induce labor, 
the gravid uterus at or near term being very sensi- 
tive to the action of this substance. See Hormone, 
NEUROHYPOPHYSEAL. 

V. Du Vigneaud and associates have obtained 
purified preparations of oxytocin and vasopressin 
and established their structural formulas. Both are 
basic peptides containing eight amino acid residues, 
six of the amino acids being identical in kind and 
position in the two hormones. Vasopressin possesses 
all the antidiuretic activity. Biologically there is 
some overlap: vasopressin possesses slight intrinsic 
oxytocic activity, although oxytocin has no vasopres- 
sor or antidiuretic action. Oxytocin was the fir.st 
polypeptide hormone to be synthesized. 

In addition to the polypeptides, a protein having 
a molecular weight of around 30,000 has been ob- 
tained from posterior lobe tissue. This substance 
appears to be pure by all the usual criteria and 
possesses oxytocic, vasopressor, and antidiuretic 
activities. Some regard this protein as the true hor- 
mone which combines the properties of the frac- 
tions. Final conclusions cannot yet be drawn. 

In some species the ejection of milk during 
suckling or milking depends upon the reflexive 
release of oxytocin from the posterior lobe. Whether 
oxytocin normally plays any essential role in partu- 
rition has not been clearly established. 

Vasopressin regulates the amount of water 
filtered by the kidneys. When most organisms are 
deprived of water, increased amounts of vasopressin 
are released from the posterior lobe and water loss 
is inhibited. After removal of the posterior lobe, 
without damage to the hypothalamus, the animal 
loses a large amount of dilute urine (polyuria). 
As a result, there is increased thirst and a high 
intake of water (polydipsia). Diabetes insipidus, 
the clinical counterpart of this condition, has long 
been recognized. It is not known . whether the 
posterior lobe hormones normally perform any 
significant physiological role in the regulation of 
blood pressure. See Urinary bladder disorders; 
Urinary system. 

Most evidence indicates that the posterior lobe 
hormones are secreted by special cells in certain 
hypothalamic nuclei, pass along the axons within 
the pituitary stalk, and are discharged in the pos- 
terior lobe per se. Thus the posterior lobe may be 
mainly a depot for the storage and release of hor- 
mones and not a true endocrine gland, since the 
hormones are synthesized elsewhere. [c.d.tJ 

Bibliography: H. Heller, The Neurohypophysis^ 
1957; G. Kneus and K. V. Thimann, The Hor* 
mones, vol, 3, 1955. «* 
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Pituitary giand disorders 

Any pathology of the pituitary gland, the master 
regulatory organ of the endocrine system. Many 
hormones which directly influence tissue metabo* 
lisro are elaborated by the pituitary, but more im- 
portant, certain of these hormones exert a control 
on other endocrine, or target glands, such as the 
thyroid, adrenals, and gonads. The pituitary is 
jeictually a double gland, the anterior portion arising 
from an evagination of the roof of the mouth and 
the posterior lobe developing as a downgrowth of 
modihed neural tissue from the hypothalamus. The 
two lobes come together in a bony depression lo- 
cated behind the optic chiasma at the base of the 
brain. See Pituitary gland. 

The most common pituitary disorders can he 
grouped into two categories, tho.se in which symp- 
toms result from mechanical changes in the gland 
and those in which hormonal imbalances are pro- 
duced. Hemorrhages, tumor formation, and inflam- 
matory changes may cause symptoms by virtue of 
their direct effects. Hormonal dysfunction, al- 
though frequently caused by neoplasia, may ari.se 
in a grossly unaltered gland, yet have pronounced 
effects upon other tissue.s. See Hormonk; Tumor. 

The best-known examples of anterior lobe dys- 
function are the cases of gigantism and dwarfism 
which result from either hyper- or hyposecretion of 
growth hormones during childhood. In adults, 
hypersecretion of the growth hormones results in 
acromegaly, marked by the appearance of enlarged 
jaw.s, hand.s, and feet and other changes. 

Hypopituitarism indicates a decreased output of 
pituitary hormones, and like hypersecretion, may 
involve one or more or all of the endocrine secre- 
tions. Cases of Simmonds’ disease follow loss of 
all secretion and are characterized by a general 
wasting and secondary insufficiency of the adrenal, 
thyroid, and gonadal glands, because of lack of 
tropic stimulation. Adult women are affected twice 
as frequently as men, and the clinical course may 
be rapid or may be prolonged over a period of 
years, depending upon the nature of the pathologic 
process causing the glandular deficiency. 

Deficiency of gonadotropic hormones, those 
which stimulate either the testes or ovaries, may 
result in Froehlich’s syndrome. This is marked by 
excessive obesity of the female type, failure of 
development of secondary sexual characteristics, 
and sexual dysfunction. In these cases, malfunction 
of other parts of the pituitary or hypothalamus is 
probably responsible for the obesity. 

The most important, though uncommon, disease 
of the posterior pituitary is diabetes insipidus. In 
these patients, a deficiency of the antidiuretic hor- 
mone permits water to pass through the renal 
tubules without proper reabsorption. As a result 
there is often a tremendous urinary output, some- 
times as much as 20-30 quarts, or more, of urine a 
day. 

Most of the pituitary disorders mentioned, as 
well as those which are less common or complex in 


nature, result from injury to, or tumors of, pituitary 
tissue. Injury may follow trauma, inflammation 
vascular damage, or the development of cysts. Pre. 
quently the cause of hypersecretion is the over, 
activity of a benign or malignant tumor; both 
however, may be asymptomatic. [e.c.st] 

pK 

The logarithm (to the base 10) of the reciprocal 
of the equilibrium constant for a specified reaction 
under specified conditions (for example, solvent 
and temperature). pK values are often more con- 
venient to tabulate and use than the equilibrimn 
constants themselves. Tfip value of K for the dis- 
sociation of the HS 04 " ion in aqueous solution 
at 25®C is 0.0102 mole/liter. The logarithm is 
O.OOSo — 2 = — I. 99 I 4 . pK is therefore 4-1.991,. 
The choice of algebraic sign, although arbitrary, 
results in positive values for most dissociation con- 
.slants applicable to aqueous .solutions. The con 
cept of pK is especially valuable in the study 
solutions. See Equilibrium, chemical; Equiiih 
RIUM, ionic; pH. [t.k.vI 

Placentation 

The intimate association or fusion of a tissue or or- 
gan of the embryonic stage of an animal ro^its par 
ent for physiological exchange designed to pro 
mote the growth and development of the young. It 
enable.s the young, retained within the body or tis- 
sues of the mother, to respire; acquire nourish- 
ment, and eliminate wastes by bringing their blood 
streams into close association but never into di- 
rect' connection (Fig. 1). Placentation character- 
izes the early development of all mammals except 
the egg-laying duckbill platypus and spiny ant- 
eater. It occurs in some species of all other orders 
of vertebrates except the birds. In fact, in certain 
sharks and reptiles, it is almost as well developed 
as in mammals. A few examples are also known 
among invertebrates {Peripatus, certain tunicate?, 
and insects). 

Placental modifications. With few exceptions, 
the fetal structures used to establish placental re- 
lationships with the mother are modification^ 
organs present in kindred egg-laying (ovipamus) 
species. In the fishes, sharks and rays, and am- 
phibians these include gill filaments, the tail fim 
the pericardium, and the primitive yolk sac (midgn* 
and adjacent ventral body wall). The essential pl^' 
cental modifications of all these are increased sur- 
face area and vascularity and intimate contact 
a highly vascularized and often secretory area oi 
the mother. In fishes this latter is usually tb 
ovary; in sharks and rays, the uterus; in ainph»^ 
ians, the uterus or the skin. Skin gestation is 
unique to certain oviparous South American frogs* 
As the eggs are extruded, they are ff^Uized by 
male and placed on the back as in or in a akm 
pouch on the back as in Nototremd^mere they 
come embedded in higU^^ vascular compartment 
and receive both oxygen jmd nourisbnioiijt 
mother’s blood stream. The, live-bcamg 
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Fig. 1. Pregnant human uterus at 3}^ months, split 
sagittaliy to show the relation of the fetus, membranes, 
and placenta. 


(ioodcidae, have unique vascular rectal processes, 
lr(»photaeniae, known in no other group, which es- 
idMish placental relationships with the ovarian 
ti‘'8ije. 


In arnniotes (reptiles, birds, and mammals) the 
I'xiraemhryonic membranes utilized in placenta- 
liun are specializations of the basic membranes 
found in all the oviparous species. In fact, in the 
^’•ginnings of placentation, portrayed by ovovivip- 
aroiis lizards and snakes, the large shell-covered 
and Yolk-laden eggs are simply retained within the 


oienjs until hatched. Here apparently the only pla- 
cental function is respiration, hence there is no ob- 
vious modification of the fetal membranes and only 
an increased and prolonged hypervascularity of 
uterine lining. 

in a few lizards and snakes and in all marsupial 
^nd eutherian mammals, complete placental func- 
tion occurs because the eggs are supplied with too 
little yolk to provide the needs of the embryo for 
nourishment until birth. Inadequate provision for 
elimination and storage of nitrogenous waste oc- 
lilt’s in most of these animals also. Thus, not only 
these embryos interchange respiratory gases 
the mother's blood, but they must also ab- 
jorb nutriment and transfer wastes to be excreted 
y ner kidneys. Full placentation in these forms is 
Provided by anatomical and physiological speciali- 
sation of three principal extraembryonic mem- 
I'anes, the chorion, yolk sac, and allantois. . The 
®*®Jiion ptobably plays a physiological role also. 
J^]rsiolO|^cal eichanga. Efficient interchange de- 
wnds on close proximity of Urge areas of fetal tis- 
to maternal blood and to secretory or absorp- 


tive areas. This is provided in mammals by a 
remarkable regulatory cooperation between tha.d 
veloping outer layer (trophoblast) of the cho) 
together with the vascular yolk sac or allan 
both, and the mother’s uterine lining 
rium). In the typical mammalian placenta, wmdh 
is always formed by the chorion and the allantoic 
vessels, the fetal and maternal blood streams are 
as close as a few thousandths of a millimeter from 
each other (Fig. 2a,h). The surface area is prob- 
ably several times larger than the body surface of 
the female. In man this ratio is known to be about 
8:1. Not only are the two vascular tissues closely 
approximated, but in many mammals the arrange- 
ment of the vessels is such that in the area of inter- 
change the two blood streams flow in opposite di- 
rections. This counterflow principle greatly in- 
creases the efficiency of interchange. 

Placentas are classified in various ways, but the 
most meaningful is based on the identity of the lay- 
ers making up the separation membrane between 
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Fig. 3. (ff) Diagram of block romevod from ctnter of 
human ptoconto. (b) inlorgomgnt of cut and af branch 
vflhiai 
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Fig. 3 . Schemata of four fundamental types of ploc- 
entation. (a) Epitheliochorial (villous); examples! hoofed 
animals, whales, lemurs, (b) Endotheliochorial (laby- 
rinthine); exomples: carnivores,- bats, elephant, sloth, 

the two blood streams. On this basis the human 
placenta is hemochorial, that is, the maternal blood 
is in direct contact with the chorionic trophoblast. 
The placenta of the dog is endotheliochorial, in 
which the maternal blood is separated from^ the 
chorion by the maternal capillary endothelium. 
Other conditions are epitheliochorial, syndesmo- 
chorial, hemoendothelial, and endothelioendothe- 

The physiology of interchange through the pla- 
cental membrane is a fertile field in present-day 
research. Although simple physical diffusion and 
osmosis are factors, it is now known that probably 
of greatm^ importance are active membrane trans- 
port metdianisms. This transport tlirough the pla- 
cental separation mesnbranc is work done as the 


beaver (one of only two rodents known to hove this 
type), (c) Hemochorial (labyrinthine); exomples: mos 
rodents, many inseetivores, tarsiers. (d) Hemochono 
(villous); exomples: man, great apes, and monkeys- 

result of energy release within the protoplasm' 
layers of the membrane itself. [h.w.mo- 

Bibliography: W. J. Hamilton, J. D. Boy , s" 
H. W. Mossman, Human, Embryology, 2d ed., ’ 
A. S. Parkes (ed.), MarshalVs Physiology of 
production, vol. 2, 3d ed., 1952. 

Placodermi 

A large and varied assemblage of Paleozoic fis ^ 
usually categorized as a zoolo^l class, wn 
appeared only slightly later than tKe Acanth^ 
The Placsdermi constifiite the se^wd oldest g 
of primitive jawed vertebrate anfSals. As imP' 
by their name, which means ’ „t 

placoderms are characterited by the 
of a complex bony arnjor' protecting the^W*** 


fronl part of the body. Typically, the shield cover- 
ing the head is separate and is movable upon the 
Indy armor by paired ball-and-socket articulations. 
The oldest known placoderms are of Lite Silurian 
age. During the Devonian they achieved a domi- 
nance over all other contemporaneous groups of 
backboned animals. Their success, however, was 
short lived and by the close of the Devonian 
(except for Cratoselache from Mississippian rocks 
of Belgium) these fishes became extinct. See 
\(:anthodii. 

The placoderms are separable into two major 
divisions, the Arthrodira and Antiarchi. Within a 
widely displayed range of shape, size, and anatonii- 
fal variation, both groups possessed a few common 
cliararteristics. The neurocraniiim formed chiefly of 
rartilage was a stout structure composed of a short 
ethmoidal part supporting large olfactory organs, 
moderate-sized and forward-situated orbital inden- 
tations, and a relatively long, robust oticooccipital 
portion. Various dermal bones of vomerine and 
parasphenoidal nature often invested the ventral 
surface of the braincase, with the former sometimes 
modified as integral parts of the biting mechanisms 
o( the upper jaw. Dorsally and laterally a dermal 
shield composed of a regular series of median un- 
paired <Hnd paired lateral plates of bone protected 
the neurocraniiim, visceral skeleton, and branchial 
I’hamhers. The visceral skeleton, perhaps through 
persistence of a primitive soft cartilaginous (condi- 
tion and consequent failure to be preserved in 
ihe fossil state, remains most incompletely under- 
■<tood. However, partial endochondral ossifications 
offer evidence of the mandibular arch in many 
arthrodires. These paired ossifications are located 
in the ({uadrate areas of the upper jaw and the 
articular and symphyseal regions of the lower. 
Eaili of the primary upper- and lower-jaw elements 
‘'Upported single pairs of opposing bones. Adapted 
for either crushing or scissorlike shearing action, 
these elements were not deciduous but continued 
to grow and enlarge during the life of the individ- 
ual. often displaying enameled denticles and col- 
umns of a dentinal-like tissue. Pits and rugosities 
un the margins of the quadrate and articular ossifi- 
cations of the jaws suggest ligamentous attach- 
tuents, very probably with a modified element of the 
^<*cond visceral arch. Thus, for at least some of the 
placoderms, an amphistylic type of jaw articula- 
tion with the braincase may be postulated with a 
‘^uspensary hyomandibula and re.striction of hy- 
‘udean gill cleft to its dorsal spiracular part. See 
Antiarchi; Arthrodira. 

T'he thoracic armor, as that of the cephalic shield, 

composed of median unpaired and paired lateral 
J^*ement8. These dermal bones are connected by 
uuth overlapping sutures and tighHy interlocking 
^ntate ones. The buckler is most comparable in 
Position and function to the exoskeletal shoulder 
8*Pdle of more advanced bony fishes and displays 
different developments in each of the varied 
stocks. Among the earliest as well as the 
ved conservative lines it forms a continuous 
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shield over the back, sides, and venter of the trunk. 

In the later, younger forms it may become variously ^ 
modified and reduced, often with complete lossesi^lt;^' 
of connection between the dorsal and ventral parts ' 
and even of the typical mobile articulation with the 
head armor. The body and tail behind the trunk 
armor is generally fishlike and may be either 
scaled or naked. The internal axial skeleton Is 
known adequately in only a few forms. In the 
arthrodire Coccosteus the notochord was persistent 
and extended to the tip of the heterocercal caudal 
fin. In addition, segmental condensations of bony 
tissue reveal dorsal neural and ventral hemal 
arcualia. One or two median dorsal fins were pres- 
ent, supported internally by rays. The hypochordal 
lobe of the caudal fin is presumed to be small. Of 
paired fins, pectorals and pelvics were generally 
pre.sent. The pectoral appendages were of variable 
form. A pair of fixed or movable spines may alone 
project from the sides of the thoracic armor in the 
position of these fins. In arthrodires the fixed spjnes 
became progressively reduced through geologic 
time and their function was gradually replaced by 
proportionately larger and larger normal fins with 
internal rays articulating on a primary cartilagi- 
nous shoulder girdle snugly associated with the 
dermal trunk armor. 

The Placodermi form an extraordinary group of 
fishes whose remarkably diverse adaptation to life 
in both fresh and marine waters makes any phyletic 
interpretations difficult. In the present state of 
knowledge, they can only be regarded as an early 
aberrant assemblage of armored backboned animals 
whose resemblances to acanthodian, chondrichthy- 
ian, and early osteichthyian fishes were a heritage 
from a common, early Paleozoic ancestral stock of 
jawed vertebrates. See Palaeospondyloidea ; 
Stei^selachii. [d.h.d.] 

Plague 

All infectious disease of man and rodents, existing 
as pneumonic and bubonic plague and caused by 
the bacillus Pasteurella pestis. In wild rodents the 
disease is known as syl vatic plague. Plague is 
transmitted from rodent to rodent and from rodent 
to man by the flea {Xenopsylla cheopis). The dis- 
ease has been known since the third century for 
its pandemics and epidemics such as the Black 
Death in 1630 (Milan), in 1665 (London), and in 
1721 (Marseilles). Alexander Yersin discovered 
the cause of the disease in 1894 during a world- 
wide outbreak in the 18908. 

In the animal body the bacillus is gram-nega- 
tiv^, nonmotile, and a short, round coccoid or a 
large ovoid, safety pin in shape. It is surrounded, 
by a slime layer, or ehvelopc. This aerobic or- 
ganism grows well, but slowly, on medium contain- 
ing cystine and blood at 37^C, the time required 
for cell division being about 4 houf%. Glucose, 
galactose, fructose, but not lactose, are fermented 
without production of gas. The ability to ferment 
glycerol is characteristic qf certain varieties of 
P, pestis and i$ m aid in determining the epi- 
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Epidemiology of plague. (George Williams Hooper Foundation, University of California) 


demiology of an outbreak of the disease. P, pesti^ 
fails to hydrolyse urea. Under favorable laboratory 
conditions it remains viable for months, even 
years; in rat flea pellets, for months. It is inac- 
tivated at 55 °C by 0.5% solution of phenol in 15 
min and by streptomycin and tetracycline. Of its 
at least 10 antigens, the envelope antigen and the 
powerful toxic antigen are significant in immunity 
and pathogenesis. 

Plague may be diagnosed by culture of blood or 
tissue fluid, obtained from lymph nodes of man or 
dead rodents or by animal inoculation. Cultures 
may be quickly identified by a specific bacterio- 
phage or more readily by agglutination test with 
potent antiserum. After the diagnostic material is 
rubbed on the freshly shaved abdomen of guinea 
pigs, they die in 2-6 days; bacilli can be found in 
blood and spleen films. 

In warm climates plague usually is bubonic, so 
called because of the characteristic swollen lymph 
nodes, or buboes. Bubonic plague is usually trans- 
mitted to man by rat fleas. It may spread rapidly 
at times among commensal rats and mice, mainly 
through the rat flea. During rat epizootics these 
fleas carry the plague bacillus in the midgut and 
proventriculus from which it is regurgitated during 
the bite. In cold climates it is more likely to take 
the much more fatal and contagious pneumonic, 
or tonsillar, form. Pneumonic plague spreads from 
patients with primary pneumonic plague or from 
patients with bubonic plague and secondary pneu- 
monic infection. 

Endemic (sylvatic) plague may be maintained 
by any of 372 burrowing, hibernating rodents, 
such as field mice, squirrels, prairie dogs, wood 
rats, spcrmophiles or marmots, which are widely 
distributed in the western third of the United 
States, in large areas of South America, in Central 
and South Africa, in Iranian Turkistan and Cen- 
tral Asia. 

Human infection is rare in the United States 
and arises from exposure to wild rodents or their 


fleas. Plague is often a terrible health problem in 
cities in India, Burma, and Indonesia, although ii 
is presently in a decline. It still persists then 
however, in the wild rodents. 

After treatment with sulfonamides (parliuilarh 
sulfadiazine), streptomvcin. tetracycline or clilo 
ramphenicol, spectacular effects have been oh 
served, even in pneumonic plague which was for 
nierlv irremediable. 

Perpetual systematic warfaie against rodent*^ is 
fundamental to prevention. The potent rodenticjde 
Warfarin (dicoumarin) is used to free cities of 
rats and to establish rodent-free belts around 
towns and villages. In the control of epidemus 
the first consideration must be elimination of the 
flea by use of insecticides with residual action 
(DDT in 5% kaolin or malathion). See Agoiuti 
NATION RRArnoN; Bactkriology, medical; 
teriophage; Brucellaceae. [k.f.mi] 

Bibliography : R. Pollitzer, Plague, WHO Mono 
graph 22, 1954. 

Plains 

The relatively smooth sections of the continental 
surfaces, occupied largely by gentle, rather than 
steep slopes and exhibiting only small local dif 
ferences in elevation. Because of their smoothnc'^". 
plains lands, if other conditions are favorable, 
especially amenable to agricultural use. The ab- 
sence of extensive steep-sloped features of great 
height not only decreases the number of obstacle*' 
to human transportation or, in past times, to th** 
migrations of animals, but also permits the free 
movement of air masses, a faqt of great meteoro- 
logical importance. It is thus hot surprising that 
the majority of the world’s major agricultural re- 
gions, closely meshed transpottation networks 
and concentrations of population are found 
plains. Nor is it unexpected that extensive 
are areas within which climatic conditions vary 
slightly over long disUthces. 
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Mil v«ri#hlf« SomewhUt mere than m by streams from the surroundfng 
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With the exception of ice-sbeathed Ant- California, the Po Plain of northern Italy, die ^lain 
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one’’ 

plam*^ ^ach continent "contains at least one major 
te of smooth land in addition to numerous 
area-^. The chief plains of North America, 

Ciih America, and Eurasia lie in the continental 
t riors with extensions reaching to the Atlantic, 
a, nio^t extensive plains of Africa occupy much 
r Sahara and reach south into the Congo 
B sin Much of Australia is smooth, with only the 
extern margin lacking plains terrain. 5ee Tlrrain 

XRMS WORLD-WIDE. 

Suridces that approach true flatness, while not 
fonsiitute a minor portion of the world’s 
plains Most commonly they occur along low-lying 
,oa-ul margins or the lower sections of major river 
.Nstpins Some occupy the floors of inland basins 
vvlurt extensive stream deposition has ocnirred 
Ihe maioiily of plains, however, are distiiutly ir- 
rej-iilar iii surface form, as a result of valley-cut- 
nn^ bv siieains or of irregular erosion and deposi- 
tion by f ontinental glacieis. 

[Mams are sometimes designated by the sitiia- 
hons in which they occur. In common speech a 
lodsral plain is any strip of smooth land adjacent 
to the shoreline, though in geology the teim is 
nfien restricted to siuh a plain that was foimerly 
\ pdit of the shallow sea bottom An example is 
tin South Atlantic and Gulf margin of the United 
Mdle'. (>ee CoASIAl lANDIORMs; COASl AI PI AIN ) 
Irir<*rm(»nlane plains lie between mountain ranges, 
nul basin plains are surrounded by higher and 
n.iighcr land. Upland plains (sometimes loosely 
ipiined plateaus) lie at high elevations, or at least 
above neighboring surfaces, while lowland 
plains are those lying near sea level, or distinctly 
1)» low adjacent lands. 

Plains are also sometimes classified according 
to the processes that have produced their distinc- 
t«ve surface features. These differences are dis- 
ussed below. 

Origirt. The existence of plains terrain generally 
indicates for that area a dominanc e of the erosional 
dnd depositional processes over the forces that de- 
form the crust itself. The most extensive areas of 
plains, such as those of interior North America or 
that of northwestern Eurasia, generally represent 
ireas which have experienced nothing more severe 
than slow, broad warping of the crust over a long 
period of geological history. Throughout that time 
the gradational processes have been able to main- 
tain a relatively subdued surface. Certain other 
areas, including the upland plains of central and 
’^outh-central Africa and eastern Brazil, have suf- 
fered moderate general uplift in late geologic time, 
hilt have not yet been subjected to deep valley cut- 
ting. 

Many plains of lesser extent, however, have been 


of Hungary, the Mesopotamian plain« tbe Tarim 
Basin of central Asia, and the Indo-Gan^tic plain 
of northern India and Pakistan. 


REGIONAL SURFACE CHARACTER 

The surface features of plains result mainly from 
local erosional and depositional activity iti rela- 
tively recent geologic time. Each of the major 
gradational agents- running water, glacial ice, and 
the wind — produces its own characteristic set of 
features, and any given section of plains terrain is 
characterized predominantly by features typical of 
one particular agent. 

Features associated with stream erosion. Val- 
leys and the divides between them characterize 
plains sculptured largely by stream erosion. Sur- 
faces are usually irregular rather than flat, but dif- 
fer among themselves in size, form, arrange- 
ment, and spacing of their valleys. Since stream- 
eroded plains are far more widespread than any 
other class, these differences are especially sig- 
nificant and frequently encountered. 

The depth, width, and cross-section form of 
stredin valleys depend upon the relative rates of 
erosional deepening of the valley by the stream 
itself and of erosional widening of the valley by 
the cutting of tributary ravines and by rain Wash 
and slow downward creep of soil on the valley 
sides, locally aided by undercutting <>f the slope 
base by the stream. Narrow, steep-sided valleys 
are favored by steep, swift-flowing streams that 
erode rapidly and by an absence of excessive 
sin face runoff down the valley sides from the ad- 
jacent uplands. Conversely, broad, gentle-sicled 
valleys are typically associated with slow-flowing 
Streams of gentle gradient; valley walls arc com- 
posed of weak materials and arc heavily washed 
by runoff. Since streams flowing on plains are 
usually gentle in gradient, valleys on plains are 
commonly wide, shallow, and gcntle-sJoped, but 
sigmheant exceptions are numerous. 

The spacing of valleys on a plain indicates the 
stage to which development of the stream system 
has advanced. Normally through the course of 
time a major stream develops an increasing num- 
ber and length of tributeries, until eventually the 
entire drainage basin is occupied by valleys and 
their side slopes. When this point is reached, 
y’ibutary growth is complete. Continued develop- 
ipent involves the reduction of slopes arid lower- 
ing of divides between streams until the whole 
surface has been brought low. 

Plains differ greatly in the stage of development 
their stream systems have reached. Plains on 
which tributary growth is highly faicomplete, so 

•>«!«> intense. Most of these reprei^t mature and m typically rolling surfaces like the 

‘^tioiis of the crust which have been partially t ; PiAilmont between Wa^nfitoii. DaC., 
by smooth-surfaced deposits of debris carried Appalachian Piedmont between laraswngton. 
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Fig. 1. Ideal stages in the sequence of development 
of a land surface under the effects of stream erosion, 
(a) Youth; (b) maturity; (c) old age. (From V. C. Finch, 
G. T. Trewarfha, A. H. Robinson, and E. H. Hammond, 
E/emenfs of Geography, 4fh ed., McGraw-Hill, 1957) 

and Atlanta, Georgia. Old-age plains (also called 
peneplains) should, ideally, be low lying and 
smooth, since they would represent the ultimate 
of erosion. However, they require so long to de- 
velop that they are usually re-uplifted and re- 
eroded before completion, and hence are rarely 
found. See Fluvial krosioin cycle; Stream 

TRANSPORT AND DEPOSITION. 

The pattern of valleys on plains depends chiefly 
upon the pattern of outcrop of rock materials of 
contrasting resistance. In the absence of strong 
contrasts the pattern is usually branching and tree- 
like as in Fig. 1. Where there is great differential 
resistance to erosion, the unusually resistant rocks 
form drainage divides, whereas weak rock belts are 
soon excavated into broad valleys or lowlands. 
Where crosional plains bevel across gently warped 


rock strata of varying resistance, the belts of out. 
crop of the more resistant strata form strips of 
higher, rougher country, with an abrupt escarp, 
ment on one margin and a more gradual dip-giope 
in the direction toward which the strata are in- 
clined. These cuestas are common features in the 
American Middle We.st and Gulf Coastal Plain and 
in western Europe. The various wolds and downs of 
England and the cotes of northeastern France are 
cuesta ridges. 

Most plains that develop in dry climates are 
characterized predominantly by stream-produced 
landforms, in .spite of infrequent rain. The develop- 
ment of valley systems arid erosional featiire.s fol- 
lows the same general rules as it does in humid 
regions. However, some differences in relative ratec 
and relative significance of certain of the develop, 
mental [processes produce distinctive landscape 
characteristics in arid lands. First, rock deconiposi- 
tion is very slow, so that the surface accumula- 
tion of weathered material is normally thin and 
<-oarse textured. Second, the sparse vegetation af- 
fords to the naked surface little protection againM 
the battering and washing of the oc-casional toi 
rential rains. As a re.sult, the upper slopes become 
strongly gullied and often stripped of rngdi of 
their covering material, leaving bedrock ex|u»snl 
over wide areas. The debris that is eroded from 
these upper slopes is rarely carried far, however 
because of short duration and local nature of 
the rains and hence the intermittent character ot 
stream flow. Therefore most of the debris load i'' 
dropped in the neighboring basins and vallr\ 
floors, “drowning” broad areas beneath plains ot 
silt, sand, or gravel. Hence denuded and gullied 
upper slopes and broad depositional flats in the 
lowlands are characteristic features of desert 
plains. ,SVe Desert erosion features. 

Solution-marked plains. Features resulting from 
underground solution characterize several rathei 
extensive areas of plains. The principal feature^ 
of this class are depressions, or sink holes, pro- 
duced by collapse of caverns underneath. Signifi- 
cant groundwater solution is largely confined to 
areas underlain by thick limestones. As subsiirfart' 
cavities are progressively enlarged by solution 
more and more drainage is diverted to subter- 
ranean channels. Surface streams become fewer, 



Fig. 2. The structure and surface form of cuestos. Dit* and E. H. Hammond, Elements of Geography, ^th 

sected form shdwn at right is especially common. McGraw-Hill, 1957) 

{From V» C. Finch, G, T. Treworfho, A, H, Robinson, 
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often disappearing into the ground after a short 
surface run. Eventually solution cavities near the 
surface collapse, forming surRcial depressions of 
various sizes. Some are shallow and inconspicuous; 
others are great steep-walled pits or elongated en- 
(losed valleys. Some of the small depressions con- 
tain lakes, because their outlets are plugged with 
(lay. The most extensive areas of solution-featured 
plains in the United States are in central and 
northern Florida and in the Panhandle of Texas. 
In both of these areas shallow sink holes, some 
lake filled, are numerous. Some of the areas of 
itidsI active sedation work have developed surfaces 
far too rough to fall under the heading of plains. 
This is especially true for the mountainous area 
(»f great sinks and solution valleys in the Dalma- 
tian Karst of Yugoslavia. Sec Karst topocrapity. 
Patterns associated with stream deposition. 
Vllijvial features are so called from the term al- 
luvium, which refers to any stream-deposited mate- 
rial. As a group, alluvial plains are among the 
^m^Mllhcsl and flattest land surfaces known. True 
sireani-jleposiicd plains fall into three cla.sses: 
( 1 ) floodplains, laid down along the floors of val- 
(2) deltas, formed by deposition at the 
-ircam mourhs; and (,T) alluvial fans, deposited 
al the t'oot of mountains or hills. 

Flood plains. The flat bottomlands so common to 
Millev floors develop where the gentle lower reaches 
‘tf a stream system have more sediment load fed 
U) them by their tiibntai ics than they are able to 
iarr\. This sediment is deposited in the stream 
hf'd or, in flood time, across the whole width of 
the valley floor. Be< anse (»f continued deposition 
and clu»king of the stream bed. repeated flood- 
ing, and the ease with which the alluvium can 



3, Choroctaristic pattarns of straam channels on 
® l^viol and on bedrock surfaces. (From V. C. Finchs 
• Trewarthp, A. H. tfobinson, and H. Hammond, 
pf Geography, 4fh ed„ MeGraw^HW^ 7957) 


be moved, streams continually shift their channels 
on floodplains. On plains of fine silt, the channel 
is usually highly sinuous or meandering, while 
on a sandy floodplain the channel is braided, that 
is, broad, shallow, and intricately subdivided by 
innumerable sand bars. In either case, many loops 
or strands of abandoned channels, now mostly dry 
and filled in, scar the floodplain surface. On silty 
floodplains the highest land is commonly found im- 
mediately adjacent to the channel, while farther 
hack from the stream the surface is slightly lower. 
These higher strips, called natural levees, are 
formed by active deposition during floods, when 
the velocity of flow is abruptly checked and the 
hulk of the sediment dropped immediately as the 
water leaves the swift current of the deep channel 
to spread thinly over the plain. 

On major floodplains the ground water table is 
everywhere c lose to the surface, and swampy land 
is common in the abandoned channels and shallow 
swales behind the natural levees. For this reason 
the natural levees are especially sought after for 
cultivation, town sites, and transportation routes. 
They normally provide the best-drained land on the 
floodplain and the last to be flooded as the waters 
rise. Though harassed by a high water table and 
rec urrent floods, floodplains, especially silty one.s, 
are often prized agricultural land, because of the 
level, easily tilled surface. In some cases the al- 
luvium is also more fertile than the soils of the 
surrounding uplands. 

Here and there along the sides of valley bottoms 
and somewhat above the present level of stream 
or floodplain, strips of smooth land extend in the 
form of benches or terraces made up of alluvium. 
The'^e are remnants of earlier floodplains that have 
been largely destroyed by a renewal of down- 
cutting by their streams. In many instances the 
stream has then recommenc;ed deposition and has 
built a new floodplain at a lower level. These al- 
luvial terraces are often valuable agricultural lands 
and also serve well for town sites and transporta- 
tion routes because they stand above flood levels. 

Tht* surface features of deltas are essentially the 
same as those just described. Indeed, deltas are 
often .simply the seaward extensions of floodplains. 
As a rule, however, the delta surface is even less 
well drained than the floodplain surface and at its 
outer margin may merge with the sea through a 
broad belt of marshy land. As the delta grows, 
continual clogging of the stream mouth produces 
repeated diversion and bifurcation of the channel. 
H^nee in a well-developed delta, discharge i^ rarely 
through a single channel, hut through a spreading 
network of diverging channels, or distributaries. 

Deltas. These vary greatly in size and form. 
Many, like those of the Mississippi, the Nile, the 
Danube, or the Volga, are immense fan-shaped 
features that have produced broad coastal bulges 
by their growth. Others, like those of the Colorado, 
the Po, or the Tigris-Euphrates, though no less 
extensive, are less appareivt on the m4p because 
they have been built in large coastal etabaymepts. 
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Fig. 4. Swamp, marsh, and natural levee lands In the warfha, A. H, Robinson, and E. H. Hammond, Elements 

Mississippi River delta. (From V. C. Finch, G. T. Tre- of Geography, 4th ed., McGraw-Hill, 1957) 


Some great rivers have no true deltas be<;aiise their 
sediment load has been dropped in some interior 
settling basin, as the Great Lakes remove most of 
the sediment from the St. Lawrence system and 
the Congo deposits most of its load in its broad 
upland basin. 

Like floodplains, deltas are sometimes highly 
valued as agricultural lands, though they have the 
same problems of poor drainage and frequent 
flooding. The Nile delta and the huge, silty delta 
plain of the Hwang Ho, in north China, are famous 
centers of cultivation. Many deltas, of which that 
of the Mississippi is a good example, are too 
swampy to permit tillage except along the natural 
levees. The Netherlands, occupying the combined 
deltas of the Rhine and Maas, stands as an ex- 
ample of what can be done toward reclamation of 
such lands when the need is great. 

If a stream emerges upon a gentle plain from a 
steeply plunging mountain canyon, its velocity is 
abruptly checked, and it deposits most of its load 
at the mouth of the canyon. Because of the tend- 
ency toward repeated choking and diversion of 
the channel, the deposit assumes the form of a 
broad, spreading fan, essentially similar to a delta, 
even to the diverging distributary channels. Usually, 
however, the gradients developed are steeper than 
those on a delta, especially near the head of the 
fan, where the coarsest sediment is to be found. 

AUuvUd Jifns. Small individual alluvial fans are 
oommon features in mountainous country, espe- 
cially where the climate is di7 except for occa^ 


sional torrential showers. Particularly significant, 
however, are the occurrences, along the foot of 
long, precipitous mountain fronts, of rows of al 
liivial fans that have coalesced to form an exten- 
sive, gently sloping piedmont alluvial plain. Such 
surfaces sometimes achieve great areal extent. The 
city of Los Angeles is built on such a plain. Still 
larger ones occupy much of the southern part oi 
the Central Valley of California and stretch east- 
ward from the Andes in northwestern Argentina. 
Paraguay and eastern Bolivia. 

Because of their smoothness and ease of tillage, 
alluvial fans, like other alluvial surfaces, are often 
especially amenable to cultivation. They are 
ticularly significant in drier areas, partly because 
of the ease with which water may be conducted 
gravity from the mountain canyon to any part 
the fan, and partly because the thick, porous al- 
luvium itself serves as a reservoir in which ground 
water is naturally stored. 

Closely allied to stream-deposited plains are Ifl* 
custrine, or lake- bottom plains, and newly emerged 
coastal plains, which arc recently exposed areas ot 
the former shallow sea bottom. These are d*® 
nearly featureless surfaces of sedimentary depoJ'd^ 
that have been carried into the body of water b> 
streams or by wave erosion and further smoothed 
by action of waves and currents. Former beaen 
lines and other shore features, sometimes in 
pie sets, often form the only noteworthy 
the monotonous flatness. In some plac^ 
valleys have been cut By streams since tne 
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Fig 5 Alluvial fans coalescing to form a piedmont 
alluvial plain near Independence, Calif. (Spence Air 

Photos) 


l)0(ani(* exposed. The lower parts of former lake 
floois and the outer maigins of coastal plains are 
often conspicuously poorly drained. 

The flat surfaces upon which Detroit, Toledo, 
Chicago, and Winnipeg stand are all lacustrine 
plains (Fig. 7), as are the famed Bonneville Salt 
flats of western Utah. The south Atlantic and 
Ciilf margins of the United States and much of the 
Arctic fringe of Siberia are examples of newly 
fnierged coastal plains. Some of these plains repre- 
valuable agricultural land; others are exces- 
•'ively swampy or sandy. See Delta; Flood plains. 

Character from recent glaciation. Plains re- 
fpntly glaciated assume distinctive associations of 



forms, in accordance with the corresponding vari- 
ety of erosional and depositional processes involved. 
As a group, plains owing their surface features 
largely to the work of continental ice sheets are 
distinguished by the absence of a systematic inte- 
grated pattern of streams, valleys, and divides: by 
the presence of great numbers of lakes and 
swamps; and by the occurrence of surface mate- 
rials obviously not derived from the local bedrock. 

Although there were probably four maior periods 
of glacial growth and decay during the Ice Ages, 
only those areas covered during the last glacial 
stages (the Wisconsin glaciation) show distinctively 
ice-produced surface forms. The forms produced 



^ Map showing areas covered by former con- G. T. Trewortha, A* H. Robinson, and fi, Hammond, 

glaciers. (After R. Flint from V. C. Finch, Bhmnnts of Geography, 4th id-, McGfdwHIW, 1W7) 
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elsewhere by earlier glaciations have been largely 
obliterated by stream erosion and soil creep. The 
last glaciation, at its maximum, covered all of 
Canada, the Great Lakes states, and New England 
as well as Scandinavia, Finland, most of the Brit- 
ish Isles, Baltic Europe, northern Russia, and 
northwestern Siberia. These are the areas of glacial 
plains. 

Northern and eastern Canada and the Fenno- 
acandian upland, the areas in which the ice sheets 
developed and from which they spread out, now 
exhibit more evidence of glacial en)sion than of 
glacial deposition. Over broad areas the soil has 
been largely stripped off, exposing patches and 
knobs of scoured bedrock. Shallow depressions 
have been eroded in the underlying rock, and 
patchy deposits of glacially transported debris 
(drift) are strewn thinly about over the surface. 
Lakes and swamps of irregular shape are ex- 
tremely abundant. Some occupy the eroded hollows, 
others accumulating where streams have been 
blocked by drift deposits. Streams wander from 
lake to lake, with many waterfalls and rapids along 
their devious courses. 

These areas of dominant glacial erosion owe 
their existence to two factors. First, the unusually 
resistant rock that happens to underlie both areas 
did not yield large quantities of drift. Second, most 
of the drift that was eroded from these regions 
was carried out toward the outer edges of the ice 
sheets, where melting permitted it to be dropped. 
See Erosion; Glaciated terrane. 

Because of their patchy, thin, and stony soils and 
large areas of standing water, the glacially scoured 
regions would not be favorable areas for human 
occupancy even if the climate were less severe than 
it is. Even the coniferous forests native to the areas 
are neither dense nor luxuriant. 

The outer parts of the glaciated areas, on the 
other hand, are characterized chiefly by features of 
glacial deposition, though erosional features are 
not rare. Throughout these areas in western Can- 
ada, the north-central United States, and northern 
Europe outside of the Fennoscandian upland, gla- 
cial drift was strewn over the preexisting terrain 
in a sheet of irregular thickness and varied com- 
position. 

Till. Much of the drift represents mixed rock 
and soil material deposited beneath the ice or at 
the edge of the sheet directly by melting ice. This 
material, called till, is as a rule most thickly de- 
posited in the valleys, and thinly over the ridge 
tops, thus having the effect of reducing terrain ir- 
regularity. The surface of the till sheet itself is 
usually gently rolling, with many shallow depres- 
sions containing lake.s or swamps, numerous hap- 
hazardly placed swells and hillocks, and no system- 
atically arranged stream valleys. Hummocky, often 
atony ridges, called marginal moraines, mark places 
where the fluctuating edge of the ice remained 
stationairy for long periods of time. In several lo- 
calities, notably in eastern Wisconsin and western 
New York, are swarms of smooth, low drift hills. 


all elongated in the direction of ice movement. Thp 
mode of origin of these drumlins is uncertain. 

The surfaces of stony till plains are usually more 
irregular than those on clay till. Northeastern 
Illinois has a remarkably smooth surface developer] 
on clay till, apparently eroded from the Lake 
Michigan basin. Eastern Wisconsin, northern Mich- 
igan, western New York, and southern New Eng- 
land, on the other hand, have more rolling surfaces 
underlain by till having a high content of stone 
and sand. In a few areas, especially in southern 
New England and in the marginal moraines else 
where, the till is so very stony as to impede cultiva- 
tion. ■< 

Oatwash. Some of the debris transported by the 
ice is carried out beyond the glacial margin 1)\ 
streams of meltwater. This material, called om 
wash, may be deposited as a floodplain (here called 
a valley train) along a preexisting valley bottom, 
or it may be spread broadcast over a preexistinjr 
plain in a form similar to an alluvial fan. In either 
case the surface will usually he smooili. with ilir 
features that are typical of such alluvial plains. 
Unlike the heterogeneous, unsorted and unstratified 
till, outwash material is nsiially distinctly layered 
and well sorted in size. The fine material of silt and 
clay size is carried out downstream, leaving the 
coarser sands and gravels to form the outwash de 
posits. Most of the gravel and sand pits thai 
abound in j|)tlaciated areas are developed in outwash 
plains. 

Whereas much outwash was deposited beyond 
the extreme limits reached by lh(‘ ice, some wa^ 
also laid down over already deposited till surface^ 
after the ice had melted back from its maximum 
extent. Under such conditions the surface of the 
outwash plain is sometimes pitted and lake strewn 
the depressions having formed as a result of the 
melting of relict ice masses that were buried h) 
outwash deposition. 

Patches and ribbons of outwash are common in 
glaciated areas, and in a few places, into which 
unusual quantities of meltwater were funneled, 
there are very extensive sandy plains. Noteworth\ 
in this respect are the southern Michigan «nd 
northern Indiana area and Europe immediatelv 
.south of the Baltic. 

Lacustrine plains. Also present in and around 
the glaciated areas are numerous lacustrine plains^ 
marking the beds of former lakes that resulted 
from the blocking of rivers by the glacial ice itseH 
During the melting of the last ice sheet, while the 
St. Lawrence and other northward-flowing rivers 
were still ice dammed, the Great Lakes basins were 
much fuller than now, and overflowed to the south- 
ward. When lake levels were eventually lowered- 
lacustrine plains were exposed, notably about Chi- 
cago, at jhe western end of Lake Erie, and abon* 
Saginaw Bay in Michigan. One of the most feature- 
less plains of North occupies the form®^ 

bed of an immense laki^^jlp^e Agassiz) that.^^^ 
present in late glacial tiilTO^n southern 
northwestern Minnesota, and eastern North Dakota 
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Fig. 7. The plain of former Lake Agassiz and other 
glacial lake plains in North America. (From V. C. 
Finch, G. T. Trewartha, A. H. Robinson, and E. H. 
Hammond, Elements of Geography, 4th ed., McGraw- 
Hill, 1957) 

Patterns reflecting wind action. Features 
formed by the wind are less widespread and, as a 
rule, less obtrusive than the forms produced by 
streams and glaciers. Since the wind can attack 
onl> where the surface is almost free of vegetation, 
Wb work is strongly evident only in arid regions 
and in the vicinity of beaches and occasionally ex- 
posed river beds in more humid lands. Today 
plowed fields are also important prey for wind 
erosion. 

The most striking and significant wind-produced 
features are sand dunes. Where sand is exposed to 
strong winds, it is moved about for short distances 
and accumulates in heaps in the general vicinity of 
it^ place of origin. Sand dunes assume many forms, 
from irregular mounds and elongated ridges to 
crescent-shaped hills and various arrangements of 
sand waves, depending apparently upon the supply 
of sand, the nature of the underlying surface, and 
the strength and directional persistence of the wind. 

Nearly all the truly extensive areas of sand 
dunes are found in the Eastern Hemisphere, espe- 
cially in the Sahara, Arabia, central Asia, and the 
interior of Australia. Most of the dunes have been 
whipped up from aUuvium that has been deposited 
in desert basins and lowlands. 

In several regions of the world, notably in north- 
central Nebraska and in the central and western 
Sudan south of the Sahara, extensive areas of 
dunes have become covered by vegetation and fixed 
in position since they were formed, suggesting the 
possibility of climatic change. 

Other wind-formed features arc polished and 
etched outcrops of bedrock that show the effects of 
natural sand-blasting, gravel “pavements” resulting 
from the winnowing out of finer material from 
^ixed alluvium, and shallow blowouts, which are 
^^pressions formed by local wind erosion. 

The finer silty material moved by the wind is 
spread as a mantle over broad expanses of country 
downwind from the place of origin. Though usually 


thin, this mantle in places reaches a thickness of a 
few tens of feet, thus somewhat modifying tbe^j:\^ 
form of the surface. The extensive deposits oT 
unstratified, buff-colored, lime-rich silty material 
known as loess are believed to have originated from 
such wind-laid deposits. Loess is abundant in the 
central United States, eastern Europe and southern 
Russia, and in interior north China. It yields read- 
ily to gullying erosion and has the facility of main- 
taining remarkably steep slopes, so that erosional 
terrain developed on deep loess is often unusually 
rough and angular. 5ee Loess. 

INTERRUPTED PLAINS 

Interrupted plains, or plains broken by some 
features of considerable relief, occur widely and 
merit independent treatment. They may be divided 
into two contrasting groups: (1) tablelands, which 
are upland plains deeply cut at interval.^ by steep- 
sided valleys or broken by e.scarpments, and 
(2) plains with spaced hills or mountains, in which 
the excessive relief is afforded by steep-sided emi- 
nences that rise above the plain. Both types of sur- 
face, with their combination of plain and rough 
land, suggest histories of development that combine 
exten.sive gradation and strong tectonic activity. 

Tablelands. These are essentially youthful plains 
that have been unusually deeply cut by valleys., 
This requires that the plain shall have been brought 
to a level hundreds or even a few thousands of feet 
above the level to which streams can erode. In most 
cases, this elevation has been accomplished by the 
broad uplifting of an erosional or alluvial plain, 
but in a few instances the plain has been built to 
high level by the deposition of many thick sheets 
of lava. 

It is also necessary that, during the time re- 
quired for a few major streams to have cut deep 
canyons, large areas of the upland plain shall have 
suffered no significant dissection from tributary 
development, a condition requiring .special circum- 
stances. Such inhibited tributary growth is usually 
the result of either (1) slight local surface runoff 
of water becau.se of aridity, extreme flatness of the 
upland, or highly porous material; or (2) the pres- 



Fig. 8. An ideal fablelond. Conyon Chelly No- 
tional Monument, northeo^tern Arizona. (Spence Air 
Phoifos) 



ence* at the upland level, of vet 7 resistant strata of 
rock that have permitted only the most powerful 
streams to cut through. Hence tablelands are pre* 
dominantly a dry-land terrain type. Those that do 
occur in rainier climates usually indicate the pres- 
ence of an ejtceptionally resistant “cap-rock” layer. 

The cliffs and escarpments that are common 
features of tableland regions are sometimes fault 
scarps, produced by the breaking and vertical dis- 
location of the crust during uplift. More often, 
however, they are simply steep valley sides that 
have retreated long distances from their original 
positions under the attack of weathering and ero- 
sion. Sometimes a once extensive tableland will 
have been so encroached upon by the wearing back 
of its bordering escarpments that nothing remains 
but a small, flat-topped mesa or butte. 

Tablelands are the least widespread of the major 
terrain types, presumably because of the restrictive 
circumstances under which they can develop. The 
most extensive examples occur in the American 
continents. Especially noteworthy are the Colorado 
Plateaus, largely in northern Arizona and southern 
Utah, which represent a complex erosional plain 
that has been greatly uplifted and then deeply 
carved by the Colorado River and its major tribu- 
taries. Preservation of large sections of the upland 
plain has been favored by dryness and by the pres- 
ence of nearly horizontal resistant rock strata. The 
few major streams that have cut deep canyons are 
all fed from moister mountainous areas round 
about. 

The Columbia Plateau in eastern Washing- 
ton is a porous lava plain, cut by the Columbia 
River and a few tributaries. The northern Great 
Plains, lying east of the Rocky Mountains from 
Nebraska northward into Alberta, are an old allu- 
vial plain, now crossed by valleys of moderate 
depth that have been cut by streams issuing from 
the Rockies. The Patagonian Plateau of southern 
South America is a somewhat similar surface, lo- 
cally reinforced by extensive lava flows. Parts of 
the upland of interior Brazil, though in a moist 
environment, retain a tableland form because of 
the resistance of thick sandstone beds at the up- 
land level. 

Though there are significant exceptions, table- 
lands as a group suffer, in their economic develop- 
ment, from the difficulty of passage through their 
narrow gorges and across their numerous escarp- 
ments, and in most cases also from the dryness of 
their upland surfaces. 

Plains with spaced hills or mountains. These 
are much more widespread than tablelands and 
largely r^resented in each continent. Surfaces in- 
cluded under the general heading vary from plains 
studded with sci^ered small hills and hill groups 
to mountain-imd-plain country in which high, rug- 
ged ranges occupy almost as much space as the 
fdatns between them. 

Surfaces of the general type can be produced by 
two quite different lines of development. (1) They 
.may be htgh-relief lands that have been brought to 
the erosional stage of early old age, in which case 


the isolated hills represent the only remnants of a 
once extensive highland. (2) They may repress^ 
areas in which separated hills or mountains have 
been constructed by volcanic eruption or by folding 
or buckling of the crust, the land between them 
having remained smooth from the outset, or having 
been smoothed by erosion and deposition since the 
mountains were formed. 

Examples of the first course of development are 
limited in the United States to small areas in 
southern New England and in the Appalachian 
Piedmont just east of the Blue Ridge. Many patches 
occur in the glacially scoured sections of northern 
and eastern Canada an^ similarly in northern 
Sweden and Finland. Extensive areas are found in 
the southern regions of Venezuela and Guiana, in 
the upland of eastern Brazil, and especially on the 
uplands of central and southern Africa. 

In such areas the plains are typical late-sta^?e 
erosional-depositional surfaces, usually gently un- 
dulating. The remnant hills fmonadnocks) rii^e 
abruptly from the plain, like islands from the 
Although monadnocks commonly represent out- 
crops of unusually resistant rocks that have with- 
stood erosion most effectively, many are not thus 
distinguished, hut owe their existence solely to 
their position at the headwaters of the^rnajor 
stream systems, where they are the last portions of 
the highland to be reduced. 

Surfaces on which spared mountains have been 
constructed' by crustal deformation or vulcanic 
activity occur extensively in the great cordilleran 
belts of the continents, and rarely outside of tho^e 
belts.' The largest of all such regions is the Basin- 
and-Range section of western North Amcri<;a, which 
extends without interruption from southeastern 
Oregon through the southwestern United State‘s 
and northern Mexico to Mexico City. The majority 
of the rugged mountain ranges of this section are 
believed to represent blocks of the crust that have 
been uplifted or uptilted and then strongly eroded. 
The plains between them are combination erosional- 
depositional surfaces, some of which have clearly 
expanded at the expense of the adjacent mountains. 
As the mountains have been reduced by erosion, 
there have evolved at their bases smooth, gently 
.sloping plains that are in part erosional pediments, 
closely akin to old-age peneplains, and in part 
piedmont alluvial plains. Many of the basins have 
interior drainage, and in these the floor is likely 
to be especially thickly alluviated and to contain a 
shallow saline lake or alkali deposit in its lowest 
part. 

Other areas of somewhat similar terrain are 
found in the central Andes, in Turkey and the 
Middle East, and in Tibet and central Asia. The 
Tibetan and central Andean sections are note- 
worthy for the extreme citation (12,000-15,000 
ft) of their basin floors. In j^eheral the ranges and 
basins in the Asiatic Areas are developed on a 
grander scale than those li^orth America. 

It is a curious circumstance that praicd<^)dy eO 
these regions arc dryland CKkiblt 
eroded mountain slopes and aUuvially * drowned 




Fig 9 Basin and range country in the Mofave Desert, southeastern California (Spence Air Photos 


1 ism floors chardcteristir of that climatic realm 
lor this reason they are only locally useful lo man, 
111 "pite of the large amount of smooth land that 
ihev afford Theie are, however, many important 
asps usually near the bases of the moiintams or 
il»)n^ the courses of the few streams that have 
ivuidered in from moisier ad)dcent regions 

fF H Hammond] 
fiibho^raphy , V C Finch, G T Trewartha, 
^ H Robinson, and E H Hammond, Elements of 
* 4th ed , 19S7 

Planck's constant 

^ fundamental physical < onstant which represents 
elementary quantum of action, action being 
‘Ipfined as energy multiplied by time Introduced 
1^' Max Planck in 1900, It has the value h = 
X 10 erg-sec or 6 6256 X 10 joule-sec 
symbol ft, sometimes called the Dirac A, is of- 
Used for convenience in physics to denote the 
quantity A/27r, where tt =* 3 1416 . . 

The unique feature of Planck’s constant is this: 
used by Planck in deriving his radiation law, A 
Multiplied by the frequency of radiation repre 
‘rented a bundle of energy, that is, a quantum of 
‘‘nergv Radiant energy at any wavelength can oc- 
only as multiples of this energy; thus energy 
I** ciwantized. This was a fundamental departure 
the beliefs of physics up to Planck’s time and 
indeed quite startling to Planck himself. Until 
lanck deduced his law to satisfy experimental 
the general belief tvas that energy could be 
I'lded indefinitely. The quantization of energy im- 
P led by PlancVs constant laid the foundations of 
fat upon which much of modern physics has 


floinished The frequency i of emitted radiation is 
related to the quantized energy, AE, bv the rela- 
tion AE = At 

The concept of energy quantization first began 
to win general acceptance after 1905 when Albert 
Einstein showed that it gave a good account of some 
of the then puzzling features of the photoelectric 
effec t Later A H Compton showed that the electro- 
magnetic quanta aKo c arry momentum p which is 
related to the wavelength k by p = h/A 

For an extended discussion of Planck’s radiation 
law see Hfat radiation For a discussion of the 
role of Planck’s constant in theoretical physics, see 
Quantum michamcs See also Atomic constants. 

[h. c. sell; p. j. walsh] 

Planck’s radiation law 

A law of physics which gives the spectral energy 
distribution of the heat radiation emitted from a 
so-called black body at any temperature. Discov- 
ered by Max Planck early in the twentieth century, 
this law laid the foundation for the advent of the 
quantum theory, because it was the first physical 
law to postulate that electromagnetic energy ex- 
ists in discrete bundles, or quanta. For an ex- 
tended discussion, see Heat radiaiion. See aha 
Quantum mechanics. 

[h. c. sell; p. j. walsh] 

Plane 

In the euclidean definition, a surface is ^Hhat which 
has lengdi and breadth only,” and a plane surface 
is ”a surface which lie^ evenly with the straight 
lines on itself.” A definition of a |dane that avoids 

frtiia -a 
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is a« follows: plane is a set of at least three 

points, not all collinear, such that if any two points 
A, B of the set are given, all points of the line AB 
are in the set, and such that if any four points A, B, 
C, D of the set are given, then at least one of the 
pairs of lines AB and CD, or AC and BD, or AD 
and BC have a common point.” (This last restric- 
tion prevents a plane from occupying all of space.) 
Still another definition is this: ”A plane is the 
iocus of points each equidistant from two points in 
space.” Points or lines in the same plane are called 
coplanar. Each two planes are congruent. Two 
planes that have a common point have a common 
line. (This is not true in spaces of more than three 
dimensions.) There is one and only one plane that 
contains (a) three given noncollinear points, or 
(6) a given line and a given point not on the line, 
or (c) two given intersecting lines, or (d) two 
given parallel lines. 



Coaxial planes and an intersecting line. 

Although a plane is unlimited in extent, it is usu- 
ally represented by a parallelogram or other plane 
figure in a drawing. Three or more planes that have 
a line in common are called coaxial planes (see 
illustration). Sec Analytic geometry; Geometry, 
euclidean; Line; Point. [j.s.f.] 

Plane table 

A tripod-mounted drawing board on which topo- 
graphic survey details are compiled in the field. 
The table and affixed manuscript sheet arc oriented 
at a point represented by a point on the sheet. 
Stadia sightings with an alidade locate additional 
points by direction-distance observations. Points 
also are located by intersections of the sightings 
from two different plane-table points. Sufficient ad- 
ditional points are observed to permit sketching 
planimetric details. Elevation differences also are 
observed for contour sketching. See Alidade; Top- 
ographic SURVEYING AND MAPPING. f^-H.DO.] 

Planer 

A machine for the shaping of long, flat, or flat con- 
toured surfaces by reciprocating the workpiece 
under a stationary single-point tool or tools. Usu- 
affy the workpiece is too large to be handled on a 
ahaper. 

Planets are built in two general types, open-side 
or double housing. The former is constructed with 


one upright or housing to support the crossrail and 
tools. The double-housing type has an upright on 
either side of the reciprocating table connected b> 
an arch at the top. 

Saddles on the crossrail carry the tools which 
feed across the work. A hinged clapper box, free 
to tilt, provides tool relief on the return stroke of 
the table. A variation is the milling planer; it use» 
a rotary cutter rather than single-point tools. Sef 
Shaper; see also Machining operations; Wood^ 

WORKING. |a.t.] 


Planet 

A small, solid celestial Wdy circulating around a 
star, in particular our Sun. Besides Earth, the eight 
known main planets of the solar system are Mer 
cury, Venus, Mars, Jupiter, Saturn, Uranus, Nep- 
tune, and Pluto; in addition, over 1600 minor 
planets, or asteroids, circulating mainly between 
the orbits of Mars and Jupiter, are known. 

Classification. There are two main groups of 
planets: the small terrestrial planets — Mercur\ 
Venus, Earth, Mars, and Pluto -and the large or 
major planets — Jupiter, Saturn, Uranus, and Nep- 
tune. The asteroids may he the remnants of a ver\ 
small planet (or planets) of the terrestrial group. 
Each of the main planets from the Earth *to Nep 
tune is accompanied by one or more secondan 
planets or satellites. Pluto may once have been a 
satellite of Neptune. 

The planets are also divided into interior plan- 
ets, Mercury and Venus, circulating inside the 
Earth’s orbit, and exterior planets, from Mars to 
Pluto, circulating outside it. 

Kepler’s laws. The motions of the planets in 
their orbits around the Sun are governed by three 
laws discovered by J. Kepler at the beginning of 
the seventeenth century. 

First law: The orbits of the planets are ellipse' 
of which the Sun occupies a focus. 

Second law (law of areas) : Equal areas of the 
ellipse are described by the radius vector from the 
Sun to the planet in equal intervals of time. 

Third law (harmonic law) : The squares of the 
periods of revolution P are proportional to the 
cubes of the major axes of the orbits 2a ; that 
for all planets the ratio P'/a^ is equal to a con- 
stant. The ratio is equal to unity if a is in astro 
nomical units and P in sidereal years. One astro- 
nomical unit (AU) is the mean distance from 
Earth to the Sun and is approximately equal to 


93.5 X 10« mi. 

The constant of the harmonic law is given by 
Newton’s law of gravitation as G(Af4-m)/4^ 
where M and m are the masses of the Sun and the 
planet, and G is the constant of gravitation. 5^' 


Gravitation. 

Kepler’s laws are ttue to a first approxim®^*^” 
only when the mutual perturbations of the 
tions of the planets by the others are negloc*® * 
Bode’s law. From K^ler’s third law, the rel^ 
tive mean distances (semimajor axe^ a) ot * ** 
planets to the Sun cafi be derived froiA t^r 
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served periods of revolution P. These relative dis- 
iances obey approximately an empirical law dis- 
covered by J. D. Titius and published by J. E. 
3eKle in 1772; it may be expressed by the formula 
d ss 0.4 + 0.3 X 2", if a is in AU, and n is set 
equal to — oo for Mercury, 0 for Venus, 1 for 
Earth, 2 for Mars, and so forth. The computed and 
observed distances are given in Table 1. 

Although Bode’s law was used in the prediction 
of the orbit of Neptune, the actual distance falls 
short of the theoretical value, and the discrepancy 
is still greater in the case of Pluto (see Fig. 1). 

Planetary configurations. In the course of their 
motions around the Sun, Earth and other planets 
ocTupy a variety of relative positions or configura- 
tions (Fig. 2), the principal of which are desig- 
nated as follows: the interior planets are in con- 
Junt tion with the Sun when closest to the Earth- 
Sun direction, either between the Earth and the Sun 
(inferior conjunction) or beyond the Sun (supe- 
rior conjunction). On rare occasions when the 
planet is very close to the plane of the Earth’s or- 
bit at the time of an inferior conjunction, a transit 
in front of the Sun is observed. See Transit 

( ASTRONOMY ). 

Between conjunctions, the angular distance from 
the planet to the Sun, or the elongation, varies up 
to a maximum value; the greatest or maximum 
elongations of Mercury and Venus are 28° and 47°, 
»especlively. The exterior planets are not so lim- 
ited, and their elongations can reach up to 180° 
when they are in opposition with the Sun; when 
the elongation is dr 90°, these planets are in quad- 
rature (eastern or western) with the Sun. 

The telescopic aspect of the disks of the planets 
varies according to their configurations, which de- 
termine the angle between the directions of illu- 
mination and observation, or the phase angle. Be- 
tween inferior conjunction and greatest elonga- 
tions, the interior planets show crescent phases, like 
the Moon between new moon and first or last quar- 
ters; between greatest elongations and superior 
conjunction they show a gibbous phase, like the 
Moon between quarters and full moon. At superior 
conjunction, they show a circular disk, fully illu- 
minated and seen face on, while during transits, 
the dark side is profiled against the Sun. The ex- 
terior planets show their full phase at both con- 
J'tnction and opposition gnd a gibbous phase near 
quadrature, when the illumination defect is maxi- 
mum. 


l®We 1. Distances 

of the planets 

from Sun (AU) 

Planet 

Bode's law 

Observed 

Mercury 

0.4 

0.39 

Venus 

0.7 

0.72 

Earth 

1.0 

1.00 

Mars 

1;6 

1.52 

Asteroids 

2.8 

2.9 (mean) 

Jupiter 

5.2 

5.20 

Saturn 

10.0 

9.55 

Uranus 

19.6 

19.2 

Neptune 

38.i 

30.1 

^ Pluto 

77.2 

89.5 



Fig. 1. Plan of the solar system. (From L. Rudaux and 
G. de Vaucouleurs, Laroussa Encyclopedia of Astron- 
omy, Prometheus Press, 1959) 

Apparent motions. The combinations of the 
orbital motions of Earth and of any other planet 
give rise to complicated apparent motions of the 
planets as observed from the Earth. Becau^ the 
orbits of the main planets are, except for Pluto, 
little inclined from the plane of the orbit of Earth, 
the apparent paths of the planets (except Pluto) 
are restricted to the zodiac, a belt 16° wide cen- 
tered on the ecliptic. The ecliptic is the path in 
the sky traced out by the Sun in its apparent an- 
nual journey as the Earth revolves around it (see 
Astronomical coordinate systems). Along this 
path, the apparent motions of the interior planets 
with respect to the Sun are alternatively westward, 
from greatest elongation through inferior conjunc- 
tion to greatest elongation, then eastward, from 
greatest elongation through superior conjunction 
to greatest elongation. The motion of the exterior 
planCkS is always westward (see Fig. 3). 

The apparent motions with respect to the celes- 
tial sphere, that is, to the fixed stars, appear for 
the interior planets as oscillations back and forth 
about the position of the Sun steadily moving east- 
ward among the stars. For the exterior planets, the 
apparent motion is generally eastward or direct, 
but for short periods near the time of opposition 
it is westward or retrograde. At timds when the 
direction of the apparent motion on the sphere 
changes, the planet appears to be stationary. 

The mean interval of time between successive te- 
turns to the same place with respect :to the stars 
is the sidereal period, which gov^ns true 
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FI 9 . 2. («) Planetary configurations, (b) Phases of In- leors, Lorousse Encyclopedia of Astronomy, Prometheus 

tenor planets. (From L Rudaux and G. de Vaucou- Press, 1959) 


tion of revolution of the planet on its orbit around 
the Sun, The mean interval of time between suc- 
cessive returns of the same configuration with re- 
spect to the Sun (for example, conjunctions or op- 
positions) is the synodic period, which governs 
the apparent motion of the planet as seen from 
Earth (sec Table 2) . 

Elliptic motion. The motion of a planet having 
an elliptical orbit of semimajor axis a, with the 
Sun at the focus S, brings it every half-revolution 
to the perihelion A and to the aphelion A\ the 
points of the orbit respectively nearest to and far- 
thest from S. If C is the center of the ellipse, the 
semimajor axis is a =* CA — CA'; the eccentricity 
of the ellipse is e = CS/CA = CS/a, whence 
S.<4 a(l — e) , SA^ ^ a(l + e) (see Ellipse). 
The distance SP ^ r of the planet to the Sun at 
any other point is r«a(l — e^)/(l-he cos d ) , 
where the angle 6 =» /.ASP is the true anom- 
aly. If P^ is the point on the principal circle 
of radius CA ^ a whose projection in the ellipse 
is P (see Fig. 4), the eccentric anomaly is the 
angle 0^ * /ACP', so that r = a(l — e cos 9'), 
If the planet was at perihelion at time T and re- 
turns to it at time f P, the mean angular ve- 
locity (or mean motion) is n — 27r/P, and the 
mean anomaly at any time t\%M - n(t — T). 

The relation between the mean and eccentric 
anomalies, — e sin 6' * M, is known as Kep- 
ler^s equation; its solution gives 9* and, conse- 
quently, r at any time t when the orbital elements 
a^e^n^T are known. 

Orbital elements. The position of a planet in its 
orbit and the position of the orbit in space is 
completely defined by seven orbital elements (see 
Fig. 5); (1) the semimajor axis a, (2) the ec- 
centricity c, (3) the inclination i of the plane of 
the orbit to the plane of the ecliptic, (4) the lon- 
gitude O of the ascending node (5) the angle 
6) from the ascending node iV to the perihelion A^ 
(6) rihe sidereal period of revolution P, or the 
mean (daily) motion n » 27r/P, and (7) the date 
. of pertthelion passage T, or epoch E, 

11 the plane of a planet’s orbit is inclined to the 
fdfiiie of the edipUe, their intersection NTi^ is the 


line of nodes; in its motion, the planet crosses 
the plane of the ecliptic from south to north at the 
ascending node ^ and from north to south at the 
descending node The longitude of the ascend 
ing node is the angle Q = Z T measured in the 
plane of the ecliptic from the vernal equinox "i 
The longitude of perihelion is w = Q -}- &> = 
Z -f /NSA, the second angle being measured 

in the plane of the planet’s orbit (see Fig. ?). The 
location of the plane of the orbit in space is de- 
fined by i and ^ , the orientation of the ellipse in 
this plane by o), its form by e, and its size by «, 
the position of the planet on the ellipse by P and 
T (and by the time t). See Orbital motion. 

Determination of orbital elements. Accurate ob- 
servations of the positions of the planets with re- 



Fig. 3. Apparent motlont (o) of on interior ptan«^ 
with respect to the Sun and (b) of on exterior 
with respect to the fixed stars. (From L 
G. de Vaucoulews, Larottsse Eneytlepedid 
omy, Prommthmut Pnu, t9J9) , • 
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gpcct to the staw (for example, as measured on 
photographs) or with respect to the celestial co- 
ordinates (for example, by means of the meridian 
circle instrument) are used to determine the ele- 
ments of their orbits. In principle, three observe- 
uons of two coordinates (right ascension and dec- 
lination) and the laws of elliptic motion are suffi- 
cient to determine the six independent elements of 
a planetary orbit, since by Kepler’s third law, 

a In practice, as many observations as pos- 
sible are combined, and the equations solved by the 
method of least squares (iee Least squares, 
method of) ; the elements for a given epoch so 
(ibiained are subject to variations and corrections 
allowing for planetary perturbations. Tables of the 
motions of the planets for several centuries past 
and future have been established, from which the 
vearly ephemendes are extracted in a form conven- 
ient for immediate use. See Ephemeris; Nautical 

\lMANAC 

The elements of the planetary orbits are given 
m 1 able 2 

Planetary sizes. The apparent diameter of a 
planet may be determined visually by means of a 
filar micrometer or preferably, a birefringent or 
double-image micrometer attached to a telescope, 
or It may be measured on large-scale photographs 
If the apparent diameter of a planet is when 
it^ distance to the Earth is A, the linear diameter 
IS = A sin d" = A rf'V206,265, where d" is 
measured in seconds of arc. The linear diameter is 
expressed in the same units as A, which is given by 
the ephemendes in astronomical units; conversion 
to miles or kilometers is given by the adopted value 
of the astronomical unit: 1 AU = 93.5 X 10® mi = 
1496 X 10® km. 

When polar flattening is perceptible, both the po- 
lar and equatorial radii rp, r, can be determined or 
as m Table 3, the mean radius r = %(rp 4- r^) and 
the ellipticity c = (1 — Tp/o). The mean radius 
may also be expressed in terms of the mean radius 
of the Earth (3959 mi) as a unit. The relative area 
w then very nearly equal to r* and the relative vol- 
ume to r^. 

Masses, gravity, and density. The mass of a 
planet is found easily if it has one or more satcl- 
htes If a is the mean distance (semimajor axis) of 
the satellite’s orbit, and P its period of revolution 



Fig 4. Elliptic motion 







expressed respectively in astronomical units and 
sidereal years, the mass m of a planet is given 
through Newton’s law of gravitation by m « 
A^/P^, in terms of the mass of the Sun as a unit. 
This assumes that the mass of the satellite relative 
to the planet, and of the Earth relative to the Sun, 
may be neglected, which is nearly always the case 
within the accuracy of the data. Since the ratio 


lAble 2. Elements of plenotery orbits 


Planet Symbol 

Mean distance 
(semimajor axis) 
(AU) (lO® km) 

Sidereal period 
of revolutioA 
(years) (derys) 

Synodic 

period 

(days) 

Mean 

velocity 

(km/sec) 

Eccen- 

tricity 

(epoch 

1900) 

Inclinatioii 

(epoch 

19001) 

Mercury 

9 

0.337 

57.9 

0.241 

87.97 

115.88 

47.90 

0.206 

7"o(ai' 

Venus 

9 

0.723 

108.2 

0.615 

224.70 

583.92 

3^.05 

0.007 

3“24 

&»rth 

5 

1.000 

149.6 

1.000 

365.26 


29.80 

0.017 

0*00 

Mats 

v 

cf 

1.524 

227.9 

1.881 

686.98 

779.94 

24.14 

0.093 

1*51 

Jupiter 

% 

5.203 

778.3 

11.862 

4332.59 

398.88 

13.06 

0.048 

i*ir 

^turn 

b 

9.546 

1428. 

29.458 

10759. 

378.09 

9.65 



Uranue 

V 

19.20 

2872. 

84.018 

30687. 

369.66 



0*4«* 

Neptune 

V 

30..09 

4498. 

164.78 

60184. 

367.49 

5.43 


i"4r 

™Uto 

p 


5910, 

248.4 

90700. 

366.74 

4.74- 


17W 
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Table 3. Physical elements of plancrts 


Planet and 
symlnil 

Equatorial radius, 
km 

(6 « 1) 

Ellip- 
ticity 
€ =* 

1 - r, /r. 

Volume 

(6-1) 

Mass 

(6-1) 

Den- 

sity. 

KAini’ 

E8<’,ape 

veloiJty, 

kni/sec 

Rotation 

period 

Tilt of 
axis- 

Mercury 


0.38 

2400 

0.000 

0.055 

0.053 

5.3 

4.2 

87.97d 

small 

Venus 

9 

0.97 

6200 

0.000 

0.91 

0.815 

4.95 

10.3 

weeks? 

32'i'' 

Earth 

6 

1.00 

6378 

0.0034 

1.00 

1.000 

5.52 

11.2 

23h56m4.1s 

23.1.) 

Mars 

(f 

o.r>3 

3400 

0.0052 

0.150 

0.107 

3.95 

5.0 

24h37m22.7s 

25.0° 

Jupiter 

21 

11.20 

71400 

0.062 

1317. 

318.00 

1.33 

61. 

9h50ni30s* 

.3.1° 

Saturn 

b 

9.47 

60400 

0.096 

762. 

95.22 

0.69 

37. 

10hl4rTK 

26.75' 

Uranus 


3.75 

23800: 

0.06 

50. 

14.55 

1.56 

22. 

10h49m: 

98.0” 

Neptune 


3.50: 

22300: 

0.02 

42. 

17.23 

2.27 

25. 

I5h40m: 

29°: 

Pluto 

B 

1 P 

6400? 

? 

I ? 

0.9: 

5 ? 

10.? 

I6h: 

0 


* To perpendi(;ular to orbit. 

^Latitude <J2‘’ (system I) ; ^)h.35ml<0.6H, latitude >12® (system II). 
c Near Equator; l()h3Hm at intermediate latitudes. 

Colons indieate uncertain determinations. 

nir /Mg of the masses of the Earth and the Sun can Planetary radiations. The electromagnetic ra- 
be determined similarly, planetary masses are also diation received from a planet is made up of three 
known in terms of m,. main components: the visible refle< ted simlijihl. 

If the planet has no satellite (Mercury, Venus, plus some ultraviolet and near infrared radiation: 

Pluto), its mass can he derived only from the per- the thermal radiation due to the planet’s heat, in 

turbations it causes in the motions of the other eluding both infrared radiation and ultrashort radio 

planets and oc<‘asionally of comets. Since the per- waves; and the nontherinal radio emission due lo 

turbations are small, the masses so obtained are electrical phenomena, if any, in the planet’s almo> 

generally of low accuracy. phere. ^ 

Once the mass m and the radius r of a planet Planetary brightness. The apparent brightness oi 
are known in terms of the Earth’s mass and radius, a planet can be measured by visual, photographic, 
its surface gravity and mean density relative to the and ph^electric photometry and is usually ex 
Earth are given by g — m V- and p = m/r\ respec- pressed in the stellar magnitude scale; it varies in 

tively. Multiplication by 981 and 5..'i.S2 gives the inverse proportion to the squares of the distance- 

corre.sponding values in cgs units. r to the Sun and A to the Earth. The fraction of 

From r and m follows also the escape velocity the incident light reflected at full phase compared 

Fi permitting a projectile (or a molecule) to leave with the fraction that would he reflected under the 

the planet on a parabolic orbit : - (2Gm/r)’ same conditions by a perfect diffuse reflector h 

this is V2 times the velocity of an hypothetical called the geometrical albedo. It is a measure of 

satellite moving in a circular orbit close to the sur- reflecting power or reflectivity of the planet ^ 

face of the planet (acc Escapk velocjty). These surface. The visual albedos of the planets vary be 
elements are listed in Table 3. tween 5 and 70%, See Albedo. j 

Rotation periods. The period of rotation of a Planetary atmospheres. The chemical compo&i- j 
planet is best determined by direct telescopic ob- tion of a planetary atmosphere is derived from | 

servation of the permanent markings on its surface spectroscopic studies of the absorption bands, if | 

(Mars, Mercury) or of the semipermanent cloud any, present in the sunlight reflected by the planet 

formations in its atmosphere (Jupiter, Saturn). The major constituents of the atmospheres of the 

When no definite details can be seen on the disk terrestrial planets are carbon dioxide, water, nitro 

(Uranus, Neptune), the spectroscopic determina- gen, and (on Earth only) pxygen; of the major 

tion of the velocity difference between the opposite planets hydrogen, helium^ and ammonia- 

equatorial limbs can give, in combination with the Heat radiation. The he^t Tlidi^ion from a planet 
Uneat diameter, an approximate value ol tVic rota- can be measured either at wave- 

lion period, unless it is so long (as is lire case lengtUs oi 6-lb fx (which ai^ Is^marnitted hy tbe 

with Venus) that the shift of the spectral lines is Earth’s atmosphere) or with a Thdio telescope at 

not measurable. Finally, when the apparent di- wavelengths between 6 mm and 10 cm. In eitbei 

ameter oi the disk is loo small for either of these case, the amount of energy corresponds to tha^ 

two methods (Pluto, asteroids) a determination of which would be received under the same condition 

the periodicity of the light variations, if any, due from a perfect radiator of the same size at a certai 

to the changing presentation of bright and dark temperature 7, called the black-body temperatui 

regions of the surface may give a fairly accurate of the planet (see Heat radiation; RadioMETRY 

value of the rotation period. The rotation is now Its relation to the actual temperature depend^ « 

reasonably well known for all main planets ex- the properties of the atmosphere and surface of 

cept Venus, as indicated in Table 3 . planet. When the heat radiation is foo weak to I 
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measured (Uranus, Neptune, Pluto), the theoreti- 
cal blaok-body temperature can be derived from 
the known value of the solar constant and the laws 
of heal radiation. 

Nonthermal radio emission at meter wavelengths 
has been received from Jupiter by means of large 
radio telescopes. This emission takes the form of ir- 
regular bursts of noise originating in the planet’s 
atmosphere from subjacent sources, but its exact 
origin and mechanism are still unknown. 

Possible unknown planets. During the nine- 
teenth century, an unexplained irregularity in the 
motion of Mercury was thought by some to be 
raused by an unknown planet circulating between 
the Sun and Mercury, called Vulcan, which was 
looked for in vain. This irregularity was satisfac- 
torily explained in 1915 by Einstein’s general the- 
ory of relativity (see Relativity). It is now cer- 
tain that no intra-Mercurial planet of size compar- 
able to the terrestrial planets exists. 

The possibility of one or more planets circulat- 
ing beyond the orbits of Neptune and Pluto has 
uIm) been discussed, but there is no conclusive evi- 
dence for the existence of trans-Plutonian planets. 

Planets outside the solar system. Minute per- 
Uirbations in the elliptic motion of some nearby 
double stars have indicated the existence of minor 
romponents of small mass in these systems. The 
masses of these satellite bodies, although larger 
than planetary masses in the solar system, are con- 
sidered to t)e too small to be self-luminous; they are 
cojise(piently more like planets than dwarf stars. 
From this evidence it is inferred that planetary sys- 
tems are not as uncommon in the universe as was 
previously believfMl, but no reliable estimate of the 
frequency of such systems can be made as yet. 
Whether some of the planets attending other stars 
are habitable by advanced beings or sustain some 
lower forms of life is unknown; the doctrine of the 
plurality of inhabited worlds remains a plausible, 
but unproved philosophical speculation. 

For detailed information on the main planets, 
Jupiter; Mars; Mercury (planet); Nep- 
tune; Pluto; Saturn; Uranus; Venus; see also 
Asteroid; Astronomical instruments; Celes- 
tial mechanics; Ceres; Earth, orbital motion; 
Fros; Perturbation (astronomy); Radio as- 
tronomy; Solar system,; Trojan planets. 

[g.d.v.] 

Bibliography: H. N. Russell, R. S. Dugan, and 

Q. Stewart, Astronomy, vol. 1, rev. ed., 1945; 

M. Smart, Celestial Mechanics, 1953. 

I Planetarium 

projection device which faithfully portrays the 
heavens at any time in the past, present, or future. 

. planetarium is essentially a multiple slide pro- 
jector^ a typical one producing more than 1 10 sepa- 
images on an interior spherical projector 
screen or dome. At the opposite ends of a typical 
Projection instrument are two large balls, each 
® ^hich contains 16 projectors. These project onto 


the white metal dome overhead 32 pictures which 
combine to form a representation of the principal 
stars in both hemispheres including, in the case of 
the largest planet ariums, stars as faint as magni- 
tude 6.5. 

There are seven objects — the Sun, the Moon and 
the five inner planets — which arc made to move 
against the background of the stars by means of 
paired projectors in the cages that separate the 
balls from the central portion of the instrument. 

Motors provide motions for the planetarium. One 
set turns the instrument to simulate the daily rota- 
tion of Earth. Another set produces annual motion 
of the Sun, Moon, and planets forward or back in 



Fig. 1. Charles Hayden Planetarium at Boston Mu- 
seum of Science. (United Press International) 


32 loudspeakers for 
directional sound effects 


projection dome 
>f perforate 


24 color projectors 
for extra skylines 


inner 

of perforated 
aluminum 


outer dome 
(concrete) 



16 hydraulic cylindere 
raise and lower Boston 
skyline 


>dome lights 
in hose enclosure 


Fig. 2. Hemispherlcol planetarium screen produces il- 
lusion of open sky to oudience. (Boston Museum of 
Science) 


2T2 f lomtary 9Mr train 


cross-section of typical single projMtor 
to produce stars on 400 sq ft of dome surfoce 


northern hemisphere 
projector for 
brightest stars 


Sun 

Moon 

Venus 

binocular 

projectors 

slip rings connecting 
to projectors, motors, 
and electrical instruments 


latitude motions^ 

motors, gears, 
cams, and 
driving mechanism 
enclosed here 


steel-tube 
supports 
carrying 
electrical 
circuits to 
slip rings>^ 


processional motion 
one revolution equals 
25,800 years 

/ 


standard 
condenser lenses 


occulting shutter 





/special / || 

projection projection lenses 

tamp 

northern h^isphere projector 
for faintest stars 

p—* — -northern hemisphere projector 
for medium-bright stars 

"'^- — coordinate projectors right ascension, 
celestial equator, ecliptic, etc. 

^diurnal motion 

IP- O'"*® revolution 

l£— equals 24 hours 



projectors 
for southern 
hemisphere^ 





» Mercury 
Mars 
Jupiter 
Saturn 
binocular 
projectors 



special projectors for auroras, 
rainbows, co-ordinates, and various 
astronomical phenomena 




Fig. 3. Modern planetarium projects over 9600 stars. (Russe// H. Long ond The ChrStfhn Science Monitor) 


time. Motion around a horizontal axis gives the ef- 
fect of change of latitude. This permits the sky to 
be seen from any point on the surface of Earth 
from the North Pole to the South Pole. The motion 
of precession of the equinoxes, the wobbling mo- 
tion of Earth’s axis once in 25,800 years, can also 
be simulated, even to the extent of completing one 
25,800-year cycle in 3 min. See Precession of 

EQUINOXEe. 

The planetarium chamber can be up to 75 It in 
dtimeter and can seat up to 750 people (Fig. 2). 
A perforated hemispherical screen, which is the 


dome, permits the projection of special effects dur- 
ing demonstrations. [i.m.L] 

Planetary gear train 

A sequence of meshed gears consisting of a central 
gear, a coaxial internal or ring gear, and one or 
more intermediate pinions, which are supported on 
a. revolving carrier. In a simple planetary gear 
pinions, mesh simultaneously with the two coaxis 
gears (Fig. 1). With the central gear fixed, a pinioo 
rotates about the central gear as a planet rotate 
about its sun; the gears are named accordinf^i-" 




ifernal plan 6 t 
gear corner 

fixed driven 



internal planet 
gear carrier 
drives driven 


sun gear drives 

I 



gear turns carrier 
in opposite fixed 
direction 


( a ) 


(b) 


(c) 


Pig 1 (o-c) Three principal modes of operation for 

I jimple gear train 



' ^ig 2 Stoecicticht planetary gear train. (DeLo^al 
I Steam Turbine Company) 


Mso with the sun gear fixed, a tooth on a planet 
I'lnum traces an epicycloid, hence the assembly is a 
i'‘rm of epicyclic gear train. The planets and their 
‘*»'ner operate together and constitute a complete 
member Figure 2 shows the typical (onstrilction 
d planetary gear train. 

In operation, input power drives one member of 
planetaiy gear train, a second member is driven 
j provide the output, and the third member is 
f fixed If it is not fixed, no power is transmitted 
through the gear train. This characteristic provides 
convenient clutch action ; a brake band around the 
tntermediate member and fixed to the gear housing 
to lock or free the third member without it- 
entering into the path of power transmission, 
'^ny one of the three elements can be fixed: the 
central sun gear, the planet carrier, or the internal 
gear. Power can drive either of the two re- 
’T'^aining elements and the other can deliver the out- 
There are thus six combinatipns of speed ratio 
a single planetary gear train, with three being 
‘‘^ciprocala respectively of the other three. The 
I principal speed ratios for a simple gear train are, 
internal gear fixed, large speed reduction 
% la) 


PlamlcnY geor frotn 9911 


0)a 


1 + 


Nt 


with sun gear fixed, small speed reduction (Fig. 
lb) 


Ola 



with planet carrier fixed, reverse, speed increase 
(Fig. Ic) 


We Nb 

where o> is angular speed, N is number of teeth, 
and the subscripts identify the members: a for 
planet carrier, b for sun gear, and c for internal 
gear. 

This bpeed-changing feature is used in automo- 
tive automatic transmissions. The number of teeth 
on the planet pinion of a simple planetary gear 




long planet pinion 
planet corner 
short planet pinion< 


largo sun gear 
small sun gear 

EXTERNAL PLANET 



outer planet pinion 
^ ^.^inner planet pfnion 



^planet carrier 


sun gear 
internal gear 
DUAL PLANET 




compound planet pinion 

planet carrier 
small internal gear 


-lorge internal gear 



COMPOUND PLANET 

Fig, 3. Four common orrangomants of plomtory gaor 
trains. 
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Fig. 4. Six compound planetary pinions transmit high 
power from aircraft engine to propeller with about 
2:1 speed reduction. (Foote Brothers Gear and Ma- 
chine Corp.) 

does not enter into the equations for speed ratio 
because the pinion engages both sun and ring gears; 
hence the teeth of all gears are the same size, and 
the number of teeth on each gear is directly pro- 
portional to gear diameter. The above equations 
can, therefore, be expressed in terms of gear diam- 
eters instead of numbers of teeth. 

Planetary gear trains can be variously modified 
for added flexibility (Fig. 3). Such gear trains pro- 
vide large speed ratio in small space. With multi- 
ple pinions, they transmit large power (Fig, 4). 

The aircraft engine drives the outer ring gear of 
Fig. 4; the central sun gear is fixed; the planet 
carrier arm, omitted in Fig. 4 to show the com- 
pound pinions, has stub shafts that carry the planet 
pinions in the manner of the cage of a ball bear- 
ing. The main shaft of the planet carrier passes 
through the opening in the sun gear to drive the 
propeller. The use of an internal gear accounts for 
much of the power capacity and smooth operation 
of the gear train. See Gear train. 

Plant 

A common term loosely used to designate any liv- 
ing organism not included in the animal kingdom. 
In the higher forms of life, a clear distinction can 
be made between plants and anijpals (Fig. 1). 
However, some of the lower organisms possess 
both plant and animal characteristics. 

Although no single criterion can be used to sep- 
arate all plants from all animals, certain features 
taken collectively provide a general basis for dis- 
tinguishing between the two kingdoms of organ- 
isms. (1) Approximately five-sevenths of the 350,- 
000 kfiown plants have chlorophyll, a complex of 
green pigments which enables them, in the pres- 


ence of lifi^t and air, to synthesize carbohydrate 
foods. Such plants are said to be independent, in 
contrast to bacteria, fungi, and nearly all animals 
— organisms that have no chlorophyll and are 
therefore dependent upon chlorophyll-containing 
plants for their supply of carbohydrates. (2) The 
embryonic tissues in most plants are abundant, 
persistent, and active, thus permitting an almost 
unlimited growth. Most animals, on the contrary, 
possess a limited scheme of growth because the 
embryonic or growth tissue is often used up in the 
process of maturation. (3) Almost all plants have 
a fairly firm structural framework of cellulose, a 
complex carbohydrate compound which is a major 
constituent of plant ceU* walls. Most animals, how- 
ever, lack cellulose and their cells are almost uni- 
versally enclosed in soft membranes rather than 
rigid walls. (4) The vast majority of animals have 
the power of locomotion, whereas only certain 
lower plants have the ability to move from olace 
to place. 

The lower forms of life that cannot be specifi- 
cally classified as either plant or animal have been 
facetiously called “plantimals.” T. H. Macbride 



stem 



Fig. 1. Diagram of a complete .hej^ceous dicotyl^ 
donous pTont (bean) showing the -^m|ii|^roductive or 
gans (flower, fruit end seed), and f^JpPee vegetaf*’'^ 
organs (root, stem and leaf). (H. C. ^Sampson, VVor 
book In General Botany, Harper, 4947) 



woody dicotyledon (oak) 



monocotyledon 

(flross) 


Fig 2 Plant forms. 


iind (/ W. Martin, botanists, rail the slime molds 
Uwomyretes, thus classifying them as plants; 
whereas A Lister, a zoologist, calls them Myceto- 
^oa, thus placing them in the category of animals. 
I ikewi’^e, certain mobile, one-celled, green organ- 
iMTi" such as Chlamydomonas, Volvox, and Pan- 
donna are regarded by the botanists as plants 
but are considered animals by zoologists Most 
luologists agree, however, that plants and animals 
art* fundamentally alike and have evolved from 
(ornnion ancestors during long periods of time 
L)ire( lly or indirectly, plants provide man and 
his domestic animals with all their food and with 
Midi other products as lumber, cork, textile fibers, 

' urdage, vegetable oils, gums, resins, rubber, 
■'pnes, perfumes, drugs, beverages, dyes, tanning 
materials, waxes, and paper 
Plants range from microscopic one-( elled or- 
Kanisms such as bacteria and some algae to giant 
trees (Fig 2). For a classification of the varied 
plant forms see Plant kingdom; see also Plant 
anatomy. Plant physiology; Pi ant taxonomy. 

[P.D.S.J 


t’lant, mineral nutrition of 

f^*“Binning in the early 1800s, botanists became 
interested in determining the mineral recfuirements 
'd plants. In order to determine the essential ele- 
ments and the amounts of these that were required, 
''‘ipntmts resorted to artificial culture techniques, 
the plants were grown in water, sand, or 
s)me other inert medium in which they could be 
a nutrient solution of known composition. 

When all elements except one were supplied, it 
possible to determine whether the omitted 
ment was a required element. These experiments 
‘' Owed that plants require the following chemical 
j carbon, hydrogen, oxygen, nitrogen, 

potassium, phosphorus, sulfur, calcium, iron, mag- 
boron, manganese, zinc, <jopper, chlorine, 
molybdenum. 

( culture techniques, often called hy- 
[ f proved useful and, in fact, mandatory 

Ju. I ^*^^^*'**'6 which elements were essential and 
ones were not. This approach is still used in 


was 
< h r 


i'vhlch 
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an attempt to determine whether or not additional 
elements may also be required. The technique has 
been adopted, on a limited scale at least, for the 
commercial production of plants. In areas where 
there is no true soil, or in areas where the soil con- 
tains toxic constituents or pathogenic organisms, 
hydroponics has proved commercially practical. 

When plants are grown hydroponically, arrange- 
ments must be made to provide their basic require- 
ments: light, nutrient salts, water, aeration of the 
roots, and anchorage or support for the plants. 
Whether plants are grown in water culture, sand 
culture, or in a soil which has adequate nutrients, 
water, and aeration, plant growth and yields are 
identical. See Hydroponics. 

Essential elements. Plants require various 
amounts of the essential elements. For elements 
such ds potassium and cahium, a nutrient solution, 
or the soil solution of a good soil, may have as 
much as 100 parts per million (ppm). On the 
other hand, boron or manganese need be present 
only to the extent of V* ppm, and, for molybdenum, 
1 or 2 parts per billion. For mieronutrient elements 
such as copper, boron, molybdenum, manganese, 
and zint, the range of tolerance is quite narrow. 
Whereas Vj ppm of boron is adequate for most 
higher plants, as little as 2 ppm may prove lethal 
for certain species. See Plant, minerals i-ssen- 

TIAL 70 

Fortunately, the concentration of most of the 
essential elements may vary over a considerable 
range without greatly altering plant growth and 
yield, so long as the concentration of a given es- 
sential element is not low enough to cause a de- 
ficiency or high enough to result in toxicity. Plant 
roots absorb relatively less of an element when it 
is present in a high concentration. Thi.s is un- 
doubtedly an equalizing factor and explains why 
plants tend to grow equally well over quite a range 
of concentrations of the various essential ele- 
ments. 

Taking field corn plants as an example (Table 
1), most of the dry weight is composed of carbon 
oxygen (44.4% ), and hydrogen (6,2% ). 
Carbon, as carbon dioxide, enters the plant through 
pores in the leaves called stomata. The carbon is 
built into carbohydrates, fats, proteins, and all of 
the other organic (carbon-containing) compounds 
of the plant. Amazingly, the plant obtains its vast 
amount of carbon from the air, in which there are 
only 3 parts of carbon dioxide per 10,000 parts of 
air. 

• Hydrogen and oxygen are derived from the water 
absorbed by the roots. The rest of the essential 
elements are absorbed from the soil. These latter 
elements are usually present in lower concentra- 
tions in plants than are carbon, oxygen, and hydro- 
gen. 

The nutritive elements are contained in the soil 
in two ways: dissolved in the water in the soil, 
or more or less loosely adsorbed onto and held by 
the suriaces of minute (less than 0.2 micron in 
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Takto 1. eimiMt* In eom planto* 


BUement 

Total dry weight 
of roots, stems, 
leaves, cobs, and 
grain, % 

Oxygen 

44.4 

Carlx>n 

43.6 

Hydrogen 

6.2 

Nitrogen 

1.5 

PhoBphorus 

0.2 

Potassium 

0.9 

Calcium 

0.2 

Magnesium 

0.2 

Sulfur 

0.2 

Iron 

0.1 

Silicon 

1.2 

Aluminum 

0.1 

Chlorine 

0.1 

Manganese 

0.05 

Undetermined elements 

0.9 


• Adapted from W. L. Latahaw and E, C. IMiller, Ele- 
mental compoaition of the corn plant, J. Agr. Research, 
27:845-860. 1924. 


diameter) soil particles called colloids. These 
colloids are of two types: mineral or clay colloids, 
and the organic colloids. The latter arise from the 
decomposition of organic matter. Whereas ele- 
ments which are in solution may be leached from 
the root zone by rain, the elements which are ad- 
sorbed on the colloidal surfaces are resistant to 
loss by leaching. Per unit of surface area, organic 
colloids have a greater capacity than clay colloids 
to adsorb and to retain ions such as potassium, 
calcium, and magnesium (Fig. 1). 

The most active portion of the root, with regard 
to salt absorption, is about % in. from the tip. 
The most active region for water absorption, on 
the other hand, is about K’ in. from the tip, where 
root hairs (extensions of epidermal cells) are most 
numerous. Inasmuch as these two regions tend to 
change and to mature with time, it is important for 
both salt and water absorption that the roots con- 
tinue to grow. Otherwise the root “matures” almost 
to the tip, the root hairs in the root-hair zone die, 
and the root tips are no longer effective for either 
salt or water absorption. 

Salt absorption procassas. Elements may en- 
ter roots by any one or a combination of four 
processes. Three of these — diffusion, Donnan equi- 
librium, and ionic exchange or adsorption ex- 
change — are purely physical processes. The fourth, 
active absorption or active transport, is a vital 
process which is dependent on the metabolism of 
living cells. For each of these types of ion entry, 
the first step involves adsorption oF^he ions on the 
surface of the roots. 

Diffusion. Entry of ions by diffusion is a physical 
process in which ions enter the cells of the root 
only when the ions exist in a higher concentration 
outside the cells than on the inside. A given ion 
continues to enter only until the internal and ex- 
ternal ooncratrations are equal. The cell plays 
no active role in the process, and ions enter or 
move solely by kinetic energy; that is, the ions are 


in motion. This process cannot account for a con. 
centrating of ions within cells, and there 1$ 
selection with regard to the types of ions which 
enter; nonessential and even toxic ions may enter 

Donnan equilibrium. This is a special type of 
diffusion which occurs when there are present, on 
one side of a membrane (that is, inside the cells) 
certain positively charged cations or negativelv 
charged anions which are unable to pass through 
the membrane. It has been demonstrated by non- 
living, physical systems that this situation could 
lead to a higher concentration of diffusible ions 
inside root cells than in the external environment. 
Although root cells characteristically have higher 
concentrations of at le^t certain ions inside than 
outside the cells, the Donnan process is not re 
garded as an important one for the accumulation 
of ions by cells. 

Ionic exchange. The process of ionic exchange, 
or adsorption exchange, is the third purely physi 
cal process by which ions may enter root celh. It 
is called ionic exchange because ions arc ex- 
changed in the process, as will be seen later, and 
adsorption exchange because it involves ions in 
an adsorbed state within the plant. This procevs 
may best be understood by thinking of the root as 
a sponge, the air pockets representing the vacuole^* 
(cell sap) of cells and the solid portions of the 
sponge representing cytoplasm and cell walls. By 
means of this process, adsorbed ions remain out- 
side of tl^ vacuoles and are free to exchange posi- 
tion with ions in the external medium or in neigh- 
boring cells. The cytoplasm and cell walls (solid 
part of the sponge) are a continuum extendhip 
throughout the plant, and therefore the ions 
free to move throughout the plant or to return to 
the external environment of the root. In this physi- 
cal process, too, the plant plays no active role and 


ionic movement 
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Fig. 1. Model of boundary rembn of root surfo^ 
and growth medium. (From H. Jenny ond J. Goniob*' 
Modes of onfry of sfronflum Into plant roefs^ 
123:90-97, 7958) 
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no selectivity with regard to the entry of 
ions. Similarly, the process permits the concentra- 
eion of an ion to become only as high internally as 
externally, and there is no build-up of ions within 
the root cells. For reasons that will become ap- 
parent when the next type of entry is discussed, 
lonir exchange is now regarded as the most im- 
portant of the entry processes. 

Active absorption. The fourth process by which 
,ons enter roots is active absorption, or active 
transport. The term transport refers only to trans- 
port across a membrane and not to transport or 
movement throughout the plant. The term active 
indicates that the cells play a role in the process; 
only living, metabolizing cells are capable of this 
tvpc of salt absorption. Cells must be carrying 
on respiration, the energy-liberating process (see 
Biological oxidation). Further, only aerobic 
respiration, involving oxygen, sustains this type of 
salt absorption. 

If cells are deprived of oxygen and are therefore 
foricd to carry on anaerobic respiration (in which 
oxvgen is not involved and only one twenty-fifth 
dv much energy is released), not only will cells fail 
1(1 accumulate additional salt by this process, but 
lli(\ will lose to the external environment the ions 
Ilf dll element whose concentration is higher in- 
fernally than externally. Under aerobic respiration, 
aitive absorption can result in a building up or 
inmentrating of ions within the cells. This process 
I'' more important than the Donnan equilibrium, 
flic other process which can result in a concentrat- 
of ions in cells. 

In the process of active absorption, the absorbed 
Jon** enter the vacuole or cell sap and, for the most 
part, tend to remain there. That is, their movement 
into the vacuole is largely a one-way, irreversible 
process. In the vacuole, therefore, the concentra- 
ti^m of various ions may be many times the con- 
fi'nt ration of these same ions in the external solu- 
tion. The cells must have a source of energy and do 
‘work” in order to accumulate ions against such a 
c oncentration gradient. 

Inasmuch as the ions which enter by this process 
pass irreversibly into the vacuoles (the air pockets 
ol the sponge), they are not free to move to the top 
of the plant. For this reason, active salt absorption 
not regarded as the important process by which 
ions enter and move to the top, where nutrient 
ions are also required. Active absorption is, how- 
i the only salt absorption process in which 
there is selectivity with regard to the ions which 
j ^nter. Thus this type of entry alone explains why 
different species of plants may have different in- 
concentrations of the various ions. 

Carriers. The unique feature of active trans- 
I P®rt is special protoplssipic constituents, 

carriers,” arc believed to be involved. They are 
‘‘lieved to be in the differentially permeable mem- 
; ®fanes of cells and to regulate the entry of cations 
1 anions. Their chemical nature has not been 
'^ermined, but they act much like the specialized, 
j P^<>teinaceous, organic catalysts called enzymes. 



Fig. 2. Diagrammatic representation of the differ- 
ences in absorption of ions by plants growing in low- 
salt and high-salt environments. (From P. J. Kramer, 
Plant and Soil Water Relationships, McGraw-Hill, 1949) 

The kinetics of their action may be studied in the 
same manner as that of enzyme systems. It is . 
postulated that they make a temporary union with 
an ion, that the resulting carrier-ion complex is 
unstable, and that, by a second reaction, the com- 
plex releases the ion on the other side of the mem- 
brane. The carriers are produced by the metabo- 
lism of cells, and they have a high degree of spieci- 
ficity with regard to the ions whose entries they 
regulate. For example, one carrier has been shown 
to be involved in the entry of potassium, rubidium, 
and cesium. Any one of these ions “compotes” 
with the others for the cation-carrying “site” on 
this carrier. A different carrier is involved in the 
entry of sodium. The fact that potassium and 
sodium enter by the actions of different carriers 
may well explain why two species of plants differ 
so widely in their absorption of potassium and 
sodlgm from a common external environment. In 
other words, the two species of plants may differ 
widely in the concentrations of sodium- and potas- 
sium-carrying carriers. Therefore, differences in 
the permeability of roots to two kinds of ions may 
rest on the relative concentrations of the carriers 
that transport these ions. There are also specific 
carriers for lithium; for calcium, barium, and 
strontium; for magnesium; for sulfate and sele- 
nitte; for chloride and bromide; for nitrate; for 
phosphate (H2PO4’"'), arsenate, and hydroxyl 
(OH*") ; and for phosphate (HPO4’) and hydroxyl 
(OH). 

Under certain conditions or with time, during 
the life cycle of the plant, there are Ranges itt 
the absorption rates of the various ions« Inasmuch 
as the carriers are formed by the metabolism of 
cells, and the carriers break down in time, the rda^ 
tive rates of production of the different kinds of 
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carriers may be altered by the cells as their me- 
tabolism changes. Therefore, not only do carriers 
explain the differences in rates of absorption of 
various ions by different species of plants, but 
changes in the relative concentrations of the car- 
riers would explain changes in permeability with 
time. 

Inasmuch as the carriers are involved in the 
irreversible movement of ions into the vacuoles of 
all cells, their presence and action would explain 
why the inorganic composition of roots, stems, and 
leaves of various species may differ markedly. 
From a common environment, one species might 
move considerable quantities of potassium into the 
vacuoles of cells and comparatively little sodium; 
another species might do just the opposite. There- 
fore, even though both species had the same con- 
centrations of potassium and sodium in the cyto- 
plasm and cell walls (by virtue of ionic or ad- 
sorption exchange), the differences in movements 
of ions into the vacuoles could explain the com- 
positional differences of two species growing in a 
common environment. 

Growing in dissimilar external solutions, two 
species of plants may show striking differences in 
their abilities to concentrate or to exclude certain 
ions. In Fig. 2 all ions shown reach a higher con- 
centration in the sap of Nitella (a fresh- water 
plant) than in the external solution. In the case 
of Valonia (a plant that lives in sea water), the 
cell sap contains primarily potassium and chloride, 
whereas the sea water contains mainly sodium and 
chloride. 

In view of the characterizations of ionic ex- 
change and of active absorption, if is clear that 
the ions which are free to move to the tops of 
plants may be said to be the ones which escaped 
being absorbed (into the vacuoles) by the root 
cells. It is for this reason that ionic exchange is 
now regarded as the most important of the four 
types of salt absorption from the standpoint of 
plant nutrition. Differences in the inorganic com- 
position of species are the result of active absorp- 
tion, that is, the extent to which different ions are 
accumulated in the vacuoles of cells in the roots, 
stems, and leaves. 



solution surface contact diffusion 

exchange migration exchange in gels 


Fig. 3. Diggrom of various modes of ionic migration, 
especiatJy odsorption exchange. (From £. Truog, ed., 
MinmrQl Nutrition of Plants, Univ. of Wisconsin Pross, 
1951) 


Ion absorption from soil. Ions, nutrient or non. 
nutrient ones, may be in aqueous solution in 
the soil solution or adsorbed onto the surfaces of 
colloidal particles. The colloidal surfaces of roots 
make intimate contact with the colloidal particles 
and, from the latter, the plant may take an ad- 
sorbed ion directly, without the ion’s passing into 
solution. Nutrients which enter in this manner are 
said to do so by contact feeding or contact absorp. 
tion. This is not, however, another type of salt 
absorption but rather refers to the externa] loca- 
tion of the ion, that is, whether it is in the soil 
solution or on the surface of a colloid. The first 
step in absorption from a colloid also involves 
adsorption of the ion o^lo the root surface. Actu 
ally, in contact feeding, the colloidal surfaces of 
the root and of the colloid are in such intimate 
contact, each with adsorbed ions, that an ion a'^- 
sociated with the surface of the colloid may readilv 
swap places with one associated with the root sur 
face. 

Whether an ion is absorbed from the soil ‘^oln 
tion or from the surface of a colloid, the plant 
must exchange an ion which it possesses for one 
which it absorbs (Fig. .3). Because the roots in 
carrying on respiration are producing carbon di 
oxide, the plant has a source from which to yit'ld 
ions for ions it absorbs. Carbon dioxide *Hissol\e' 
in the water of the root cells to form carhonit: and 
which, in turn, dissociates into positively charged 
hydrogen jH‘) ions and negatively charged bicai- 
honate (fiCO.r) ions. When a plant absorbs a 
cation, such as potassium, the root usually yields a 
hydrogen ion to the external medium. 

The introduction of more and more hydroger 
ions into the soil, in exchange for ions like pota*- 
sium and calcium which arc absorbed by I he plant- 
explains why soils tend to become more acidic 
with time and why periodic liming is re(|uircd. 
When the plant absorbs an anion, such as nilratf 
or phosphate, it most frequently yields a bicar 
bonate anion to the external medium (Fig. 4). The 
hydroxyl (OH ) anion may also be involved. It i" 
interesting to note that the ions which the plant 
used in “swapping” for essential nutrients are li'- 
drogen and bicarbonate ions produced as a result 
of respiration. 

Foliar nutrition of plants. A plant may receive 
nutrients through the leaves as well as through 
the roots. Any of the essential element-s mav 
be supplied, at least in part, by application to 
the foliage. In fact, there may exist in the 
some condition which makes a certain element 
more or less unavailable to the roots. Iron an® 
manganese, for example, may he rendered largel) 
unavailable because of the alkalinity of certain 
soils. Under such conditions, the tops of the 
may show extreme iron or manganese deficiencies' 
or both. n 

A foliar application of missing ions is a ven 
practical way — indeed, the only way — of suppiv 
ing these essential elements in such a situatK*"' 
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I initial concentration 


S3 after 9 days 


I after 21 days 


Fig. 4. Levels of principal ions initially In solution 
and after 9 and 21 days of a mass culture of the alga 
Scenedesmus. (From R. W. Krauss, Inorganic nutrition 

Often foliar nutrients are added to sprays that are 
I'eing applied for the control of fungi, bacteria, or 
injects so that a separate spray for nutrients is no? 
required. 

Foliar nutrition may be a particularly useful 
approach during periods when the soil is water- 
»»Kged and the roots are relatively ineffective in 
ihe absorption of nutrients. Similarly, early in the 
i^pring, when the soil is cold, nitrification is pro- 
f“eding slowly, and plant roots are relatively in- 
tffeciive in absorbing nutrients, the application of 
iiitrient8-“--particularly nitrogen — to the tops may 
)e most beneficial. Such conditions are particularly 
ikely to occur with turf grasses, such as on golf 
“ourses, and hence foliar nutrition is widely prac- 
This approach is also widely used for sup- 
dying nitrogen, usually in the form of urea, to 
‘Pple and citrus trees. 

Translocation. For the most part, water and 
Fneral salts absorbed by the roots move upward 
[“‘■nugh the plant in the woody portion of the stem 
^ ® tissue called yylem. Organic substances such 
^ sugars, which are made in the leaves, move 

I ^'vnward to the roots through the bark of the 
1^”* in a tissue called phloem. Hpwevcr, sugars 
use the phloem when they move upward from 
j^ature leaves of the plant to the growing point 
stem. Apparently all substances which come 
the leaves move through the plant by way of 
® phloem. 


of algae, in J. S. Burlew, ed.. Algal Culture from 
Laboratory to Pilot Plant, Carnegie Inst, Wash, Publ. 
600:85^102, 1953) 

One of the mysteries of transport or transloca- 
tion which has long been studied is that some sub- 
stances, such as sugars, may be moving in one' di- 
rection in the phloem at the same time that other 
organic substances, such as amino acids, are mov- 
ing in the opposite direction. Recent evidence indi- 
cates that some of the vertical strands of phloem 
cells are carrying materials in one direction while 
other strands of the phloem are carrying materials 
in the opposite direction. That is, an entire bundle 
or ring of phloem is not acting in unison. 

There is no generally recognized explanation 
for th^ rapidity with which substances move in the 
phloem or for the amounts of substances which 
move through a given cross-sectional area of 

phloem in a given time. It is obvious that simple 
diffusion cannot begin to account for such rapid 
rates of movement of substances. Similarly, simple 
diffusion could not explain the vast quantities of 
sugars, for example, which have been shown to 
move through a given cross-sectional area of 

phloem to a rapidly developing fruit such ' as a 
pumpkin, squash, or watermelon. 

The Miinch mass flow hypothesis — which can 
account for movement of solution en masse in only 
one direction in the phloem — is not in accord with 
numerous reports of simultaneous, bidirectional 
movements in the i^Ioem. Activated diffusion — 
movement of substances in or over interfaces — 
would account for the rapid* massive movements 
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of substances and even of substances moving in 
opposite directions. This type of movement is de- 
pendent solely on the relative concentrations of 
the substances in two regions of the plant. The 
concentrations of substances tend to equalize in the 
interfaces (such as planes of contact of cell wail 
with cytoplasm, or of portions of protoplasm with 
different densities of protoplasm), and this equali- 
zation process involves a rapid movement of ma- 
terials. If a given substance, such as sugar being 
formed in the leaves, is added at one point, it 
spreads rapidly throughout the interfaces, moving 
toward regions with a lower concentration of sugar 
in the interfaces. Inasmuch as there may be a con- 
tinual withdrawal of a substance from the inter- 
faces, such as the removal of sugar by root cells, 
there tends to be a continual flow of sugar from the 
leaves, where an excess is produced, to the roots, 
which are dependent on the leaves for sugar. 

Although activated diffusion is a purely physi- 
cal process, active metabolism of living phloem 
cells is somehow required for the translocation of 
the organic substances in the phloem. It seems 
likely that the unique organization of protoplasm 
must be maintained in order for this physical proc- 
ess to occur, and cellular metabolism is undoubt- 
edly required to maintain the unique physical 
structure of protoplasm. See Cell (biological) ; 
Protoplasm. 

It is generally recognized that the above-ground 
portions of the plant are dependent on the roots 
for water and mineral salts. Less generally recog- 
nized, however, is the dependence of the roots on 
the substances produced in the tops, particularly 
sugar. In perennial plants, renewed growth in the 
spring may be largely or entirely dependent on 
food reserves stored in the roots. For many of the 
plants whose tops die at the end of the growing 
season, renewed growth is entirely dependent on 
the roots. It is largely dependent on roots even 
for plants such as trees, whose trunks store some 
material for growth. This is shown strikingly when 
a complete ring of bark (in which the phloem is 
located) is removed from a tree by field mice. The 
tree will show few or no effects during the first 
season following the damage, but it may fail to 
grow the following spring, because destruction of 
the phloem ends translocation of food reserves to 
the roots. A valuable tree can often be saved by 
^‘bridge grafting’* across such a break in the bark. 
See Grafting of plants. 

Relation of nutrition to yield. The ultimate 
goal of commercial production of plants is yield 
— either of the vegetative plant, arf-in the case of 
hay, or of the fruit. Thus, the most practical and 
fundamental question about the mineral nutrition 
of plants is how to produce the greatest yield. It 
is obviously fot this reason that roan is interested 
in what chemical elements a plant requires and 
how much of each element it requires (Table 2) . 

Once it is known that all plants require potas- 
sium, foir example, the problem then becomes one 
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Substance 

Wal«r, H*0 
Oxygen. Oj 
Carbon, C 

Nitrogen, N 

Potassium, K 

Phosphorus. P 

Sulfur. S 
Magnesium, Mg 
Calcium, Ca 
Iron, Fo 
Mangam^e, Mn 

Borou, B 
Chlorine, Cl 
Zinc. Zn 

Copper, Cu 
Molybdenum, Mo 


Approximate 

amount. Approximate 

Ib/acre equivalent 


19~24 in. rain 
6,800 Air is 20% Os 

5,200 C, Amount of C 


5,200 C, 


19,000 COa 

160 


125 

Three 100-lb bugs of 
muriate of potash 

40 

f our 1 00-lb hags of 
superphoaphate 

75 

78 lb of yellow sulfur 

50 

170 lb of epsoin H»lt 

50 

80 lb of limestone 

2 

2 lb of nails 

0.3 

I lb of potaasiuin jhi 
iiianganute 

0.06 

^ lb borax 

Trace 

Amount in rainfall 

Trace 

Shell of one dr.v-clJ 
battery 

Trace 

25 ft no. 9 copper mmo 

Trace 

2-3 o/ nminoiiiuin mo 
lybdale 


* Figures arc for corn plants producing 100 Imshds ptr 
acre. 

t J II millions 

souiice: G Ilanibidge (ed.). Hunger Signs in Cropi 1 
Symposium, Am Soc Agron and Nntl Fortilia^i \hs(m 
2d cd.. 1950 


of determ]^ning how much potassium a given m\) 
needs for 'maximal production. When there ih m 
suiiicient potassium, the plant may show pota'^siuni 
deficiency symptoms, plant growth is stunted, an«j 
there may be little or no production of fruit It 
would appear that there must be present in the 
plant some given concentration of potassium for 
maximal yield. With increasing amounts of pota^ 
sium, over and above the level associated with fk 
ficiency, more and more growth occurs. Obviou'^lN 
beyond some given concentration of that element in ^ 
the plant there is no further increase in yield 
increase in internal concentration of that elemeni 
For some plants, the sufiBciency values or levels for 
certain of the essential elements have been deter 
mined. This type of information is needed fnt all 
crop plants and for all of the essential elements if 
maximal production is to be attained. 

If a crop is to produce a maximal yield, 
factors, including the essential elements, must 
at sufiBciency concentrations or levels. If 
the essential elements are present in suflSrienc' 
except one, the growth and yield of the plan^ 
limited to the extent that this essential element 
lacking. Around 1840, the German scientist 
von Liebig proposed this concept in the ^ 
limiting factors. According to this law, growth 
dictated by that element the concentration ® 
which 13 the most inaufiBoient. From this law it ^ 
lows that, if the crop is only slightly deficient J 
phosphorus but extremely deficient in ’ 

an increase in phosphorus will be 



out effect on growth and yield since potassium is 
the pace-setter. On the other hand, if potassium 
^ere added to bring the concentration of the ele- 
to sufiBciency, growth of the plants would be 
,nt reaped only to the extent that the next most 
limiting factor, phosphorus, would permit. 

Sometimes it appears obvious that a given crop 
is not growing as it should, although the plants 
do not indicate any particular deficiency. Upon 
fhf. addition of a fertilizer containing nitrogen, 
pbo'^pborus, and potassium, the plants may sud- 
denlv exhibit some clear-cut deficiency, in manga- 
nese, for instance. This may be explained on the 
that the plants were originally deficient, to 
varying degrees, in nitrogen, phosphorus, potas- 
sium and manganese. Upon the addition of the 
first three, clear-cut and striking manganese de- 
fiiienry symptoms developed. 

lit lotion of inorganic to organic nutrients The 
inorganit nutrition of the plant cannot be evalu- 
died without a consideration of its organic nutri- 
ijrm Proteins, for example, contain carbon, hydro- 
oxygen, nitrogen, and sometimes phosphorus 
ind sulfur Protein formation depends on carbo- 
hydrates which are formed by photosynthesis. 
Ilieiefore even though a plant were tested and 
found to ( ontdin less nitrogen than is known to he 
i'-so( Idled with maximal yield, the addition of 
nitrogen would be without beneficial effect if the 
phnl were deficient in sugars because of prolonged 
loudv weather or for some other reason 
No// moisture Similarly, soil moisture is an- 
other lador in the mineral nutrition of plants. 
\Uorprion of nutrients by roots is related to the 
^.rowth of roots When soil moisture is inadequate, 
n(w root growth is limited or ceases, and salt 
d)M)rption is accordingly decreased From a prac- 
iKdl pvunt of view, then, there is no benefit in add- 
d known, deficient nutrient, such as nitrogen, if 
the roots are not prepared to absorb it. Nutrient 
cannot substitute for water, nor can water 
''iiiMitute for nutrients. The interdependence or 
tiuerrelatjonships between water, nutrients, sugars, 
dnd so on are often overlooked. Successful agricul- 
tural experts in the field of crop production have to 
take all of these factors into consideration. It is 


•inportant economically to know what factor is 
limiting plant growth, even though it is a factor, 
'^’ii'h ds sunshine, over which man has no control, 
there would he no advantage in adding a fertilizer 
* Nunshme were the limiting factor, and hence 
the cost of a useless application of fertilizer could 
saved On the other hand, if some essential ele- 


jent were found to be the limiting factor, its ad» 
•tion might more than pay for the cost of the 
fertilizer. See FfiRtiuzER. 
the most frequent limiting factor in crop pro- 
tiction is undoubtedly the amount of soil mois- 
Only in recent years has this become gener- 
® y recognized, the result being the installation of 
^®<^*htie8 for supplemental irrigation even in rcla- 
*^®ly humid regions of the United States, such as 
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the eastern states. In many cases, the installatioii of 
an irrigation system has paid for itself in a singlift 
year, when, because of a prolonged drought, the 
yield of the crop would otherwise have been a total 
failure. See Soil. 

Excessive salt concentration toxicity. In the 

semiarid or arid regions of the West, where ir- 
rigation is widely practiced, the low rainfall and 
the salt content of the irrigation waters combine to 
cause undesirably high concentrations of salts in 
many of the soils. The low rainfaU is insufficient to 
leach accumulated salts from the soil, and the irri- 
gation waters naturally contain appreciably more 
salt than does rain water. For example, the water 
of the Colorado River, which is widely used in 
irrigation, contains about 700 ppm of salt. About 
27,000,000 acres of land in the Midwest and Far 
West are under irrigation. Even in areas which 
are not already clearly “salinity” areas, there is 
always a potential danger of the development of 
salinity. In some of these soils, the salts which 
accumulate are alkaline in reaction, and the sqils 
are called alkali soils. When the accumulated salts 
are essentially neutral in reaction, such as sodium 
chloride or sodium sulfate, the soils are properly 
called saline soils. Salinity is regarded as a prob- 
lem when the concentration of salts reaches 0.2% 
of the dry weight of a loam soil; most species of 
plants die when the concentration is around 2%. 

Salinity conditions are often unsuspected, inas- 
much as there are no plants of the same species 
growing on nonsaline soil in the same area. There- 
fore, actual reductions in giowth and yield meiy go 
undetected if these are not too pronounced. With 
higher levels of salinity, it is obvious that plant 
growth is restricted, and the plants may show 
“burning” or “firing” of the leaves, particularly 
the oldest, lower leaves, which have had the most 
time to accumulate toxic concentrations of salts. 

In contrast with deficiency symptoms, the pre- 
dominance of a given toxic salt in the soil does not 
usually manifest itself in symptoms indicative of 
the type of salt which is present. On the basis 
of symptoms, one cannot ordinarily determine 
whether there is a high concentration of sodium 
chloride or of sodium sulfate in the soil. The symp- 
toms are very much the same — stunting and firing 
of the leaves, particularly at the tips, margins, or 
both. 

A toxic concentration of boron in the soil solu- 
tion induces rather specific symptoms, particularly 
on the oldest leaves, which properly trained scien- 
tists can usually identify. 

Soil analyses, of course, may be used to deter- 
mine the nature of the accumulated salts in saline 
or alkali soils. Often this information is useful in 
prescribing a remedy for the removal of sails. If 
the soil is permeable enough to water and if suffix 
rient irrigation water (preferably of low salt 
tent) is available, the toxic salts may be leached 
out of the root zone and carried away in tbe drain- 
age water. 
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When sodium salts accumulate, they usually im- 
part undesirable physical characteristics to the 
soil, such as reduced permeability to water and re- 
duced aeration. If the sodium concentration is not 
too high and if the value of the land is sufficient to 
warrant it, this condition can often be overcome by 
the application of a calcium-containing salt, such 
as gypsum, to the soil. Calcium replaces the sodium 
on the clay and organic colloids, and the sodium 
may then be leached from the root zone. With the 
substitution of calcium for sodium, the permea- 
bility of the soil to water usually improves with 
time 80 that it becomes increasingly easier to wash 
the sodium salts from the root zone. Along with 
this change, the over-all physical characteristics 
of the soil, including tilth and aeration, become 
more conducive to plant growth. See Plant me- 
tabolism. [h.c.c.] 

Bibliography: H. G. Gauch, Mineral nutrition of 
plants. Annual Review of Plant Physiology^ 8:31-“ 
64, 1957; D. R. Hoagland, Lectures on the I nor- 
ganic Nutrition of Plants^ 1944; B. S. Meyer and 
D. B, Anderson, Plant Physiology^ 2d ed., 1952; 
W. Reuther (ed.). Plant Analysis and Fertilizer 
Problems, American Institute of Biological Sci- 
ences, Publication no. 8, 1961 ; L. A. Richards 
(ed.). Diagnosis and Improvement of Saline and 
Alkali Soils, U.S. Department of Agriculture, 
Handbook 60, 1954; E. Truog (ed. ), Mineral Nu- 
trition of Plants, 1951. 

Plant, minerals essential to 

Beginning in the middle of the nineteenth century, 
botanists sought to determine the chemical ele- 
ments required for the growth of plants. Elements 
such as nitrogen, phosphorus, and potassium, re- 
quired in relatively large amounts, were among the 
first shown to be essential. The essentiality of cer- 
tain elements, such as copper and molybdenum, 
was not established until chemical compounds of 
greater purity were produced. Earlier, many of the 
elements were present in sufficient amounts as im- 
purities in a nutrient solution to preclude their 
detection as essential elements when they were 
“omitted” from the solution. Elements which are 
required in small amounts, such as copper, molyb- 
denum, manganese, zinc, boron, iron, and chlorine, 
are sometimes called trace elements. They have 
also been called minor elements, but this term 
erroneously implies that these elements play only a 
minor role in plant nutrition (^ce Plant, mineral 
NUTRITION of). The term micronutrients is now 
generally favored, since the term implies that 
small amounts are required and that they perform 
a nutritive role. 

At the present time, most plant scientists agree 
that the following elements are essential for higher 
plants: carbon, hydrogen, oxygen, phosphorus, 
potassium, nitrogen, sulfur, calcium, magnesium, 
iron^ boron, manganese, zinc, copper, chlorine, and 
molybdenum. The last seven are micronutrients. 
Nitrogen, phosphorus, and potassium are the three 


most important and are the components of 
5-10-5 fertilizer (5% nitrogen, 10% phosphorus aj 
phosphorus pentoxide, and 5% potassium as potas. 
sium oxide). Certain algae have been shown to 
quire vanadium, sodium, and cobalt. There is ^ 
good possibility that additional elements may be 
added, from time to time, to the present list of 
essential elements for plants. 

Criteria of essentiality. In order to be con. 
sidered essential, an element must meet the fol. 
lowing criteria: (1) absence of the element must 
result in abnormal growth, injury, or death of the 
plant; (2) the plant must be unable to complete 
its life cycle without the element; (3) the element 
must be required for pldpts in general; and (4) no 
other element must be able to serve as a complete 
substitute. Most scientists would add a fifth crite 
rion, namely, that the element must be shown to 
have a specific and direct role in the nutrition of 
the plant. This last criterion is the most difficult of 
all to determine since known, direct roles for pota<». 
sium and calcium, for example, are not as yet 
agreed upon. Their essentiality, however, is un 
questioned. Without exception, the essential ele 
ments were first shown to be so when their removal 
from the external environment caused draslicalK 
reduced growth. The direct, specific roles of the 
elements were then pursued, and most *bf these 
have been elucidated. 

Roles of the essential elements in plants. The 

following^aragraphs discuss the roles in plants 
of carbon, hydrogen, oxygen, phosphorus, nilm 
gen, sulfur, potassium, calcium, magnesium, iron 
manganese, copper, zinc, molybdenum, boron, and 
chlorine. 

Carbon. Although not a mineral, carbon is an 
essential element and may constitute as much 
44% of the dry weight of a typical plant such 
corn. It is a component of all organic compound^ 
such as sugars, starch, proteins, and fats, in plants 
(and animals). One of its main roles, then, is that 
of being a constituent of these important com- 
pounds and of the vast array of compounds which, 
in turn, are synthesized from sugar. Carbon may 
indeed be said to be involved in all of the role<> 
played by all of the carbon-containing compounds 
This would include such compounds as the plant 
hormones, which regulate plant growth, flowering, 
and reproduction. See Carbohydrate; Pi^nt 
HORMONES; Plant metabolism; Plant morpho- 
genesis; Protein; Starch. 

Hydrogen. Along with carbon, this nonminer®^ 
element is also a constituent of all organic com 
pounds. All that has been said of carbon wouH 
thus similarly apply to hydrogen. Hydrogen con 
stitutes about 6% of the dry weight of a plant. 

Oxygen. This nonmineral element is a constitu* 
ent of all carbohydrates, fats, and proteins and, m 
fact, o^^ most organic compounds. Some organic 
compounds, such as carotene, which gives w 
vitamin A, are composed only of carbon and hydro- 
gen. Inasmuch as oxygen is a constituent of 
organic compounds, like carbon and ' 



^ay be said to be involved in whatever functions 
those compounds perform. Oxygen constitutes 
about 43% of the dry weight of a plant. 

Carbon, hydrogen, and oxygen are constituents 
of the bicarbonate ion (HCO.s~) which is believed 
to be one of the chief anions (along with hydroxyl, 
QH ) exchanged by the plant for anions absorbed 
from the soil. Because of this role, these three ele- 
ments may be said to be involved in the process 
of salt absorption by roots. 

Finally, in the process of oxidation (aerobic 
respiration) of foods by the cell, oxygen is the 
final acceptor of hydrogen. When a food, such as 
siijsar. is respired by the removal of hydrogen and 
carbon dioxide, the latter and water appear as end 
products. Water is formed in the terminal step in 
these oxidation reactions when oxygen and hydro- 
jjeti unite. Sre Biological oxidation. 

Phosphorus. Certain special proteins in all cells, 
the niicleoproteins, contain phosphorus. As the 
name implies, these special proteins are in the 
miclcus of the cell and hence in the chromosomes 
which carry the hereditary units, the genes. Inas- 
much as phosphorus is a constituent of these pro- 
tein^ of the nucleus, cell division may he said to 
lie dependent on phosphorus. The transmission of 
hereditary characteristics also depends on this ele- 
ment. Sep (^hromosomk; Nuclkoprotkin. 

Cellular membranes are believed to consist, in 
part, of special phosphorus-containing fats or 
lijiids called phospholipids (.see Phosphatide). 
^hc^e, along with hydrated pn^tein molecules, are 
'fry likely the chief components of cellular mem- 
branes. Differentially permeable membranes regu- 
late the entry and exit of materials from the cells, 
and .so phosphorus may be said to play a role in 
the permeability of cells to various substances 
and in the retention of substances by cells. 

Phosphorus is a constituent of some special com- 
p^>unds, diphosphopyridine nucleotide (DPN) and 
tnphosphopyridine nucleotide (TPNV These 
•iniqiie compounds are involved in the transfer of 
hydrogen in aerobic respiration, and life itself de- 
pends on this all-important energy-liberating proc- 
See Diphosphopyridine nucleotide (DPN) ; 
bniCHOSPHOPYRIDINE NUCLEOTIDE (TPN). 

The early stages in the combustion or utilization 
»d sugar by cells involve the addition of phospho- 
to the sugar molecule. Only after phosphorus 
added to both ends oC the sugar molecule is it 
'’leaved and prepared for further transformations 
'^hich release the chemical energy stored in the 
molecule. 

finally, phosphorus is a constituent of unique 
I'^Ripoiinds called adenosinediphosphat^ (ADP) 
^*td adenosinetriphosphate (ATP). In the former 
J^®*npound, one of the two phosphate bonds is a 
'gh-cnergy bond, and in the latter, two of the 
phosphate bonds are high-energy bonds. The 
feature of these compounds is the concen- 
of energy in these special phosphorus bonds, 
j special bond is one of the ways in which po- 
^'ihal energy is stored within the cell. The bond 
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is important not only because it represents a form 
of stored energy, but also because such energy may 
be used to accomplish “work” when the bond is 
broken and the energy is released. Many synthetic 
reactions, such as the syntheses of sucrose and 
starch from glucose, require energy which the 
high-energy phosphate bond is capable of deliver- 
ing to the reactions. See Adenosinediphosphate 
(ADP) ; Adenosinetriphosphate (ATP). 

The reduced forms of diphosphopyridine nucleo- 
tide (DPNH 2 ) and triphosphopyridine nucleotide 
(TPNHo) constitute the other major form of en- 
ergy storage in cells. This chemically stored energy 
is also available for work — driving certain chemi- 
cal reactions that would otherwise proceed at im- 
perceptibly low rates. 

Nitrogen. Along with carbon, hydrogen, and oxy- 
gen, nitrogen is a constituent of all amino acids, 
the building blocks of the proteins. Protoplasm 
usually has a high percentage of water, but the 
substance portion is primarily proteinaceous. Thus 
nitrogen and certain other elements such as car- 
bon. hydrogen, and oxygen may he said to be a 
part of the living substance, protoplasm. 

All enzymes thus far isolated have been shown 
to be protein in nature. Therefore, nitrogen is one 
of the constituents of these remarkable organic 
catalysts which can accomplish at room tempera- 
ture, or below, chemical reactions which man can 
perform only with high temperature, pressure, or 
other special conditions. 

Nitrogen is also a constiluenl of the chlorophyll 
molecule, there being four nitrogen atoms in each 
molecule. Nitrogen is thus directly required in 
photosynthesis, a food-manufacturing prdeess 
which only plants can accomplish. See CiiLORO- 
PHYI L. 

Sulfur. Certain amino acids, such as cystine and 
cysteine, contain sulfur. These sulfur-containing 
amino acids are often components of plant proteins 
and, less frequently, of animal proteins. Sulfur is 
also a constituent of the tripeptide glutathione, a 
pigment whicli may function as a hydrogen carrier 
in the respiration of plants as well as in animals. 
5cc CtsTEiNE; Cystine. 

Potassium. Although potassium was one of the 
first elements shown to be essential and is re- 
quired in relatively large amounts by plants (often 
1% or more of the dry weight), there is no known 
compound in plants which contains potassium. 
Despite numerous researches, it still is not known 
why plants require such seemingly large amounts 
of«the element. It may function as a cofactor for 
certain enzyme systems, but it would not appear 
that such high concentrations of potassium should 
be required for this purpose. Virtually all of 
the potassium in plants appears to be water-solu^ 
ble, a point which further emphasizes the fact that 
potassium is not a constituent of any compound 
and certainly not of the larger, relatively insoluble 
and immobile compounds in plants. See EnzvM£. 

Calciutn. Although calcium may typically be 
present iii plants to the extent of 0.2%' of the dxy 
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mttter* It also is not dear why plants require so 
much calcium* Many workers consider the cement- 
ing substance between cells, the middle lamella, to 
be composed oi calcium pectate. No other calcium- 
conftaiiiing compounds of biological significance 
have been reported for plants, and yet they contain 
far more calcium than would be required for cal- 
cium’s postulated role in the middle lamella. Ex- 
cesses of oxalic and other organic acids may ap- 
pear in the cell as crystalline calcium salts of low 
solubilities. These salts, however, are considered 
waste products and serve no useful, vital function. 
Their removal from solution by calcium may pre- 
vent a toxicity that would otherwise result from 
such acids. 

Magnesium, One of the earliest roles discovered 
for magnesium was as a constituent of the chloro- 
phyll molecule. Each molecule contains one atom 
of magnesium in the center. Although other metal- 
lic ions may be made to replace magnesium in 
the chlorophyU molecule, chlorophyll functions in 
photosynthesis only when it contains a magnesium 
atom. Despite much speculation, no one has yet 
determined why only magnesium is effective in 
chlorophyll and in photosynthesis. 

In addition to the unique role which magnesium 
plays in chlorophyll and photosynthesis, it is also 
required for the action of a host of enzymes. It is 
also apparently required for an enzyme concerned 
with oil formation in plants, since oil droplets are 
not formed in the alga Vaucheria in the absence 
of magnesium. Also, the seeds of plants, which con- 
tain large amounts of oil, are consistently high in 
magnesium. 

Iron, Iron is required for the formation of chloro- 
phyll but is not a constituent of the molecule. In 
leaves, about 80% of the iron is associated with 
chloroplasts, the chlorophyll-containing plastids. 
Iron is a constituent of cytochrome f, which may 
have a unique role in photosynthesis. 

The element is a constituent of the enzymes 
cytochromeoxidase, peroxidase, and catalase. The 
first of these is involved in respiration and the last 
catalyzes the breakdown of any hydrogen peroxide 
that forms in cells as a result of certain metabolic 
reactions. As with calcium, potassium, and magne- 
sium, there is no evidence as to why plants require 
as much iron as they do, since much less iron 
would appear to suffice for its known roles. 

Manganese, There are no known compounds in 
plants of which manganese is a constituent There 
is considerable evidence that the element may be a 
cofactor or an activator in certain enzyme systems. 
For example, manganese may be involved in nitrate 
reduction and hence in nitrogen metabolism. Man- 
ganese has been clearly shown to be required for 
photosynthesis, most strikingly by algae growing 
ill an inorganic medium. See Photosynthesis, 

Capper. Gipper is a constituent of the enzymes 
laccase, ascorbic acid oxidase, and tyrosinase 
(polyphenoloxidaae). The last enzyme is believed 
to be involved, in moat plants, with the terminal 
step in aerobic residi^alion, the transfer of hydro- 


gen to oxygen to form water. This action thus link 
copper with energy release in plant cells. 

Zinc. Although the enzyme has not been isolated, 
it has been shown that ^e enzyme which synt^ 
sizes the amino acid tryptophan requires sbc 
Tryptophan, in turn, is the precursor from which 
the plant hormone indoleacetic acid is made. It 
may thus be said that zinc is directly necessary for 
the formation of tryptophan and indirectly neces- 
sary for the production of indoleacetic acid. See 
Tryptophan. 

Two zinc-containing enzymes have been Isolated 
from plants, namely, carbonic anhydrase and alco- 
hol dehydrogenase. 

Molybdenum, Molyb()enum is required, in the 
external solution, to the extent of 1 or 2 parts per 
billion. In the dry matter of the plant, it may be 
present only to the extent of around 10 parts per 
billion. It has been calculated that the number of 
molybdenum atoms required per cell of Sccne.des- 
mus obliquus and Azotobacter is 3,000 and 10,000. 
respectively. 

Molybdenum is the metal component of the 
enzyme nitrate reductase, which effects the reduc 
tion of nitrate nitrogen to the reduced form of 
nitrogen which is incorporated into amino acids 
and then proteins. Molybdenum-deficient tomato 
plants may accumulate nitrate to the Extent nf 
12% of the dry weight of the plant. If such plants 
are given a few parts per billion of molybdenum 
in the e:^rnal medium, the nitrate content will 
drop to around 1% within 2 days. Aspergillus 
niger, Scenedesmus obliquus^ and Chlorella pyre- 
noidosa also require molybdenum for the reduc 
lion of nitrate nitrogen. Fixation of atmospherit 
nitrogen by one of the free-living, nitrogen-fixing 
bacteria, Azotobacter, and by a blue-green alga, 
Anabena cylindrica, requires molybdenum. The 
element is, therefore, intimately associated with 
nitrogen metabolism, synthesis of protein, and, 
hence, synthesis of protoplasm. See Nitrogen 
CYCLE. 

Certain species of plants appear to require 
molybdenum for one or more unidentified roles 
other than nitrate reduction or nitrogen fixation 
For example, cauliflower plants grown on urea 
and ammonium, as reduced nitrogen sources, 
nevertheless develop characteristic molybdenum 
deficiency symptoms known as whip tail when 
molybdenum is withheld. 

Boron. The essentiality of this element was 
established around 1910 . Approximately % part 
per million (ppm) in the external solution suffice^ 
for the growth of most plants. Garden and sugar 
beets, as well as alfalfa, have a somewhat Higher 
boron requirement, 5-10 ppm being optimal* . 

There are no known compounds in plania o 
which boron is a constituent, and no enzyme 
has been shown to require boron. In most 
boron is immobile, suggesting that it is coinbirt 
with large, immobile molecules. Owing fa ^ ^ 
immobility of boron, plants have to Jtepeivc. baf®** 
continually throughout ibeir life cycldil^, 
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I^uBieroua roles have been proposed for boron, 
including roles in carbohydrate and protein me- 
labolism- One of the more recent theories is that 
boron is required for the translocation of sugar 
from the leaves, where sugar is made, to the flowers, 
fruits, and the growing points of stems and roots. 
In the absence of boron, stem and root tips die and 
flowering and fruiting are drastically reduced or 
altogether curtailed. A given degree of deficiency 
of boron, which results in almost complete failure 
to seeds in alfalfa, may not materially reduce 
the size of the plants. This well-established phe- 
nomenon and others signify a unique role of boron 
in Howering and fruiting. Successful germination 
of pollen grains and the production of the pollen 
tubes require boron. 

Boron-deficient plants lose their normal response 
to gravity, indicating that boron is involved in the 
pioduction, movement, or action of the natural 
plant hormones that cause the stem of a horizon- 
lallv placed plant to turn up and the roots to turn 


down 

(hlonne. For a plant such as tomato, a defi- 
(ien(y of chlorine results in a wilting of the leaf 
tip^ and chlorosis (yellowing), bronzing, and ne- 
Mosis (death) of the leaves. If chlorine is added 
early enough, as little as 3 ppm banishes the 
sympUnns and normal growth proceeds. 

Tomato plants show chlorine deficiency when 
they contain around 250 ppm of chlorine (dry 
weight basis), whereas this species shows molyb- 
dtniim dehciency only when the concentration is 
a»-oiind 0.1 ppm. Therefore, the tomato plant re- 
quires several thousand times as much chlorine as 
molybdenum. 

It should be made clear at this point that plants 
tcinnot tolerate more than a few parts per million 
< hlonne, that is, the molecular, gaseous form of 
the element Ordinarily plants absorb the element 
the ionic form, that is, as chloride. Most plants 
I an tolerate 500 ppm or more of chloride without 
much affecting growth, and certain halophytes 
(salt plants) can grow vigorously in high con- 
centrations of chloride salts. 

Other elements required by certain plants. 

^dnadium is required for the growth of Scenedes- 
obliquus, and it has been shown to play a role 
photosynthesis in Chlorella. There is no evidence 
essentiality for plants other than the green 

dlgae 


Sodium is an essential element for certain bluc- 
green algae, but according to the criteria of essen- 
^lahty, ii j .3 required for green algae or higher 

plants, 

Cobalt is required only for certain blue-green 
gae. 


Oeficiency symptoms. A deficiency of any one 
^ the 16 essential elements results in stunted 
and reduced yield. 

^^ficiency symptoms are best identified by per- 
; specifically trained to recognize them, since 
^ ®ficieiicy of a given element appears quite dif- 
on different plants, such as com and beans. 



Fig. 1. Young tobacco seedling showing potassium 
deficiency symptoms consisting of interveinol chlorosis 
and marginal and tip "scorch" of older leaves. (From 
G. Hambtdge, ed.. Hunger Signs in Crops; A Sympo- 
sium, Am. Soc. Agron. and Nail, Fertilizer Assoc., 2d 
ed, 1950) 

Furthermore, the application of nutrients to cor- 
rect deficiencies of most of the elements, particu- 
larly boron, copper, manganese, zinc, and molyb- 
denum, calls for the knowledge of specialists in 
plant nutrition 

The elements which are most likely to have a 
limiting effect on growth are nitrogen, phosphorus, 
and potassium; these are present in a typical, 
readily available fertilizer such as 5-10-5. Generali- 
zations can be made wi^h regard to the deficiency 
symptoms of these three main elements. Inasmuch 
as nitrogen deficiency results when nitrogen moves 
out of the older, hence lower, leaves of a plant, 
this deficiency is generally characterized by a 
yellowing of these leaves. Phosphorus deficiency is 
often characterized by a purpling of the stem, of 
the leaf, or of veins on the underside of the legves. 

In corn, phosphorus deficiency causes a purpling 
of the stem and, at times, a purpling of the leaf 
blades. Potash (potassium) deficiency results in a 
bum or scorch of the margins of the leaves, par- 
ticularly the older, lower leaves (Fig. 1). Recogni- 
tion, then, of the deficiency symptoms of these 
three elements is important and desirable, since 
any one or more of these deficiencies can be cor- 
rected by the application of readily available com- 
mercial fertilizer. 

Chemical tests (^^tissue tests*’) can often be 
made of key plant tissues to determine whether a 
given element is lacking. Such tissue tests have the 
advantage of detecting a near-deficiency before it 
becomes acute enough to express itself in the form 
of deficiency symptoms. In general, such tests must 
be* made by persons trained to conduct and to 
interpret them. 

The best approach for the average homeowner 
or fanner, however, is to have the soil tested, ii 
there is any question as to its productive capacity. 
There are commercial laboratories which provide 
this service as well as the state agricultural ex- 
periment stations. A soil test has the advantage pi 
predicting, in advance of planting, wha||: niitrienlfl 
are lacking. By the time deficiendea apfe^, idanf 
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Fig. 2. Boron doBciency in gropo plant showing inter- 
veinal chlorosis of terminol leaves and necrotic ter- 
minal growing point. (From J. A. Cooir et aL, Light 
fruit set and leaf injury from boron deficiency in vine- 
yards readily corrected when identified, Calif. Agr., 
15(3h3--4, 1961) 

growth and yield are usually irretrievably retarded. 
Tissue tests, if they are used early enough, can 
detect an incipient deficiency for correction. 

In addition to the already described, widespread 
need for nitrogen, phosphorus, and potassium, it 
is often necessary to add certain other elements. 
The following elements have been found to be de- 
ficient in one or more areas of the United States: 
boron (Fig. 2), magnesium, copper, manganese, 
zinc, iron, calcium, sulfur, and molybdenum. A 
deficiency of chlorine has not been observed under 
field conditions. In one soil or another, a deficiency 
of every essential element except chlorine has been 
found in nature. Considering the number of years 
that some of the soils have been in cultivation and 
the amounts of the essential elements which have 
been removed by the crops, it is not surprising that 
agricultural soils are becoming deficient in more 
and more of the essential elements. [h.g.g.] 

Bibliography: G. Hambidge (ed.). Hunger Signs 
in Crops; A Symposium^ Am. Soc. Agron. and 
Natl. Fertilizer Assoc., 2d ed., 1950; C. A. Lamb, 
0. G. Bentley, and J. M. Beattie (eds.). Trace 
Elements^ 1958; T. Wallace, Trace Elements in 
Plant Physiology^ 1950. 

Plant, water relations of 

W ater is the most abundant constituent of all physi- 
ologically active plant cells. Leaves, for example, 
have walei^ contents which lie mostly within a range 
of 55-85% of their fresh weight. Other relatively 


succulent parts of plants contain approxitnateK 
the same proportion of water, and even sQeli 
largely nonliving tissues as wood may be 30-60% 
water on a fresh weight basis. The smallest watei 
contents in living parts of plants occur mostly in 
dormant structures such as mature seeds and 
spores. The great bulk of the water in any plani 
constitutes a unit system. This water is not in « 
static condition. Rather it is part of a hydrodynamic 
system which in terrestrial plants involves absorp 
tion of water from the soil, its translocatior 
throughout the plant, and its loss to the environ 
ment, principally in the process K^iown as transpi 
ration. 

Cellular water relations. The typical mature 
vacuolate plant cell constitutes a tiny osmotic sys 
tern, and this idea is central to any concept of cellu 
lar water dynamics. Although the cell walls of mos 
living plant cells are quite freely permeable to wa 
ter and solutes, the cytoplasmic layer that lines thi 
cell wall is more permeable to some substances ihar 
to others. This property of differential permeabil 
ity appears to reside principally in the layer of cy 
toplasm adjacent to the cell wall (plasma mem 
brane, or plasmalemma ) and in the layer in contac 
with the vacuole (vacuolar membrane, or tono 
plast). This cytoplasmic system of membranes ii 
usually relatively permeable to water, to dissolvec 
gases, and to certain dissolved organic components 
It is often much lessr permeable to sugars and min 
eral salts. The permeability of the cytoplasmii 
membranes is quite variable, however, and unde 
certain metabolic conditions solutes that ordinarily 
penetrate through these membranes slowly or no 
at all may pass into or out of cells rapidly. 5e< 
Cell (biological). 

Osmotic pressure and turgor pressure. If a plan 
cell in a flaccid condition — one in which the cel 
sap exerts no pressure against the encompassini 
cytoplasm and cell wall — is immersed in pure wa 
ter, inward osmosis of water into the cell sap oc 
curs. Osmosis may be defined as the diffusion o 
solvent molecules, usually water, across a mem 
brane that is more permeable to the solvent than t< 
solutes dissolved in it. The driving force in osmosis 
as in other diffusion phenomena, is the diffusioi 
pressure (DP) of the diffusing molecules, in thi 
case the water molecules. Inward osmosis of wale 
takes place under these conditions because the dii 
fusion pressure of the water in the cell sap is 
than that of the surrounding pure water by th 
amount of its osmotic pressure (OP) . If the osinoti 
pressure of the water in the cell sap is 15 etmo^ 
pheres (atm), the diffusion pressure of the water i 
the cell sap is 15 atm less than that of pure wate 
at the same temperature and under the same 
sure. The lesser diffusion pressure of the water i 
the cell sap results '^om the presence of solut® 
The gain in water by the cell results in Ae 
of a turgor pressure (TP) against Ae protoj^. 
which in turn is transmitted to the cell wall W* 
pressure also prevails Aroughout Ae mart 



tion within the cell. If the cell wall is elastic some 
expansion in the volume of the cell occurs, although 
in many kinds of cells this is relatively small. 

Because of the solutes invariably present, the 
ceil sap possesses an osmotic pressure. The osmotic 
pressures of most plant cell saps lie within a 5- to 
40‘atm range of magnitudes, although values as 
high as 200 atm have been found in some halophytes 
(plants that can tolerate high-solute media). The 
osmotic pressures of the cells of a given plant tissue 
vary considerably with environmental conditions 
and intrinsic metabolic activities. More or less reg- 
ular daily or seasonal variations occur in the magni- 
tude of cell-sap osmotic pressures in the cells of 
many tissues. It is the osmotic pressure of the cell 
sap coupled with the differential permeability of 
the cytoplasmic membranes and the relative inelas- 
licity of the cell walls which permits the develop- 
ment of the more or less turgid condition charac- 
teristic of most plant cells. 

With continued osmosis of water into the cell, its 
turgor pressure gradually increases until it is equal 
tn the final osmotic pressure of the cell sap. Subjec- 
tion of the water in the cell sap to pressure in- 
rreases its diffusion pressure by the amount of the 
imposed pressure. In the example given above, dis- 
regarding the usually small amount of sap dilution 
as a result of cell expansion, the diffusion pressure 
of the water in the cell sap is reduced 15 atm be- 
(ause of the presence of solutes (the osmotic pres- 
sure is the index of this lowering of diffusion pres- 
sure) and raised 15 atm as a result of turgor 
pressure when maximum turgor is reached. Hence 
when dynamic equilibrium is attained the diffusion 
pressure of the water in the cell sap is equal to that 
^‘f the surrounding water, a condition which must 
necessarily obtain if an equilibrium is to be 
achieved. 

If the same cell in a flaccid condition is immersed 
•n a solution with an osmotic pressure of 6 atm, in- 
'vard osmosis occurs, but it does not continue as 
long as when the cell is immersed in pure water. 
Disregarding sap dilution, a dynamic equilibrium 
will be attained under these circumstances when 
the turgor pressure of the cell sap has reached 9 
atm because at this point the diffusion pressures of 
the water in the cell sap and in the surrounding 
solution will be equal. Since the diffusion pressure 
of the water in the cell sap was originally dimin- 
ished 15 atm because of the presence of solutes and 
* raised 9 atm because of turgor pressure, the 
iict reduction in diffusion pressure, therefore, is 6 
*tm, which is the same as the reduction of diffusion 
pressure in the surrounding solution. At dynamic 
^^uilibrium the number of water molecules entering 
D and the number leaving it per unit of time 
'^ill be equal. 

Effusion pressure deficU. As the examples given 
th effective physical quantity oontroHing 

^ ® uitaction of osmotic movement of water from 
tern ^ plants or between a cell and an ex- 
solution is the diffusion pressure deficit 
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(DPD) of the water. This quantity is equal to the 
osmotic pressure of the water less the turgor pres- 
sure to which it is subjected. Under certain circum- 
stances the turgor pressure may be negative in 
value, that is, the water may be under tension. Ex- 
amples of the occurrence of water under tension in 
plants will be discussed later in this article. When 
water is under tension its diffusion pressure deficit 
is equal to its osmotic pressure plus the tension to 
which it is subjected. In an unconfined solution the 
diffusion pressure deficit is equal to its osmotic 
pressure, since there is no turgor pressure. In a 
fully turgid plant cell the diffusion pressure deficit 
is zero, and the turgor pressure is equal to the os- 
motic pressure; in a fully flaccid cell the turgor 
pressure is zero, and the diffusion pressure is equal 
to the osmotic pressure. 

The interrelationships among the principal os- 
motic quantities of a plant cell can be expressed 
in the simple equation 

DPD » OP - TP 

These relationships are also illustrated diagram- 
matically in Fig. 1, in which allowance has also 
been made for the effect of volume changes which 
are characteristic of some kinds of cells with shifts 
in turgor pressure. The conditions which would pre- 
vail in the cell if the cell sap passed into a state of 
tension (negative pressure) are indicated by the 
dotted extensions of the curves to the left. 

Cell-to-cell movement of water in plants always 
occurs from the cell of lesser to the cell of greater 
diffusion pressure deficit. Such movement of water 
in plant tissues apparently often occurs over con- 
siderable distances along diffusion pressure deficit 
gradients in which the diffusion pressure deficit of 



incipient fully 

plosmolysls turgid 

relative cell volume 

Fig. 1. lnterral 0 fionshlps omong osmotic pressure## 

turgor pretsuros, diffusion prsasure deficits, and vol- 
umes of a plant cell. (From K, Hofler, ^fun. 

Gei., 7920} 
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each cell in a Beries is greater than that of the pre- 
ceding one. 

Plasmolysis. If a turgid or partially turgid plant 
cell is immersed in a solution with a greater os- 
motic pressure than the cell sap, a gradual shrink- 
age in the volume of the cell ensues ; the shrinkage 
may be small or large depending upon the kind of 
cell and its initial degree of turgidity. When the 
lower limit of cell wall elasticity is reached, the 
protoplasmic layer begins to recede from the inner 
surface of the cell wall as a result of the continued 
loss of water from the cell sap. Retreat of the proto- 
plasm from the cell often continues until it has 
shrunk towards the center of the cell, the space be- 
tween the protoplasm and the cell wall becoming 
occupied by the bathing solution. This phenomenon 
is called plasmolysis. If a cell is immersed in a so- 
lution with an osmotic pressure which just slightly 
exceeds that of the cell sap, withdrawal of the pro- 
toplasm from the cell wall should be just barely 
initiated. The stage of plasmolysis shown in Fig. 1 
is called incipient plasmolysis, and it is the basis 
for one of the commonly used methods of measur- 
ing the osmotic pressure of plant cells. 

Imbibition. In some kinds of plant cells move- 
ment of water occurs principally by the process of 
imbibition rather than osmosis. The swelling of dry 
seeds when immersed in water is a familiar exam- 
ple of this process. Imbibition, like osmosis, is basi- 
cally a diffusion process and occurs because of the 
greater diffusion pressure deficit of the water in the 
imbibant as compared with the diffusion pressure 
deficit of the water in some contiguous part of the 
system. An equilibrium is reached only when the 
diffusion pressure deficit of the water in the two 
parts of the system has attained the same value. 
The diffusion pressure deficit of the water in a dry 
seed is extremely high, being equal in value to its 
so-called ‘‘imbibition pressure”; that of pure water 
is zero, hence movement of water into the seed oc- 
curs. Even if the seeds are immersed in a solution 
of considerable osmotic pressure, which in an un- 
confined solution is an index of its diffusion pres- 
sure deficit, imbibition occurs. However, if the os- 
motic pressure of the solution is high enough (of 
the order of 1000 atm) the seed will not gain wa- 
ter from the solution, and may even lose a little to 
the solution. In other words, if the diffusion pres- 
sure deficit of the solution is high enough, imbibi- 
tion does not occur. 

However, a difference in diffusion pressure defi- 
cits between the liquid in an imbibant and in the 
surrounding or adjacent medium is not the only 
condition which must be fulfilled if imbibition is to 
occur. Seeds swell readily when immersed in wa- 
ter, but not when immersed in ether or other or- 
ganic liquids. Contrariwise, rubber does not im- 
bibe water, but does imbibe measurable quantities 
of ether and otber organic liquids. Certain specific 
attractive forces between the molecules of the im- 
bibant and the imbibed liquid are therefore also a 
requisite for the occurrence of imbibition. 

In an imbibitional system tbs imbibition pres- 
sure. (IP) of the imbibant is the analoaue of the 


osmotic pressure in an osmotic system; hence 
such a system 

DPD - IP -- TP 

The imbibition pressure may be regarded as the ii 
dex of the reduction in diffusion pressure in an ir 
bibant insofar as this results from attractions b 
tween the molecules of the imbibant and wati 
molecules. For an unconfined imbibant which is ir 
merged in water the diffusion pressure deficit ir 
tially equals the imbibition pressure since there 
no turgor pressure factor. The more nearly sat 
rated such an imbibant becomes, the smaller i 
imbibition pressure and hence also its diffusu 
pressure deficit. A fully saturated imbibant has 
zero imbibition pressure and a zero diffusion pre 
sure deficit. 

The stomatal mechanism. Various gases difln 
into and out of physiologically active plants. Tho 
gases of greatest physiological significance a 
carbon dioxide, which diffuses into the plant durir 
photosynthesis and is lost from the plant in respir 
tion; oxygen, which diffuses in during respirafii 
and is lost during photosynthesis; and water vap<i 
which is lost in the process of transpiration. T1 
great bulk of the gaseous exchanges between 
plant and its environment occurs through tiny por 
in the epidermi.s called stomales (.sec Epidi-.rmi 
plant). Althouf^ stomates occur on many aeii 
parts of plants, mey are most characteristic of, ar 
occur in greatest abundance in, leaves. Sec Lk' 
(botany). 

Each stomate or stoma ( plural, stomates or M 
mata) consists of a minute elliptical pore sii 
rounded by two distinctively shaped epidermal rel 
called guard cells. Stomates are sometimes op< 
and sometimes closed ; when closed all gaseous 
changes between a plant and its environment a 
greatly retarded. The size of a fully open stoma 
differs greatly from one species of plant to anothe 
Among the largest known are those of the wande 
ing Jew {Zebrina pendida) whose axial dimensioi 
average 31 by 12 microns (p.). In most species tl 
stomates are much smaller, blit all of them aff«' 
portals of egress or ingress which are enormous re 
ative to the size of the gas molecules that diffu 
through them. The number of stomates per squa 
centimeter of leaf surface ranges from a few tho 
sand in some species to over a hundred tho 
sand in others. In many species of plants stoinat 
are present in both the upper and lower epid< 
mises, usually being more abundant in the lonvi 
In many species, especially of woody plants, th 
are present only in the lower epidermis. In floalif 
leaved aquatic species stomates occur only ^ 
upper epidermis. 

Rates of transpiration (loss of water vapo 
from leaves of the expanded tjqjfC often arc 50 

desp«« ‘ 



ignificant is the fact that the rate of diffusion of 
arbon dioxide, essential in photosynthesis^ into 
[]c leaves through the stomates is much greater 
ban through the equivalent area of an efficient 
arbon dioxide absorbing surface. 

Although some mass flow of gases undoubtedly 
rears through the stomates under certain condi> 
ions, most movement of gases into or out of a leaf 
»kes place by diffusion through the stomates. Dif- 
ii-^ion is the physical process whereby molecules of 
gas move from a region of their greater diffusion 
irpssure to the region of their lesser diffusion pres- 
iire as a result of their own kinetic activity. Mole- 
ules of liquids and .solids (to a limited extent), 
loleciiles and ions of solutes, and colloidal parti- 
also diffuse whenever the appropriate circum- 
tariocs prevail. As previously pointed out, osmosis 
nd imbibition are basically diffusion processes in- 
fdvirig the movement of molecules in the liquid 
rale. 

Diffusion of gases through small pores follows 
ertain principles which account for the high diffu- 
ive capacity of the stomates. Tn the diffusion of a 
.as through a small pore, an overwhelming propor- 
ion of the molecules escape over the rim of the 
>ore relative to those escaping through its center, 
fence, diffusion rates through small apertures vary 
^ their perimeter rather than as their area. The 
pss the area of a pore, therefore, the greater its 
liffiisive capacity relative to its area. Therefore, a 
may diffuse nearly as rapidly through a septum 
)HTced with a number of small orifices, whose ag- 
:rcj:a!c area represents only a small proportion of 
he septum area, as through an open surface equal 
n ar(?a to the septum. The high diffusive capacity 
d the stomates can be accounted for in terms of 
liese principles. Since diffusion of gases through 
tomales is proportional to the perimeter of the 
>'>re rather than to dts area, the diffusion rate 
hroiigh a partially open stomate is almost as great 
IS through a fully open stomate. 

In general stomates are open in the daytime and 
dosed at night, although there are many exceptions 
•> this statement. The mechanism whereby stomates 
^pen in the light and close in the dark seems to he 
Principally an osmotic one although other factors 
ire probably involved. Upon the advent of illumina- 
^on, the hydrogen-ion concentration of the guard 
tills decreases. This favors the action of the en- 
^yme phosphorylase which, in the presence of pho.s- 
phates, causes transformation of insoluble starch 
the soluble compound glucose-l-phosphate. 
^he resulting increase in solute concentration pf 
^he guard cells causes an increase in their osmotic 
Pfes.sure and hence also in their diffusion pressure 
Osmotic movement of water takes place 
rom contiguous epidermal cells, in which there is 
*ttle daily variation in osmotic pressure, into the 
cells. The resulting increase in the turgor 
of the guard cells causes them to open. 
Y 5^® advent of darkness or of a relatively low 
wt intensity, the reverse train of processes is .ap- 
set in operation, kading ultimately to 
®*®matal closure. 
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Light of low intensity is, generally speaking, leas 
effective than stronger illumination in inducing 
stomatal opening. Hence stomates often do not 
open as wide on cloudy as on clear days, and often 
do not remain open for as much of the daylight pe- 
riod. A deficiency of water within the plant also in- 
duces partial to complete closure of the stomates. 
During periods of drought, therefore, stomates re- 
main shut continuously or, at most, are open for 
only short periods each day, regardless of the light 
intensity to which the plant is exposed. Opening of 
the stomates does not occur in most species at tem- 
peratures approaching freezing. Hence in cold or 
even cool weather stomates often remain closed 
even when other environmental conditions are fa- 
vorable to their opening. Nocturnal opening occurs 
at times in some species, but the conditions which 
induce this pattern of stomatal reaction are not 
clearly understood. 

THE PROCESS OF TRANSPIRATION 

The term transpiration is used to designate the 
process whereby water vapor is lost from plants. 
Although basically an evaporation process, tran- 
spiration is complicated by other physical and 
physiological conditions prevailing in the plant. 
Whereas loss of water vapor can occur from any 
part of ihe plant which is exposed to the atmos- 
phere, the great bulk of all transpiration occurs 
from the leaves. There are two kinds of foliar tran- 
spiration : ( 1 ) stomatal transpiration, in which wa- 
ter vapor loss occurs through the stomates, and 
(2; cuticular transpiration, which occurs directly 
from the outside surface of epidermal walls through 
the cuticle. In most species 90% or more of all 
foliar transpiration is of the stomatal type. 

Dynamics of stomatal transpiration. The dy- 
namics of stomatal transpiration is considerably 
more complex than that of cuticular transpiration. 
In the leaves of most kinds of plants the mesophyll 
cells do not fit together tightly and the intercellular 
spaces between them are occupied by air. A verita- 
ble labyrinth of air-filled spaces is thus present 
within a leaf, bounded by the water-saturated walls 
of the mesophyll cells. Water evaporates readily 
from these wet cell walls into the intercellular 
spaces. If the stomates are closed, the only effect of 
such evaporation is to saturate the intercellular 
spaces with water vapor. If the stomates are open, 
however, diffusion of water vapor usually occurs 
through them into the surrounding atmosphere. ^ 
Such diffusion always occurs unless the atmosphere 
has a vapor pressure equal to or greater than 
that within the intercellular spaces, a situation 
which seldom prevails during the daylight hours of 
clear days. The two physical processes of evapoj^a- 
tion and diffusion of water vapor are both integjral 
steps in stomatal transpiration. Physiological con- 
trol of diis component of transpiration is exerted 
through the opcaiing and closing of the stomates, 
previously described. 

Cffecte of ot trofuiiirotkHi^ Lil^ 

is one of the major ri^ 

tron^tttioO ber^uar of oootndU&g 
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the opening and closing of stomates. Since stomata! 
transpiration is largely restricted to the daylight 
hours, daytime rates of transpiration are usually 
many times greater than night rates, which largely 
or entirely represent ciiticular transpiration. Since 
leaves in direct sLiiilight usually have temperatures 
from one to several degrees higher than that of the 
surrounding atmosphere, light also has a secondary 
accelerating effect on transpiration through its in- 
fluence on leaf temperatures. Increase in leaf tem- 
perature results in an increase in the diffusion pres- 
sure of the water vapor molecules within the leaf. 

The rate of diffusion of water vapor through open 
stomates depends upon the steepness of the vapor 
pressure gradient between the intercellular spaces 
and the outside atmosphere. When the vapor pres- 
sure in that part of the intercellular spaces just be- 
low the stomatal pores is high relative to that of the 
atmosphere, diffusion of water vapor out of the leaf 
occurs rapidly; when it is low, water vapor diffu- 
sion occurs much more slowly. 

Temperature has a marked effect upon rates of 
transpiration principally because of its differen- 
tial effect upon the vapor pressure of the intercellu- 
lar spaces and atmosphere. Although leaf tempera- 
tures do not exactly parallel atmospheric tempera- 
tures, increase in atmospheric temperature in gen- 
eral results in a rise in leaf temperature and vice 
versa. On a warm, clear day such as would be typi- 
6ed by many summer days in temperate latitudes, 
and with an adequate soil water supply, increase in 
temperature results in an increase in the vapor 
pressure of the intercellular spaces. Such a rise in 
vapor pressure occurs because the vapor pressure 
corresponding to a saturated condition of an at- 
mosphere increases with rise in temperature, and 
the extensive evaporating surfaces of the cell walls 
bounding the intercellular spaces make it possible 
for the intercellular spaces to be maintained in an 
approximately saturated condition most of the time. 
An increase in temperature ordinarily has little or 
no effect on the vapor pressure of the atmosphere 
and this is especially true of warm, bright days on 
which transpiration rates are the highest. Hence, 
as the temperature rises, the vapor pressure of the 
intercellular spaces increases relative to that of the 
external atmosphere, the vapor pressure gradient 
through the stomates is steepened, and the rate of 
outward diffusion of water vapor increases. 

Wind velocity is another factor which influences 
the rate of transpiration. Generally speaking, a 
gentle breeze is relatively much more effective in 
increasing transpiration rates than are winds of 
greater velocity. In quiet air localized zones of rela- 
tively high atmospheric vapor pressure may build 
up in the vicinity of transpiring leaves. Such zones 
retard transpiration unless there is sufficient air 
movement to prevent the accumulation of water 
vapor molecules. The bending, twisting, and flut- 
tering of leaf blades and the swaying of stalks and 
branches in a wind also contribute to increasing the 
rate of transpiration. 

Soil ^ater condiUons exert a major influence on 
the rate of transpiration. Whenever soil conditions 


are such that the rate of absorption of water ig 
tarded there is a corresponding diminution 
rate of transpiration. 

Daily periodicity of transpiration. The rate of 
every major plant process, including transpiration 
is measurably and often markedly influenced by thf 
environmental conditions to which the plant is eu- 
posed. Many of the environmental factors exhibir 
more or less regular daily periodicities, which vaT\ 
somewhat, of course, with the prevailing climatic 
conditions. This is especially true of the factors of 
light and temperature. Many plant processes, in. 
eluding transpiration, therefore exhibit daily perio- 
dicities in rate that are correlat^lfl with the daily 
periodicities of one or more environmental factors 

The daily periodicity of transpiration in alfalfa 
as exhibited on a clear, warm day with adcqualr 
soil water available is illustrated in Fig. 2. A simi- 
lar daily penodic^ity of transpiration is exhibited 
under comparable environmental conditions bv 
many other species. During the hours of darknes. 
the transpiration rate is relatively low, and in moq 
species water vapor loss during this period rnav ht 
regarded as entirely cuticular or nearly so. The 
transpiration rate shows a steady rise during the 
morning hours culminating in a peak rate which h 
attained in the early hours of the afternoon. The in- 
crease in transpiration rate during the forepart of 
the day results from gradual opening of the sto- 
mates beginning wi^ the advent of light, followed 
by a steady increas^e in the steepness of the 
pre.ssure gradient through the stomates, which no- 
curs as a result of increasing atmospheric tempera- 
ture during ' the morning and earlier afternoon 
hours. 

In most plants, if transpiration is occurring rap- 
idly, the rate of absorption of water does not keep 
pace with the rate at which water vapor is lost from 
the leaves. In other words the plant is gradualh 
being depleted of water during the daylight hours. 
In time the resulting decrease in the water content 
of the leaf cells results in a reduced vapor pressure 
within the intercellular spaces, and a diminution m 
the rate of transpiration begins. Stomates also start 
to close as a result of the diminished leaf 
content, and their closure is accelerated during ih® 
latter part of the afternoon by the waning light in- 
tensity. By nightfall complete closure of virtiialh 
all stomates has taken place, and water vapor lo^ 
during the hours of darkness is again restriciea 
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•Ig. 2. Daily periodicity of tronipiratioh of 
hree successive clear, worm days with adequate 
voter. Rate of transpirotion expressed as 0*’*^ ^ 
lour per 6 ft square plot of alfolfa. 

^homos and G. R. Hifl, Plant PhysiaLr 
937) 
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largely or entirely to the relatively low rate of cu- 
ficular transpiration. It is noteworthy that the peak 
rate of transpiration occurs during the early after- 
noon hours, correlating more closely with the daily 
temperature periodicity than with the daily perio- 

itv of intensity. 

Under environmental conditions differing con- 
siderably from those postulated in the preceding 
discussion, patterns of transpiration periodicity 
rna\ ‘’how a (Considerable variance from the one de- 
siribed On cloudy days, for example, stomates 
genet ally open less completely than on clear days, 
ind a curve for daily transyiiration periodicity pre- 
sents a greatly flattened appearance as compared 
\s[\h the one shown in Fig. 2. A (ool temperature, 
even in a range somewhat above freezing, greatly 
(liniinishes and may even result in cessation of 
hf(imdtdl transpiration, resulting in a pronounced 
n (idifiration in the daily march of transpiration 
peri(»dKity A deficient soil water supply is prob- 
iMv the most common cause of departures from 
\\h pattern of transpiration described aho\e. A re- 
ilmtion in soil water content below the field capac- 
itv (optimum water availability) results not only 
in d geneial flattening of the transpiration perio- 
diiit\ curve, but frequently also in appearance of 
the pedk of the curve somewhat earlier in the dav. 
^inee even in temperate /one regions, drought pe- 
riod^ of greater or less seveiitv are of < ornmon oc- 
(urrence during the summer months, and in many 
lulutats arc the rule rather than the ex<*eption, 
transpiration peiiodieitv (‘iirves of this flattened, 
ind skewed peak type aie undoubtedly of frecfuent 
n(( niienr e. 

Magnitude of transpiration. Transpnation of 
hroad leaved species of filants growing under tem- 
perate zone conditions may range up to about 5 
SidiTis per square decimeter of leaf area per hour. 

lent quantities of water are often lost in tran- 
''piratjon by vegetation-covered areas of the earth’s 
MU fate to have important effects not only on soil 
'vater relations, but also on meteorological condi- 
tions The quantities of water lost per acre by 
grasslands, or forest are therefore a matter 
of basic interest. An acre of corn (maize), for ex- 
•iniple, tianspires water equivalent to 15 in. of rain- 
fall during a usual growing season. Transpiration 
of deciduous, largely oak, forest in the southern 
Appalachian mountains has been estimated as 
equivalent to 17-22 in, of rainfall per year. Marked 
J'ariations occur in such values from year to year, 
owever, depending upon prevailing climatic con- 
ditions. 

Significance of transpiration. Viewpoints re- 
garding the significance of transpiration have 
between the two extremes of considering it 
^ process that is (1) an unavoidable evil, or (2) a 
vsiologica] necessity. Neither of these extreme 
appears to be tenable. Some of the incidental 
j of transpiration appear to be advantageous 
but none of them is indispensable for 
sundval or even for its adequate physiological 
Peration. likewise, while some of the incidental 
^®ts of transpiration aonear to be detrimental to 
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the plant, none of them is so in such a critical fash- 
ion that survival of plants, considered in the aggre- 
gate, is endangered. 

Transpiration is a necessary consequence of the 
relation of water to the anatomy of the plant, and 
especially to the anatomy of the leaves. Terrestrial 
green plants are dependent upon atmospheric car- 
bon dioxide for their survival. In terrestrial vascu- 
lar plants the principal carbon dioxide absorbing 
surfaces are the moist mesophyll cell walls which 
hound the intercellular spaces in leaves. Ingress of 
carbon dioxide into these spaces occurs mostly by 
diffusion through open stomates. When the sto- 
inates are open, outward diffusion of water vapor 
unavoidably occurs, and such stomata! transpira- 
tion accounts for most of the water vapor loss from 
plants. Although transpiration is thus, in effect, an 
incidental phenomenon, it often has marked indi- 
rect effects on other physiological processes occur- 
ring in the plant because of its effects on the inter- 
nal water relations of the plant. 

TRANSLOCATION OF WATER 

In terrestrial rooted plants practically all of the 
water which enters a plant is absorbed from the 
soil bv the roots. The water thus absorbed is trans- 
located to all parts of the plant. In the tallest trees 
(spec imens of the roast redwood. Sequoia sempervi- 
rens ) the distance from the tips of the deepest roots 
to the tips of the topmost branches is nearly 400 ft, 
and water must he elevated for this distance 
through such trees. Although few plants are as tall 
as such redwoods, the same mechanisms of water 
mo' TTient are believed to operate in all vascular 
species. The mechanism of the “ascent of sap” (all 
translocated water contains at least traces of sol- 
utes) in plant and especially tall trees, was one of 
the first processes to excite the interest of plant 
physiologists. 

Pathway of water movement. The upward 

movement of water in plants occurs in the xvlem, 
which, in the larger roots, trunks, and branches of 
trees and shrubs, is identical with the wood {see 
Xyli m). In the trunks or larger branches of most 
kindM of trees, however, sap movement is restricted 
to a few of the outermost annual layers of wood. 
This explains why hollow trees, in which the cen- 
tral core of older wood has disintegrated, can re- 
main alive for many years. The xylem of any plant 
is a unit and continuous system throughout the 
plant. Small strands of this tissue extend almost to 
the tip of every root. Other strands, the larger of 
which constitute important parts of the veins, ram- 
ify to all parts of each leaf. In angiosperms most 
translocation of water occurs through the xylem 
vessels, which are nonliving, elongated, tubelike 
structures. The vessels are formed by the end-to- 
end coalescence of many much smaller cells, death 
of these cells ensuing at about the same time that 
coalescence occurs. In trees the diameters of sfich 
vessels range from about 20 to 400 /a, and they laay 
extend for many feet with no more interruplfoii 
than an occasional incomplete cross *waU. In 
nospemts no vessels are prpent and movesn^l ^ 
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water occurs solely through spindle-shaped xylem 
cells called tracheids. Vertically contiguous tra- 
cheids always overlap along their tapering portions, 
resulting in a densely packed type of woody tissue. 
Individual tracheids may be as much as 5 mm in 
length. Like the vessels, they are nonliving while 
functional in the translocation of water. Small, 
more or less rounded, thin areas occur in the walls 
of vessels and tracheids that are contiguous with 
the walls, of other tracheids, vessels, or cells. Struc- 
turally three main types of such pits are recognized, 
but all of them appear to facilitate the passage of 
water from one xylem element to another. 

Root pressure. The exudation of xylem sap 
from the stump of a cut off herbaceous plant is a 
commonly observed phenomenon. Sap exudation 
(“bleeding”) from the cut ends of stems or from 
incisions into the wood also occurs in certain 
woody plants, .such as birch, currant, and grape, 
especially in the spring. A single vigorous grape- 
vine often loses a liter or more of sap per day 
through the cut ends of stems after spring pruning. 
This exudation of sap from the xylem* tissue results 
from a pressure originating in the roots, railed root 
pre.ssure. A related phenomenon is that of gutta- 
tion. This term refers to the exudation of drops of 
water from the tips or margins of leaves and occurs 
in many species of herbaceous plants as well as in 
some woody species. Like sap exudation from cut 
stems, this phenomenon is observed most frequently 
in the spring, and especially during early morning 
hours. The water exuded in guttation is not pure, 
but contains traces of sugar and other solutes. Gut- 
tation occurs from special structures called hyda- 
thodes which are similar in structure to, but larger, 
than stomates. In most species water loss by gutta- 
tion is negligible in comparison with the water lost 
as vapor in transpiration. Like xylem sap exuda- 
tion, guttation results from root pressure. 

Root pressure is generally considered to be one 
of the mechanisms of upward transport of water in 
plants. While it is undoubtedly true that root pres- 
sure does account for some upward movement of 
water in certain species of plants at .some seasons, 
various considerations indicate that it can be only 
a secondary mechanism of water transport. Among 
these are (1) there are many species in which the 
phenomenon of root pressure has not been observed, 
(2) the magnitude of measured root pressures sel- 
dom exceeds 2 atm, which could not activate a rise 
of water for more than about 60 ft, and many trees 
are much taller than this, (3) known rates of xy- 
lem-sap flow under the influence of root prq^sure 
are usually inadequate to compensate for known 
rates of transpiration, (4) root pressures are usu- 
ally operative in woody plants only during the early 
spring; during the summer months when transpira- 
tion rates, and hence rates of xylem-sap trans- 
port, are greatest, root pressures are negligible or 
nonexistent 

CohgiIcNi 0f tMtor and ascent of sap« Although 
invariably in motion, as a result of their kinetic en- 
ergy, water molecules are also strongly attracted to 


each other. In masses of liquid water the existence 
of such intermolecular attractions is not obvious 
but when water is confined in long tubes of snui]) 
diameter the reality of the mutual attraction^ 
among water molecules can be demonstrated. If the 
water at the top of such a tube be subjected to a 
pull the resulting stress will, because of the mutual 
attraction (cohesion) among water molecules, he 
transmitted all the way down the column of water. 
Furthermore, because of the attraction between the 
water molecules and the wall of the tube (adhesion), 
subjecting the water column to a stress does not re- 
sult in pulling it away from the wall. 

The facts just recited have beeta made the bask 
of a widely entertained theory of tne mechanism of 
water transport in plants, first clearly enunciated 
by H. H. Dixon in 1914. According to this theory, 
upward translocation of water is engendered by 
the development of diffusion pressure deficits in 
the cells of apical organs of plants. Such diffusion 
pressure deficits develop most commonly in the 
mesophyll cells of leaves, hence this concept of the 
mechanism of water translocation is usually asso- 
ciated with the process of transpiration. 

Evaporation of water from the walls of the meso- 
phyll cells abutting on the intercellular spaces re- 
sults in an increase in the diffusion pressure deficit 
of these cells. Consequent cell-to-cell movements 
of water cause an increase in the diffusion pressure 
deficit even of thos^mesophyll cells which are not 
directly exposed to Che intercellular spaces. The re- 
sulting increase in diffusion pre.ssure deficit of those 
cells directly in contact with the xylem elements in 
the veinlets of the leaf induces movement of water 
from the vessels or tracheids into these adjacent 
cells. Since, whenever transpiration is occurring at 
appreciable rates, water does not enter the lower 
ends of the xylem conduits in the roots as rapidh 
as it passes out of the vessels or tracheids into ad- 
jacent cells at the upper ends of the water-condiu- 
live system, the water in the xylem ducts 
stretched into taut threads, that is, it passes into a 
state of tension. Each column of water behaves 
a tiny stretched wire. The tension is transmitted 
along the entire length of the water columns to 
their terminations just back of the root tips. Since 
the tension sustained by the water in the xylem 
ducts is in effect a diffusion pressure deficit (the 
osmotic factor in the diffusion pressure deficit of 
xylem sap is usually small relative to the tension 
factor), movement of water is induced from adja- 
cent root cells into xylem elements in the absorbing 
regions of roots. 

The tension engendered in the water columns can 
be sustained by them because of the cohesion 
tween the water molecules, acting in conjunction 
with the adhesion of the boundary layers of water 
molecules to the walls of tl;iji^,x^em ducts. The ex- 
istence of water uhVler ten^i^ifu vessels has boon 
verified in a number of species of plants by 
microscopic examination. There is some evi4^^® 
that, under conditions of marked internal watfed^ 
ficiency, the tensions generated in the watei^:^** 



umns are proliferated into the mesophyll cells of 
leaves and cells in the absorbing regions of roots. 
(Conservative calculations indicate that a cohesion 
value of 30-50 atm would be adequate to permit 
translocation of water to the top of the tallest 
known trees. However, under conditions of internal 
wafer deficiency, tensions considerably in excess of 
50 atm are probably engendered in the water col- 
umns of many plants, especially woody species. 

ABSORPTION OF WATER 

This process will be discussed only from the 
standpoint of terrestrial, rooted plants. Considera- 
tion of the absorption of water by plants necessi- 
tate-j; an understanding of the physical status of the 
water in soils as it exists under various conditions. 

Soil water conditions. Even in the tightest of 
^oils the particles never fit together perfectly and 
a cerlain amount of space exists among them (^ee 
This pore space of a soil ranges from about 
r of the soil volume in sandy soils to about 50% 
()l the soil volume in heavy clay soils. In desiccated 
-oils the pore space is occupied entirely by air, in 
saturated soils it is occupied entirely by water, but 
in m<»i.st, well-drained soils it is usually occupied 
partly hv air and partly by water. In a soil in which 
a water table is located not too far below the siir- 
fd(T. considerable quantities of water may rise into 
up})er layers by capillarity and become available 
to plants. In arid regions, however, there ordinarily 
is no water table. Even in many humid regions the 
water table is continuously or intermittently too 
far below the soil surface to be an appreciable 
MMure of water for most plants. In all soils lacking 
a water table, or in which the water table is at a 
considerable depth, the only water available to 
lilaiits is that which comes as natural precipitation 
or which is provided by artificial irrigation. If wa- 
ter falls on or is applied to a dry soil which is 
homogeneous to a considerable depth, it will be- 
corne rapidly distributed to a depth which will de- 
pend on the quantity of water supplied per unit 
area, and on the specific properties of that soil. 
After several days, further deepening of the moist 
hiyer of soil extending downward from the surface 
'•rtually ceases, because within such a time interval 
'apiilary movement of water in a downward direc- 
has become extremely slow or nonexistent. 
The boundary line between the moist layer of soil 
**h«ve and the drier zone below will be a distinct 
In this condition of field equilibrium the wa- 
content of the upper moist soil layer is, in ho- 
^‘^Keneous soils, essentially uniform throughout. 

The water content of a soil in this equilibrium 
rendition is called the field capacity. Field capaci- 
range from about 5% in coarse sandy soils to 
*houi 45 % of the dry weight in clay soils. TTie mois- 
equivalent of a soib often measured in the lab- 
’^*‘atory, is usually very close in value to the field 
^ opacity of the same soil. It is defined as the water 
^ which is retained against a force 
times gravity as measured in a centrifuge, 
at its field capacity is relatively moist, btit is 
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also well aerated. Soil water contents at or near the 
field capacity are the most favorable for growth of 
most kinds of plants. 

A considerable proportion of the water in any 
soil is unavailable in the growth of plants. The per- 
manent wilting percentage is the generally accepted 
index of this fraction of the soil water. This quan- 
tity is measured by allowing a plant to develop 
with its roots in soil enclosed in a waterproof pot 
until the plant passes into a state of permanent 
wilting. The water content of the soil when the plant 
just passes into this condition is the permanent wilt- 
ing percentage. The range of permanent wilting 
percentages is from 2-3% of the dry weight in 
coarse sandy soils to about 20% in heavy clay 
loams. About the same value is obtained for the 
permanent wilting percentage of a given soil, re- 
gardless of the kind of test plant used. 

The diffusion pressure deficit of the soil water 
has two major components. One is the osmotic pres- 
sure of the soil solution, which in most kinds of 
soils is only a fraction of an atmosphere. The other 
is the attractive forces between the soil particles 
and water molecules which may attain a very con- 
siderable magnitude, especially in dry soils. In 
moist soils, those at the field capacity or higher soil 
water content, the former of these two components 
is principally responsible for the soil water diffu- 
sion pressure deficit; in drier soils the latter of 
these two components is almost solely responsible 
for the diiTusion pressure deficit of the soil water. 
In the majority of soils the diffusion pressure def- 
icit of the soil water is close to zero at saturation, 
than 1 atm at field capacity, and in the vicinity 
of 15 atm at the permanent wilting percentage. 
With further reduction in the water content of a 
soil below its permanent wilting percentage, its 
diffusion pr-ssure deficit increases rapidly and at 
an accelerating rate. Almost no water can be ab- 
sorbed by plants at such high soil water diffusion 
pressure deficits; it is for this reason that the per- 
manent wilting percentage is the index of the soil 
water which is unavailable in plant growth 
(Fig. 3). 

Relation of root growth to water absorption. 

The successively smaller branches of the root sys- 
tem of any plant terminate ultimately in the root 
tips, of which there may be thousands and often 
millions on a single plant. As generally employed, 
the term root tip refers to the region extending 
back from the apex of the root for a distance of at 
least several centimeters. The terminal zone of a 
root tip is the root cap. Just back of this are the 
regions in which cell division and cell elongation 
occur and in which all growth in length of roots 
takes place. See Root (botany) . Just back of these 
regions, in the majority of species^ is the zone of 
root hairs. Each root hair is a projection from the 
epidermal cell of which it is an integral par^ A 
single root tip may bear thousands of root hiirs, 
ranging in length from a few millimeters u| te 
about a centimeter. In mo^ species the root Ipdrs 
are shortlived structures, but nOiv ones aVe ebn- 
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Fig. 3. Relation between diffusion pressure deficit of 
soil water and soil water content of two soils over en- 
tire range of soil water contents. Horizontal brackets 
show the range for each soil over which water is 
readily available to plants. The vertical scale is loga- 
rithmic. (From M. 6. Russell, Am. Soil Sc/. Soc. Proc,, 
4:5U54, 1939) 

stantly developing ju8t back of the growing region 
of the root as it elongates. Most absorption of wa- 
ter occurs in the root tip regions, and especially in 
the root hair zone. Older portions of most roots be- 
come covered with cutinized or suberized layers 
through which only very limited quantities of water 
can pass. 

Whenever the diffusion pressure deficit of the wa- 
ter in the root hairs and other peripheral cells of 
a root lip exceeds that of the soil water, movement 
of water takes place into the root cells. If the soil 
water content exceeds the field capacity, water may 
move by capillarity toward the region of absorption 
from portions of the soil not immediately contigu- 
ous with the root tips, and the supply of readily ab- 
sorbable water is maintained in thi.s way. Elonga- 
tion of the roots, although slower in most species in 
relatively wet soils, also helps maintain contact be- 
tween the root tips and untapped portions of^^the 
soil water. Many plants, much of the time, grow in 
soils with a water content in the range ^tween 
the field capacity and the permanent wilting per- 
centage. In this range of soil water contents, cap- 
illary movement of water through the soil is ex- 
tremely slow or nonexistent, and an adequate 
supply of water cannot be maintained to rapidly 
absorbing root tips by this means. In such soils 
maintenance of contact between the root tips and 


available soil water is assured only by continue^i 
elongation of the roots through the soil. Mature 
root systems of many plants terminate in millions 
of root tips, each of which may be visualized 
slowly advancing through the soil, absorbing water 
from around or between the soil particles with 
which it comes in contact. The aggregate increase 
in the length of the root system of a rye plant aver- 
ages 3.1 mi/day. Calculations indicate that the 
daily root elongation of this plant is adequate to 
permit absorption of a sufficient quantity of water 
from soils at the field capacity to compensate for 
daily franspiratioiial water loss. 

Mechanisms of absorption of |ifater. As previ- 
ously indicated, the tension generated in the water 
columns of a plant, most commonly as an indirect 
result of transpiration, is transmitted to the ulti- 
mate terminations of the xylem ducts in the root 
tips. As soon as the tension in the water columns 
exceeds the diffusion pressure deficit of contigu- 
ous cells in the root lip, water moves from those 
cells into the xylein. This activates further cell-to- 
cell movement of water in a lateral direction across 
the root and presumably in the establishment of a 
gradient of diffusion pressure deficits, increasing 
progressively in magnitude from the epidermal 
cells, including the root hairs, to the root xylem. 
Whenever the diffusion pressure deficit of the pe- 
ripheral cells of the root exceeds that of the soil 
water, movement of water from the soil into the root 
c'ells occurs. There i / some evidence that under con- 
ditions of marked internal water stress, the tension 
generated in the xylem ducts will he propagated 
across the root to the peripheral cells. If this oi- 
curs, greater diffusion pres.sure deficits could de- 
velop in peripheral root cells than would otherwise 
he possible. This absorption mechanism would op- 
erate in fundamentally the same way whether or not 
the water in the root cells passes into a state of 
tension. The process just described, often called 
passive absorption, accounts for most of the absorp- 
tion of water by terrestrial plants. 

The phenomenon of root pressure, previously de- 
scribed as the basis for xylem sap exudation from 
cuts or wounds and guttation, represents another 
mechanism of the absorption of water. This mech- 
anism is localized in the roots and is often called 
active absorption. Water absorption of this type 
only occurs when the rate of transpiration is lo^ 
and the soil is relatively moist. Although xylem 
sap is relatively dilute, its osmotic pressure is usu' 
ally greater than the diffusion pressure deficit of 
the soil water when the soil is relatively moist. A 
gradient of diffusion pressure deficits can thus be 
established across the cortex and other tissues of 
the root along which the water moves laterally 
from the soil to the xylem. There is evidence, how- 
ever, that a respiration mechanism as, well as an 
motic mechanism mwy be involved in the correlated 
phenomena of active absorption, root pressure, and 
guttation. 

Effects of environment on absorption. 

tor which influences the rate of.transpirJition w®® 
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influences the rate of absorption of water by plants 
and vice versa. Climatic conditions may therefore 
indirectly affect rates of water absorption, and soil 
ronditions indirectly affect transpiration. Low soil 
temperatures, even in a range considerably above 
freezing, retard the rate of absorption of water by 
many species. The rate of water absorption by sun- 
flower plants, for example, decreases rapidly as the 
soil temperature drops below 55®F. 

Within limits, the greater the supply of available 
soil water, the greater the possible rate of water 
absorption. High soil water contents, especially 
tho‘»e approaching saturation, result in decreased 
water absorption rates in many species because of 
the accompanying deficient soil aeration. In the at- 
mo'iphere of such soils the oxygen concentration is 
lower and the carbon dioxide concentration is 
higher than in the atmosphere proper. In general, 
*he defiriency of oxygen in such soils appears to be 
a more significant factor in causing retarded rates 
Ilf water absorption than the excess of carbon di 
oxide. This retarding effect on the rate of water ab- 
sorption is correlated with a retarding effect on 
the rate of root respiration (.see Plant respira- 
iioin). 

Likewise, if the soil solution attains any consid- 
iTuhle concentration of solutes, water absorption 
by the roots is retarded. In most soils the concen- 
tration of the soil solution is so low that it is a 
negligible factor in affecting rates of water absorp- 
tion. In saline or alkali soils, however, the concen- 
tration of the soil solution may become equivalent 
to many atmospheres, and only a few species of 
I»lants are able to survive when rooted in such soils. 

Wilting. Daily variations in the water content of 
plants, more marked in some organs than in others, 
are of frequent occurrence. The familiar phenome- 
non of wilting, exhibited by the leaves and some- 
times other organs of plants, particularly herba- 
‘ cous species, is direct visual evidence of this fact, 
in hot, bright weather the leaves of many species 

plants often wilt during the afternoon, only to 
regain their turgidity during the night hours, even 
if no additional water is provided by rainfall or ir- 
rigation. This type of wilting reaction is referred to 
as temporary or transient wilting and clearly re- 
sults from a rate of transpiration in excess of the 
rate of water absorption during the daylight hours. 
As a result the total volume of water in the plant 
'shrinks, although not equally in all organs or tis- 
sues. In general, diminution in water content is 
greatest in the leaf cells, and wilting is induced 
'whenever the turgor pressure of the leaf cells is re- 
duced .sufficiently. 

Even on days when visible wilting is not discern- 
ible, incipient wilting is of frequent occurrence. In- 
cipient wilting corresponds to only a partial loss of 
hirgor by the leaf cells and does not result in visi- 
ble drooping, folding, or rolling of the leaves, 
f-caves entering into the condition of transient wilt- 
pass first through the stage of incipient 
K- Occurrence of this invisible first stage of 
is almost universal on bright, warm days 
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Fig. 4. Comparative daily periodicities of transpira- 
tion and absorption of water in loblolly pine (Pinus 
taeda L.). {From P. J. Kramer, Plant and Soil Water 
Relationships, McGraw-Hill, 1937) 

on which environmental conditions are not severe 
enough to induce the more advanced stage of tran- 
sient wilting. 

Confirmation of the inferred cause of transient 
wilting has been furnished by investigations of the 
comparative daily periodicities of transpiration and 
the absorption of water (Fig. 4). As illustrated in 
this figure, there is a di.stinct lag in the rate of ab- 
sorption of water as compared with the rate of 
transpiration during the daylight hours. During the 
night hours, on the contrary, the rate of water ab- 
sorption is continuously greater than the rate of 
transpiration. Thus, during the daylight hours the 
ti$sue.s of the plant are being progressively depleted 
of water, whereas the store of water within the 
plant is being steadily replenished during the night 
hours. The lag in the rate of absorption behind the 
rate of transpiration during the daylight hours ap- 
pears to result largely from the relatively high re- 
sistance of the living root cells to the passage of 
water across them. 

Both incipient and transient wilting .should be 
distinguished from the more drastic stage of perma- 
nent wilting This stage of wilting is attained only 
when there is an actual deficiency of water in the 
soil, and a plant will not recover from permanent 
wilting unless the water content of the soil in which 
it is rooted increases. In a soil which is gradually 
drying out, transient wilting slowly grades over into 
permanent wilting. Each successive night recovery 
of the plant from temporary wilting takes longer 
and is less complete, until finally even the slightest 
recovery fails to take place during the night.> 

Although the stomates are generally closed dur- 
ing permanent wilting, cuticular transpiration con- 
tinues. Plants in a state of permanent wilting con- 
tinue to absorb water, but at a slow rate. Restora- 
tion of turgidity is not possible, however, because 
the rate of transpiration even from a wilted plant 
exceeds the rate of absorption of water from a' 
soil at the permanent wilting percentage or lower 
water content. During permanent wilting, therefore, 
there is a slow but steady diminution in the total 
volume of water within the plant, and a gradual in- 
tensification of the stress in the hydrodynamic Sys- 
tem. Tensions in the water columns of permanently 
wilted plants are relatively high and have been Cli- 
mated to attain values of 200 aUn in some trees« al- 
though this is probably an extreme figure. 
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As piwiously mentioned, the permanent wilting 
percentage, an important index of soil water condi- 
tions, is defined as the soil water content when a 
plant just enters the condition of permanent wilt- 
ing. Sunflower is the most commonly used test plant 
in making determinations of the permanent wilt- 
ing percentage of a soil. Permanent wilting of the 
basal pair of leaves, judged to have occurred when 
they fail to recover iiF placed in a saturated atmos- 
phere overnight, is taken as the critical point in the 
measurement. The range of soil water contents be- 
tween the first permanent wilting of the basal leaves 
of sunflower plants and the permanent wilting of 
all the leaves is called the wilting range. The water 
content of the soil at the time all the sunflower 
leaves have become wilted is termed the ultimate 
wilting point. In general the wilting range is nar- 
rower in coarse-textured soils than in fine-textured 
soils, and may be 10-30% of the soil water content 
between the field capacity and the ultimate wilting 
point. Although plants cannot grow while the soil 
in which they are rooted is in the wilting range, 
many kinds of plants can survive for (-onsiderable 
periods under such conditions. This is especially 
true of many shrubby species indigenous to semi- 
desert areas. 

Internal redistributions of water. For conven- 
ience, the processes of transpiration, translocation 
of water, and absorption of water are often dis- 
cussed separately, although there is a close inter- 
relationship among these three processes. The hy- 
drodynamic system of a plant is essentially a unit 
in its operation, and changes in the status of the 
water in one part of a plant are bound to have ef- 
fects on its status in other parts of the plant. 

Whenever a plant is saturated, or nearly so, with 
water, differences in diffusion pressure deficits 
from one organ or tissue to another are minimal in 
value. But whenever the rate of absorption of water 
lags behind the rate of transpiration, an internal 
water deficit develops in the hydrodynamic system 
of the plant, which in turn favors the establishment 
of marked differences in diffusion pressure deficit 
from one part of the plant to another. Under ssuch 
conditions redistribution of some of the water pres- 
ent from some tissues or organs of a plant to others 
generally occurs. 


Internal movements of water from fruits to leav 
and vice versa seem to be of common occurrence 
Mature lemon fruits, while still attached to the tree 
exhibit a daily cycle of expansion and contraction 
(Fig. 5). The lemon fruits begin to contract in vo]. 
ume early in the morning and continue to do so un. 
til late afternoon. Since transpirational loss from a 
lemon fruit is negligible, it is obvious that during 
this part of the day, corresponding to the period 
of high transpiration rates from the leaves, water 
is moving out of the fruits into other parts of tht 
tree. Most of this movement probably occurs into 
the leaves. During the daylight hpurs the diffusion 
pressure deficits of the leaf cell^. presumably in- 
crease until they soon exceed those of the fruit cells 
thus initiating movement of water from fruits to 
leaves. During the late afternoon and night hours, 
the volume of the fruits gradually increases, indi- 
cating that water is now moving back into the fruits. 
During this period transpirational water loss from 
the leaves is small, leaf water contents increase, and 
the diffusion pressure deficit of the leaf cells dimin 
ishes. Less of the absorbed water is translocated (o 
the leaves than during the daylight hours, and more 
can move into the fruits, despite the relatively lou 
diffusion pressure deficit of the cells of the fruit. 
Marked daily variations take place in the diame- 
ters of lemon fruits even under environmental con- 
ditions which result in no observable wilting of the 
leaves. 

In growing cotton^olls, however, as long as en- 
largement is continuing, increase in diameter cm- 
tinues steadily both day and night and even during 
periods when the leaves are severely wilted. Move- 
ment of water is obviously occurring into the grow- 
ing bolls without interruption during this period. 
Once the bolls cease enlarging, however, reversible 
daily changes occur in their diameter, similar in 
pattern to those which take place in mature lemon 
fruits (Fig. 6). Similarly, it has been shown that in 
a tomato plant the topmost node within which 
growth in length occurs continues to elongate at 
approximately the same rate both day and night. 
The stem below the first node, however, shrink> 
measurably in length during the daytime and elon- 
gates equally at night, undoubtedly as a result of 
reversible changes in the turgidity of the stem cells* 



Fig, 5. DoHy vcuHciHent in the diameter of lemon fruits. 
(From E. T. Bar^hohmow, Am, J. Botany, 13:102-^117, 
7926) 



Fig 6 Daily variations in diameter of a cotton bolt. 
During the first 5 days, the boll was still growing. 
(from D B Anderson and T. Kerr, Plant PhysioL, 
18 261-269, 1943) 

fht* throwing cells in the terminal node of the to- 
niito stein ohviouslv continue to obtain water dur- 
ing llir (la\lij;ht houis while the rest of the stem is 
wafei, and some of the water utilized in their 
^rowlli probably comes from the cells of lower 
ikkIcs In general, as the last two examples illus- 
tialc. aitivelv meristematic regions such as glow- 
ing stem and root lips and enlarging fruits, under 
(onditions ol inlerndl watei deficieruv, a]iparently 
ii»\clop highci diffusion pressure deficits than other 
thsues (see MhRisifM, apt( Ai ). Hence water often 
Kiiitinues t(» move toward such regions even when 
an intcrndl water deficien< v of considerable mag- 
nitude has developed within the plant. However, un- 
der < onditions of drastic internal watei deficit, ap- 
pri)a< lung oi corresponding to a state of permanent 
''illing growth of all meristems is greatly retarded 
or inhibited. 

Drought resistance. The term drought refers in 
g^^ncral to periods during which the soil contains 
little ur no water which is available to plants In 
rclatnely humid climates such periods are infre- 
tpient and seldom of long duration except in cer- 
tain local habitats. The more arid a climate, in gen- 
f'fal the more freefuent the occurrence of droughts, 
and the longer their duration. Most species of plants 
an survive short dry periods without serious injury, 
^nt a piolonged period of soil water deficiency is 
highly injurious or lethal to all except those species 

plants with a well-developed capacity for drought 
resmiance. 

Most species which grow in semidesert regions, 
"'Uch as those of the southwestern United States and 
adjacent Mexico, or in locally dry habitats, must 
^ drought resistant in one sense of the word or an- 
n<ner. Annual species, which grow in many arid re- 
gions during short rainy spells, are exceptions to 
jib statement. Such species complete the^r brief 
lie cycle from seed to seed during a period when 
water is available and can survive in arid 
because they evade rather than endure 

drought. 

Suc^culents, such as cacti, arc found in most semi- 
^sert regions, and are also often indigenous to lo- 
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cally dry habitats such as sand dunes and beaches 
in humid climate regions. Succulents are able to 
survive long dry periods because of the relatively 
large quantities of water which accumulate, in some 
species in fleshy stems, and in other species in 
fleshy leaves, during the occasional periods when 
soil water is available. Many succulents can live for 
months on such stored water. 

Those plants which are drought resistant in the 
truest sense are those whose cells can tolerate a 
marked reduction in water content for extended pe- 
riods of time without injury. Many shrubby species 
of semidesert regions have this property. Certain 
structural features undoubtedly aid in the survival 
of such plants for long periods in arid habitats. 
Many xerophytes (plants that can endure periods 
of drought) have extensive root systems in propor- 
tion to their tops; such a structural characteristic 
aids m maintaining a supply of water to the aerial 
portions of the plant longer than would otherwise 
he possible (ser Ecology). Other drought-resistant 
species ate characterized by having diminutive 
loaves; the tianspiring surface of the plant may 
ihiis he small relative to the absorptive capacity of 
the roots In still other species the leaves abscise 
(fall) with the advent of the dry season, thus 
gieatly reducing transpiration per plant during the 
period of greatest internal stress in the hydrody- 
namic sysJem. 

Despite any stnu tural features which may help 
maintain their internal water supply, shrubby plants 
of semiaiid regions regularly undergo u gradual de- 
pletion in the store of water within them and a 
gr«. oal intensification of the stress prevailing in 
the internal hydrodvnamic system over dry periods 
often lasting for months. Only drought-resistant 
species can codure this condition, which is in es- 
sence a stale of permanent wilting, for long peri- 
ods of lime without injury. A fundamental factor 
in the drought resistance of plants therefore ap- 
pears to be a capacity of the cells to endure a 
substantial reduction in their water content with- 
out suffering injury. This capacity probably is 
based in part on structural features of the cells of 
such species and in part on the distinctive physio- 
logical properties of their protoplasm. See Plant, 

MINERAL NUTRITION OF. [6.S.M.] 
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Plant anatomy 

The area of plant science concerned with the in* 
ternal structure of plants. It deals both with niatnre 
strnctores and with their origin gnd devek>ptiMH»l, 
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The plant anatomist dissects the plant and 
studies it from different planes and at various 
levels of magnification. At highest magnification be 
examines the smallest units of plant structure, the 
cells; at intermediate magnification he observes 
the organized aggregations of these cells, the tis- 
sues; and at low magnification he determines the 
arrangement and interrelations of tissues in plant 
organs such as root, stem, leaf, and flower. At the 
level of the cell, anatomy overlaps plant cytology, 
which deals exclusively with the cell and its con- 
tents. Sometimes the name plant histology is ap- 
plied to the area of plant anatomy directed toward 
the study of cellular details of tissues. See Plant 
organs; Plant tissuk systems. [k.e. ] 
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Plant classification 

The phase of plant taxonomy concerned with the 
systematic arrangement of plants according to their 
relationships. Plants may he classified in many 
ways — by similarity of parts, complexity of struc- 
ture, means of reproduction, or by combinations of 
these and other characteristics. However, the bota- 
nists of almost every country, except Great Britain, 
use the Engler-Prantl system of plant classifica- 
tion or modifications of this fundamental system. 
This system, set forth in Die natiirlichen Pflan- 
zenfamilien, by the German botanists, A. Engler 
and K. Prantl, is dominant in a majority of the 
large herbaria and published floras. Based pri- 
marily on natural relations, the Engler-Prantl sys- 
tem employs the following categories. 

The basic unit of taxonomic work is the species, 
which is a grouping of individuals having essen- 
tially the same structure and life history. When a 
number of different species are found to have cer- 
tain fundamental characteristics in common, ^they 
are grouped into a larger category called a genus. 
In the same manner^ on the basis of inherent simi- 
lar characteristics, related genera are grouped into 
families, families into orders, and orders into 
classes. The classes of the plant kingdom are 
frequently arranged into twelve different phyla. 
Each phylum represents one of the largest divi- 
sions of the plant kingdom. Its members have fewer 
characteristics in common than are found in the 
families or any of the lesser categories. For ex- 


ample, a vascular system (specialized food- and 
water-conducting tissue) is the one main charac- 
teristic of all the members of the phylum, Tra- 
cheophyta. All the major classification groups may 
be broken down into smaller categories designated 
by such terms as subkingdom, subphylum, sub- 
order, subfamily, tribe, and subgenus. Species may 
also be subdivided into such smaller categories as 
subspecies (ssp.), variety (var.), subvariety (sub- 
var.), form (f.), and clone (cl.). The name of an 
order usually ends in -ales (Rosales) ; a suborder, 
in -ineae (Rosineae) ; a family, usually in -aceac 
(Rosaceae) ; a subfamily, in -oideae (Caesalpin- 
oideae) ; and a tribe, in -eae (Poii^eae). The term 
taxon is used to designate any category whatever 
its rank: species, genus, family, or order. How- 
ever, no one of these categories can be defined 
precisely. Each botanist fixes the limits according 
to his own views. See Plant kingdom. [p.d.s.] 
Bibliography. See Plant taxonomy. 

Plant community 

A plant community is an association of plants 
Plants of various species are found growing to- 
gether as vegetation, and certain combinations of 
species are found repeated in homogeneous areas 
of similar ecology, or biotopes, so often that gen- 
eralizations can be made concerning these combi- 
nations. A plant community, then, has a certain 
species composition. A list of the plants occurring 
in a stand can be made by species names and by 
life forms. A list of all species is desirable ; usually 
only vascular plants, bryophytes, and lichens can 
be recognized in the field. It is often necessary to 
take herbarium specimens, and such vouchers will 
document the study permanently. Ordinary taxo- 
nomic nomenclature is usually used, but a constant 
effort to improve this and to split the species into 
biotypes of more uniform relationships to environ- 
ments must be made. The species list is limited, be- 
cause within a given community the rate of in* 
crease of species number with increasing area is 
inversely propiortional to the area investigated. 

Characterise species. Some kinds of plants are 
characteristic of a particular species combination: 
they are found only in pne kind of combination 
wherever they occur, Ot regionally, or perhaps lo- 
cally. Other plants are always found in a particular 
plant community. Still other plants occur in several 
kinds of communities ; some are almost ubiquitous- 
Advantage is taken of such facts to classify the 
plants found into characteristic species which arc 
exclusive to a given kind of vegetation or always 
found in it, differential species which occur in only 
one of two related communities, and accompanying 
species which show little or no preferences. The 
value of a given plant community as an indicator 
of habitat is determined largely by its characteris- 
tic and differentiar species, and it is by these ap^‘ 
cies that plant communities recognized- 5ce 
Plant societies. ' ' i 

Properties of plant commiOiNiep. It is 
to arrange the lists of species rfhd associated 



logical habitat data made for various stands of 
vegetation in other ways than into types of plant 
communities. They can be arranged to describe 
gradients, series, continua, or functions in corre- 
spondence with various habitat factors. Properties 
of the vegetation other than species composition 
he used to help characterize plant communi- 
ties Total yields per unit area, such as tons of 
forage/het^tare or cubic meters of wood/hectare, 
life forms, dispersal or pollination spectra, and 
total contents of certain chemical elements all can 
he used as properties of plant communities. 

Plants and animals which are associated also 
form a community, a biocoenose. Usually the plant 
lommiinity forms the fixed substratum for the ani- 
mals. which may be mobile. See Biological pro- 

DT'CTIVITY. 

structure of plant communities. Plant commu- 
rities have a structure varying in complexity from 
j rnanv-lavered forest to a nnistratal polar or a hot 
ilr'.crr crvplogam community. Moss, low and tall 
lirrl). h)W and tall shrub, and several tree layers 
iiKi\ hr present, and there may be epiphytic socie- 
iicv on the tree trunks and branches. In complex 
romnninilies the aspect changes throughout the 
vt'ar as various groups of plants go through the 
Mages of their life cycles at different times. Given 
ihc species list for a stand of vegetation, it is pos- 
-iblc to assume much about the structure of the 
plant community from knowledge of the species 
roncerned. However, one reason for studying plant 
• (uimninities in addition to individual plants is that 
ill various communities individual species V>ehave 
fliffcrcrillv. Thus fi reweed, Epllobium august if o> 
(H’curs in many forest communities of the 
^^^thern Hemisphere. It is usually sterile, hut it 
Ib'wcrs and proliferates abundantly when the for- 
<■''1 i" dcstroved by fire or cutting, producing a new 
biibitat and opportunity for a new plant commu- 
niiv. .SVp SiircKssioN, f.cologtcal. 

Dynamics. The functioning of plant communities 
iinalogoiis to the physiological processes taking 
P|«re in the individual plant.s of which the commu- 
composed, but significant interactions he- 
f'vpcn plants modify, for example, the waler re- 
pjniR of forest floor plants and the carbon dioxide 
made available for photosynthesis by the green 
plants. The physiological tolerances of individual 
plants to features of their habitats are thus modi- 
btd to ecological tolerances by competition with 
^>lher plants in the community. 

The relations of plant communities to environ- 
•aeni are systematized under various factors of the 
environment. Thus, plants react to such features of 
^ environment as regional climates, soil parent 
P^^terials, topographical features as these condi- 
bnn local climates, ground water, wind, snow dep- 
fire, and the biota available to the biotope 
jnneerned. Man is a most important part of this 
both in uncivilized and in civilized states, 
communities in different geographical re- 
perhaps first of all because the floras 
^''nllahle in the different regions differ* even 
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though ecologically the regions may be quite simi- 
lar. The combined and interacting effects of all 
these groups of factors produce at a given time a 
particular ecosystem or combination of plant com- 
munity in its environment in which the vegetation 
and environmental properties stand in functional 
relationship to each other. Thus on a continental 
scale the change in regionally representative plant 
communities from the short-grass high plains of 
Colorado east through the tall grass of Kansas to 
the deciduous forest of Ohio can be interpreted as 
a reaction to decreasing moisture along a given an- 
nual isotherm, such as 11°C. In the mountain 
ranges of the western United States, transitions 
from shadscale (Atriplex confertifolia) desert to 
sagebrush {Artemisia tridentata) semidesert to 
oakbrush [Qiiercus gambellii) chaparral to spruce- 
fir (Picea engelmanii- Abies lasiocarpa) coniferous 
forest to alpine herbaceous vegetation are related 
to altitudinal changes in these continental climates. 
Precipitation increases from 100 to 1000 mm 
whereas temperatures drop from 10 to 0°C as an- 
nual means. See Ecosystem. 

Other factors. These regional changes in vegeta- 
tion can he found when only climate changes; the 
other factors of the environment are fixed at some 
particular values. If ihev are fixed at another set of 
values, the sequence will he quite different. A mod- 
ification of the relief fac tor in the Middle Western 
case, a shift from the well-drained uplands to river 
floodplains, will result in riverine forest commu- 
nities of various types all along the isotherm. If 
temperature is drastically lowered, as in the Arc- 
tic even 100 min of precipitation will result in 
bog vegetation. The sequence of plant communities 
which corresponds to a change in one factor of the 
ecosystem is a function of those other factors of 
the ecosystem which have been constant. 

Climax. Static situations are described above. 
However, vegetation is dynamic; it evolves. Given 
a fixed set of the environmental factors operating 
on a bare area, this area will change in the types of 
plant communities it supports, at a constantly de- 
creasing rate until a steady state is attained. These 
equilibrium stages are climax plant communities. 
At such an equilibrium, which seems to he reached 
in a few hundred years depending on the Ecosys- 
tem, the effects of climate in determining the kind 
of vegetation often become paramount. Although 
the effects of climate rnay become paramount in 
many ecosystems, in others with extremes of one of 
the other factors, the effect of this latter factor may 
persist indefinitely. Thus, very coarse-grained, 
sandy soil parent material may continue to support 
a plant community quite different from that on the 
surrounding hard land, as in the Sand Hills of Ne- 
braska with their tall grass vegetation surrounded 
by climax mid- and short-grass. 

In addition to the short-term genesis mentioiiiEd 
above there are changes of the environmental fac- 
tors themselves which result in historical changes 
in plant communities. Invasion of plants new to the 
flora, as the chestnut blight 4nto the hardwood lor* 



est of eaatem North America which almost totally 
killed one of the former leading dominants in this 
forest, or the postglacial climatic changes which 
have been so well documented by pollen analyses 
of bog sections, are examples. If one of the factors 
determining a plant community changes, it is an 
axiom of plant ecology that the community will 
change. See Climax community. 

Distribution. The distribution of plant commu- 
nities over the face of the earth has been studied 
more from a physiognomic than from a fioristic 
viewpoint. Repetitions of physiognomically similar 
types of vegetation do occur in widely separated 
parts of the earth with similar climates. The ever- 
green sclerophyll, chaparral, of winter-wet, sum- 
mer-dry, mild climates in the Mediterranean region 
of Europe, Australia, South Africa, California, and 
Chile is an example of floristically completely di- 
verse regions having at least superficial similari- 
ties in the appearance of plant communities be- 
cause of their similar structure. See Climax plant 

FORMATIONS. 

Classification. Finally, plant communities may 
be classified. The most widespread system is that 
developed by J. Braun-Blanquet and used exten- 
sively in Europe. Floristically similar stands of 
vegetation with some characteristic species in com- 
mon are abstracted into associations denoted by 
the terminus -etum. Associations are combined into 
alliances (-ion), these into orders (-etalia), and 
these into classes (-etea). Classes in general coin- 
cide with broad, physiognomically defined kinds of 
vegetation or formations. The next higher unit is a 
fioristic one recognizing such differences as those 
between the Mediterranean flora and that of cen- 
tral and northern Europe. Obviously, if two regions 
have different floras, they must also have different 
plant communities. See Animal community; Com- 
munity. fj-MA.] 

Bibliography: J. Braun-Blanquet, Pflanzen-sozi- 
ologie, 1951; H. Ellenberg, Grundlagen der Vege- 
tationsgliederung, 1956. 

Plant disease 

A great obstacle to the successful production • of 
cultivated plants, plant disease is also sometimes 
destructive in natural forests and grasslands. De- 
spite large expenditures for control measures, dis- 
eases annually destroy close to 10% of the crop 
plants in the United States, before and after har- 
vest, resulting in a financial loss of at least $3,000,- 
000.000. 

Diseases may destroy plant parts outright by 
rotting, or may cause stunting or other malforma- 
tions. Most diseases are caused by parasitic micro- 
scopic organisms such as bacteria, fungi, algae, 
and nematodes or roundworms, although a few are 
caused by parasitic higher plants, such as dodder 
and mistletoe. Many are caused by viruses, and 
some are caused by poor soil conditions, unfavor- 
able weather, or by harmful gases in the air. 

The living organisms and viruses which cause 
disease are called pathogens. Most pathogens can 


multiply extremely rapidly, the bacteria by simple 
division, the fungi by producing spores which b®. 
have as seeds but are much smaller and simpler in 
structure. Bacteria are about .0005 in. long, and 
fairly large fungus spores about .0001 in. Virus 
particles are not visible with ordinary micro- 
scopes; they can multiply a millionfold in a short 
time. Roundworms reproduce by means of eggs. 

Most pathogens can be disseminated quickly and 
widely by wind, water, insects, man, and other ani- 
mals. They infect plants through wounds, pores 
(stomata), or by penetrating plant surfaces. Each 
kind of pathogen can attack only^^certain kinds of 
plants or plant parts. Once inside plant, livinij 
pathogens obtain their nourishment from it in vari- 
ous ways, destroying plant tissues or weakening 
the plant by robbing it of its food substances. The 
rapidity of growth and reproduction of pathogens 
and of disease development varies with the kind of 
pathogen and host and with soil and weather con- 
ditions. Some pathogens thrive best in hot weatlier, 
others in cool weather. Extensive and destructive 
epidemics develop when all conditions favor the 
most rapid development of the pathogen. 

Good cultural practices, chemical disinfestation 
of planting materials, spraying or dusting with ap- 
propriate chemicals to protect against air-borne in- 
fection, and the use of resistant varieties are the 
principal control measures. 

Discussed in the ^Rowing sections are the eco- 
nomic importance, nature, and causes of plant dis- 
eases; the characteristics, growth, and reproduc- 
tion of pathogens; the infection stage and develop- 
ment of diseases; the dissemination of pathogens: 
and the diseases to which plants are subject in 
storage. Discussion of other aspects can he found 
under separate titles or under the names of plant-* 
infected. 

Economic importance. All plants and their parts 
are subject to diseases which may be caused at var- 
ious stages of their life cycles not only by micro- 
organisms, but also by higher plants, injurious salts 
in the soil, and harmful gases in the air. Disease^- 
may rot the seed, kill plants, or make them poor 
and unsightly ; they may cause root rots, stem can- 
kers and rots, leaf spots and blights, blossom 
blights, and fruit scabs, molds, spots, and rots. In 
transit and storage they cause rots of fleshy fruits 
and vegetables; mold sickness of wheat, rice, corn, 
and other grains; and discoloration or rotting 
wood and wood products. 

When weather favors their development, ‘some 
diseases become epidemic and ruin vast acreage* 
of economically important plants. The historic po- 
tato famine in Ireland in the 1840s, resulting in tne 
death of 1,000,000 people, was due to epidemics o 
potato late blight. Chestnut blight has ruined the 
chestnut forests of^ the Uhitod "Slates. Stem 
destroyed about 300,000,000 bushels of wheat w 
the United States and Ca^da in 1916. 

United States it destroyed of the spring 
in 1935, and 75% of the macaroni wheat wd 
of the spring bread wheat in bdth 1953 and 
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Stem kinds of 

lant rusts, has been similarly destructive in other 
grov^mg areas of the world, and it continu- 
all> menaces wheat, oats, barley, rye, and many 
The Helminthosponum disease of rice was 
the principal cause of a famine in which a million 
or more people died in India in 1943. 

Plant diseases reduce potential U.S. crop produc- 
tion by about 7% a year, equivalent to production 
on alxiut 25,000,000 acres. This loss does not include 
osm of control measures, such as sprays and after- 
iiar\e‘st losses. Spraying potatoes to control late 
blight often costs J35 an acre; spraying fruits is 
similarly (osily, and disease and pest control con 
,[iliites about 50% of the field costs in producing 

bamnas 

Plant diseases are a dangerous threat to man’s 
future subsistence Much of the world is now un- 
ci, rtf d and acute food shortages often occur in 
mtiiN areas The situation tends to become wor«<e 
I population increases by many millions each 
\fdr Plant diseases, old and new, are a criti< al 
limiting factor in food production The degree to 
which the> fan be controlled will help determine 
whether the world can feed its rapidly growing 
1 pulalion [f r SN ] 

Nature of diseases. In the broad sense, disease 
in plant‘d may he considered as any physiological 
ihnuimalit> whit h produces pathologic al symp 
1 ms reduce'- the economic or aesthetic value of 
I luit prodiu ts or kills the plant or any of its parts 
Diniig'* caused by wind or lightning or predation 
f ir sects or other animals, is not usually called 
dj-pflse although such injury to living plants may 
rPHilt in a physiological disturbance which is truly 
di'-easf Dec ay of storage organs like tubers and 
'■nuts IS disease because such plant parts are liv 
iMg det d\ of lumber is disease only by extension 
uf the definition, although the processes may he 
‘'imildr 

Di'^ease in plants is usually evidenced by abnor 
milities in appearance, called symptoms, or by the 
presence of a pathogen in or on the plant Some 
however, have no obvious symptoms; po- 
tato virus X, for example, reduces the yield of po- 
tatoes without apparent changes in the appearance 
“f the plants 

The symptoms of plant diseases may be death 
^necrosis) of all or any part of the plant, loss of 
tuigor (wilt), overgrowths (hypertrophy and hy- 
P^rplasia), stunting (hypoplasia), or various other 
changes m the structure and composition of the 
plant Necrosis may affect any part of the plant at 
stage of growth, A rapid death of foliage is 
called blight (Fig. 1), whereas localized 
^'^‘rosis results in leaf spots and fniit spots. Ne- 
of stems or bark results in cankers (Fig. 2), 

ilting may be slow or rapid, and it is usually 
pronounced in dry than in moist soil. Necro- 
eventually follows persistent willing. Over- 
Rrowths composed primarily of undifferentiated 
are called galls (Fig. 3), the term Uumor be- 
less commonly used to designate these struc- 



Fig 1 Common bacterial blight of bean (From J, C 
Walker. Plant Pathology. 2d ed . McGraw-Hill. 1957) 



Fig 2, Southern bacterial wilt of tomato The plant 
shows leaf epinasty and wilt (After Kelman from J. C. 
Walker, Plant Pathology, 2d ed,, McGraw-Hill, 1957) 



Pig. 3. Cre^n goO of eppf*^ (A. i. Ufkor frpm 
Wdiker, Plant Paihohgy, 2d ued„ 14 ^ 
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tures. A bunch of small, abnormal shoots is often 
referred to as a witches’- broom. Underdevelopment 
or stunting may affect the entire plant or only cer- 
tain of its parts. 

Chlorosis (tack of chlorophyll in varying de- 
gree) is the most common nonstruotural evidence 
of disease. For example, in leaves it may occur in 
stripes or in irregular spots (mosaic). Various de- 
grees of curling and crinkling of the foliage gen- 
erally accompany chlorosis. Sometimes there is 
also other abnormal coloration such as shades of 
red and brown. 

A number of diseases may cause similar symp- 
toms. These may be characteristic enough to per- 
mit diagnosis, but often it is necessary to identify 
the causal organism for exact diagnosis. 

Causes of plant diseases. Usually two or more 
causes operate simultaneously to produce plant dis- 
ease. For example, if a parasite is involved, the 
weather will influence the growth of the parasite as 
well as the plant’s susceptibility to the parasite. 
The following subsections describe the influence on 
plant diseases of animals, plants, and viruses; soil 
conditions; weather; agricultural practices; in- 
dustrial by-products; and plant metabolism. 

Animals, plants, and viruses. Nematodes and in- 
sects are the animals that most commonly cause 
plant disease (Fig. 4). Although herbivorous ani- 
mals, including many insects, bite off and swallow 
plant parts, the parts removed are not diseased 
and the animals are predators, not pathogens. How- 
ever, the loss of the parts eaten may cau.se the rest 
of the plant to become di.seased. Conversely, .some 
insects are true pathogens because they remain on 
or in the plant and cause disease symptoms typi- 
cally associated with the insects involved. Such 




Fig. 4. N#m<itoda golls incited by Meloidogyne sp. 
(o) On tomato, ib, c) On parsnip. (After Cox and 
Jeffers from J. C. Wolkar, Plant Pathology, 2d ecf., 
MeGraw*HiU, 1957) 



Fig. 5. (a) Dodder attached to host, (b) Section 

through host and showing haustor^m of dodder ex- 
tending into the host. (From F. W. Emerson, Basic Bot- 
any, 2d ed., Blakisfon, 1954) 



Fig. 6. (o) Potassium-deficiency disease of cabbage, 

(b) Iron-deficiency dftease of cabbage, (c) Magnesium- 
deficiency disease of bean. (From J. C. Walker, Plan! 
Pathology, 2d ed., McGraw-Hill, 1957) 

symptoms may include yellowing, leaf curl, and 
overgrowths. Many nematodes are true parasiie‘>* 
hence pathogens, since they cause rots, over- 
growths, and other plant abnormalities (see 
secta: Nematoda ). 

Certain algae, fungi, and hacteria are plant path 
ogeris that cause disea.se. Most plant diseases are 
due to fungi; le.ss than 200 are known to be caused 
by bacteria, and even fewer are caused by algae 
and para.sitic seed plants such as dodder and 
mistletoe (Fig. 5) . 

Many plant diseases are caused by viruses, which 
are neither plants nor animals but behave like lin- 
ing things in many ways and may properly he 
called pathogens (see Plant virus). 

Soil conditions. Deficiencies of mineral nutrient? 
in the soil are a frequent cause of plant 
(Fig. 6). Often the deficiency can be identified by 
characteristic plant symptoms. For example^ ycl‘ 
lowing of the leaf tip and midrib of corn indicates 
nitrogen deficiency; yellowing of the margins, Po- 
tassium deficiency. However, the symptoms iPa/ 
vary somewhat in different plant species. In addi- 
tion, deficiency diseases may be difficult to diag- 
nose, since they ^metimes resemble those caused 
by viruses. 

Besides nitrogen, potash, and phosp^f®?*’ 
which plants need in relatively large 
smaller quantities of sulphur,* calciunl» 



Fig. 7. Boron-deficiency disease of garden beet, (a) 
Internal necrosis of tissue in the secondary cambial 
rings, (b) Leaves become stunted, and dormant buds of 
i^e crown ore stimulated but form small distorted 
leaves. Internal necrosis near the exterior of the root 
leads to collapse of the outer tissue to form cankers. 
(From J. C. Walker, Plant Pathology, 2d ed., McGraw- 
Hill, 1957) 



fig- 8. Blackheart of potato. {From J. C. Walker, 
Plonf Pathology, McGraw-Hill, 1950) 


nesiurn are required. Boron, iron, copper, manga- 
molybdenum, zinc, and other minerals are 
m such minute amounts that they are called 
trace elements. However, if one of the latter is 
niisping, a typical disease may result, such as dry 
rot of rutabagas, which is due to boron deficiency 
7). See Plant, minerals essen wal to. 
l^requently deficiencies of minerals cannot be 
^^^terrnined by soil analysis alone, because the min- 
may be present in chemical combinations that 
plants cannot use. For example, iron is often un- 
available on high-lime soils, even if it is present in 
‘ •'^oil in appreciable quantities (see Plant, min- 

nutrition of). 

Besides lime, excess amounts of many other 
^ emicals may be present in the soil and cause 
Excess of soluble salts causes “alkali 
and aggravates drought damage; too much 
* *‘ogen may stimulate abnormal growth ; while an 
of boron may cause necrosis and stunting, 
chemical balance in the soil may also 
^'^ll in excess acidity (low pH) or alkalinity 
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(high pH), either of which may inhibit normal 
plant growth (see Plant growth ) . 

The soil is the principal source of water, which 
all plants need in varying amounts, depending upon 
the specues. Too little available water slows growth 
and, below certain limits, results in wilting. Plants 
can recover from limited (transient) wilting, but 
if it is prolonged the affected parts die (jfee Plant, 
water relations of). Evergreens are often dam- 
aged by moi.sture loss on warm, windy days in 
winter, when the soil is frozen and they cannot ab- 
.sorl) sufficient water to replace the loss. 

Conversely, loo much water in the soil results in 
oxygen deficiency, which will cause suffocation of 
the tis.sue.s of roots and other underground parts of 
most plants. Water-inhabiting plants, such as rice, 
are exceptions. Excess water in the soil favors cer- 
tain kinds of fungus and bacterial diseases, and 
these are often confused with the purely phyaio- 
logi<‘ effects of too much water. 

High soil temperature during the growing sea- 
son may al.so cause disease, for instance, internal 
necrosis of pfUato (Fig. 8). 

The structure of soil (particle size and organic 
content ) determines its water-holding capacity and 
hence affects both the conditions mentioned above 
and the ease with which plant roots penetrate the 
soil (.vec Son. ) . 

IF^eather conditions. Wind, lightning (Fig. 9), 
and hail may injure plants and cause true diseases 
such as tho.se resulting from unfavorable tempera- 
tures (Fig. 10). Temperature effects range from 



Fig. 9. Lightning injury of cabbage, as seen severol 
weeks after » the injury occurred, (o) Callus tissue on 
the stem at the ground level where the charge entered 
the plant, (b) Interior of plant shown in (a). The paths 
whereby the charge passed through the cortex ond 
the vascular ring ore evident. The pith was killed^ Ond 
as the thsue collapsedr odventitious roots formed' in 
the cavity, (c) Dormant buds stimulated to growth, of 
leaf axes just below where the charge entered. {Pmm 
J, C. Walker, Plganf Patholosty, 2d ed,, MeGfaw^^H, 
1957) " , 
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Fig. 10. Freezing injury of pea. Symptoms which ore 
opparent several weeks after injury, (a) Enlargement 
of the injured growing point in (b); in the youngest leaf 
the stipules and the first pair of leaflets have assumed 
abnormal shapes ond the second pair of leaflets did 
not form, (b) Following killing of the growing point at 
the left, a lower dormant bud grew out to form the 
main stem, (c) Necrotic bands in a pair of leaflets 
which were developing at the time of injury. {From 
i. C. Walker, Plant Pathology, 2d ed,, McGraw-Hill, 
1957) 

poor development of plants grown in climates too 
cold or too warm to actual frost or heat damage. 
For example, tomatoes grow poorly and drop their 
blossoms in cool weather; direct sunlight on the 
fruit may kill the tissue, causing sunscald; and the 
foliage is severely damaged by even light frosts 
that would not harm cabbage. 

Exposure to gradually decreasing temperatures 
in the autumn hardens perennial plants such as 
fruit trees against winter cold, but exposure to 
the sun in the late winter may make the bark tender 
again. This tissue is killed when it freezes at night, 
causing another kind of sunscald. 

Although high temperatures may literally cook 
plant tissue, with such results as “heat canker” of 
young flax and sunscald of tomato fruit, the com- 
monest effect is to increase water loss by transpira- 
lion, resulting in drought damage. Wind has the 
same effect, the degree depending upon its velocity 
and relative humidity. 

In most green plants deficiency of light causes 
weak, spindly growth, and chlorosis, although^ome 
species can endure much shade. House plants are 
frequently affected in this manner, but excess shad- 
ing by buildings or other plants will produce the 
same effect out of doors. 

Agricultural practices. Mismanagement of soil, 
including untimely applications of irrigation water 
and fertilizer, can cause plant disease, but other 
agricultural practices are frequently injurious. The 
more common of these injuries result from the im* 
proper use of chemicals such as fungicides, insecti- 


cides, and herbicides {see Agriculture; FbiiQ. 
STAT AND fungicide; HeRBICIDE; iNSECTlCllttE), 

Nearly all fungicides are injurious to plants ss 
well as to fungi, although the damage to the phan 
is usually much less than the potential injury from 
the diseases controlled by the fungicides. Examples 
of effects are increased transpiration caused by 
Bordeaux mixture on tomatoes, russeting of fruits 
caused by lime sulphur on apples, and yield reduc- 
tions without visible symptoms caused by other 
chemicals. Conversely, the fungicide may contain a 
nutrient, such as zinc, that is deficient in the soil, 
and much better growth of the plant may result. 

Chemicals used for seed treatm%it are frequently 
toxic, especially to some species of plants. For ex- 
ample, plants of the cabbage family are stunted by 
copper-containing seed treatment materials. Veg- 
etative organs, like potato tubers, are very suscepti- 
ble to chemical injury, and strong poisons like mer- 
curic chloride often do more harm than good. Ma 
terials applied to the soil to control fungi, bacteria, 
and nematodes may injure plants grown in the soil 
too soon after treatment. 

Some crop plants are very sensitive to herbicides, 
being affected by very minute amounts of such 
things as 2,4-D (2,4-dichlorophenoxyacetic acid). 
Tomatoes may be affected from sources far re- 
moved. Symptoms of 2,4-D arc sometimes confused 
with those of virus diseases. 

Industrial by-pr^ucts. The fumes from ore 
smelters frequentlyr cause widespread symptoms of 
plant disease, including stunting, yellowing, and 
necrosis. Where atmospheric inversion layers pre 
vent their escape, even traffic and domestic fumes 
may be toxic (see Atmospheric pollution). 

Plant metaholism products. Brown areas on 
stored apples (scald) may he caused by ethylene 
gas produced by the apples (Fig. 11). This gas oc- 
curs in small quantities in many healthy plant tis- 
sues but is produced in greater amounts by dis 
eased and aging cells. Ethylene gas may also cause 
yellowing in plants, and it accelerates ripening in 
certain fruits such as banana (sec Plant metabo- 
lism). 

PLANT DISEASE PATHOGENS 

Most pathogens are grouped primarily on the 
basis of their structure; but bacteria, being mor- 
phologically simple, are classified to a considerable 
extent by physiological characters. Viruses repr^' 




Fig 12. (a) Rod-shaped particles of the tobacco mo- 

saic Virus (b) Polyhedral particles of the squash mosaic 
virus Electron micrographs of preparations made by 
the freeze-drying technique. Magnification of approxi- 
mately 100,000. {Paul Kaesberg from J C Walker, 
Plant Pathology, 2d ed., McGraw-Hill, 1957) 

‘'••nt d <ipecial problem, and such considerations a& 
metin'^ of transmission and host symptoms are used 
in ( iassifying and naming them. 

Fungi, bacteria, and a few seed plants are het- 
protrophs; that is, they lack chlorophyll and conse- 
‘liipntly are dependent, directly or indirectly, upon 
tureen plants (autotrophs) for carbohydrates (see 
I'uo I osYN thesis) . Animals and some fungi and 
l‘‘i(teria are also dependent upon other organisms 
nutrients such as amino acids and vitamins. 
Viruses seem to become an intimate part of the 
<hemual make-up of the host plant (Fig. 12). 

f'ldnt pathogens usually penetrate into the host 
plant and grow within or between the cells 
I Fig 13). Viruses are usually intracellular, and 
^ome are confined to the phloem, whereas plant 
pathogenic bacteria are usually intercellular or oc- 
in the xylem (see Plant anatomy). Fungi are 
^‘^nipobed of microscopic tubes called hyphae, by 
of which plant pathogenic species pene- 
into or between the host cells (Fig. 14) . The 
powdery mildew fungi grow principally outside of 
plant but send special absorptive organs (bans- 
into the host cells (Fig. 15). Some inter- 
cellular species of fungi also produce haustoria. 
Faihogenic seed plants, such as mistletoe and dod- 
usually penetrate the host by means of rootlike 
®W>rptive organs. Pathogenic insects and nema- 
may be wholly within the plant, or they may 


remain superficial and penetrate the host with spe- 
cialized mouth parts. 

Most plant pathogens are parasites. Some, such 
as the rusts and powdery mildews, are obligate 
parasites, that is, can grow only on a living host 
plant. Viruses are also in this category, although 
they are not typical organisms. Fungi and bacteria 
that can use only nonliving food sources are called 
saprophytes. 

Most of the fungi and all plant pathogenic 
bacteria can grow on nonliving organic mailer as 
well as parasitically on li\ing matter; these are 
called facultative saprophytes. Some organisms live 
primarily as saprophytes but also have the ability 
to parasitize weakened plants and are therefore 
called facultative parasites. Many plant pathogens 
have both a parasitic (or pathogenic) and a sapro- 
phytic phase of development. 


stoma 1 bacteria 



Fig. 13. Common bacterial blight of bean, (a) Inva- 
sion through stomata, (b) Invasion through rift in the 
cuticle of the cotyledon, (c) Invasion of the seed 
through the tissue of the funiculus. {After Zaumeyer 
from J. C. Walker, Plant Pathology, 2d ed., McGraw- 
Hill, 1957) 



Fig. 14. The cabbage-yellows organism in frocheoe 
of the cobbage plant. Note formation of mieroco^dio 
in the vessel. (After Gilman from J. C. Wolkeft Pffant 
Pathology, 2d ed., McGraw-HlH, 195?) 



M6 Plant dlitaata 



Fig. 15. Erysiphe graminis. (a) Conidiophores and 
conidia (spores), (b) Germinating conidia. (c) Penetra- 
tion of cuticle and epidermal wall, (d) Haustorium. 
(a, b, after Reed; c, d, after G. Smith from J. C. 
Walker, Plant Pathology, 2d ed., McGraw-Hill, 1957) 

Symbiotic relations of organisms. Parasitism is 
the one of a series of associations characterized by 
intimate physical union of taxonomically dissimi- 
lar organisms. Such relationships are known as 
symbiosis, and may be neutral, beneficial, or harm- 
ful to the symbionts. An association such as that of 
legumes and nodule bacteria, beneficial to both part- 
ners, is called mutualistic symbiosis. Parasitism is 
antagonistic symbiosis. 

There are different degrees of parasitism. In the 
early stages, the association between rust fungi 
and their hosts may appear to be almost neutral, 
harming the plants little. Other fungi, such as those 
rotting fruit, can become established only in dead 
tissue, producing enzymes or toxins that kill adja- 
cent living cells which they then inhabit. Some 
biologists say that such organisms are saprophytes, 
not parasites, because they never colonize living 
host tissue. But the term parasitism is generally 
used to refer to a relationship with the host plant 
as a whole, because the degree of intimate relation- 
ship is often dilTicult to determine. 

Ecologic relations of organisms. Assoc iation.s 
of organisms in the same environment without 
physical union are called ecologic and are often 
very important in plant disease (see Ecology). As 
in symbiosis, the effects may be beneficial, neutral, 
or harmful. Metabiosis occurs when one organism 
uses a substance for food and produces a by-prod- 
uct that enables another to grow. If the benefits are 
reciprocal, the relationship is called synergism, as 
when the fungus Mucor ramannianus produces py- 
rimidine and Rhodotorida rubra, a non-sporulating 
yeast, makes thiazole (see Cryptococcales; Phy- 
coMYCETEs). The.sc chemicals are components of 
thiamine, which both organisms need but which nei- 
ther can produce alone. If deleterious substances 
(antibiotics) are produced, the relationship is 
called antibiosis. 


All of these relationships may be important to 
the survival of certain plant pathogens, especially 
some of those which live in the soil part of the 
time. Metabiotic and synergistic relationships mav 
help them to survive; antagoni.stic relationships 
will hinder survival. One of the goals of the plant 
pathologist is to encourage antibiosis that will 
eliminate certain soil-inhabiting pathogens. 

Ecologic associations may exist between two or 
more pathogens inhabiting the same host plant as a 
common environment. When fire blight bacteria 
parasitize apple twigs and permit the entrance of 
canker and wood-rotting fungi, the relationship he- 
tween the bacteria and the fungi metabiotic. The* 
molds Oospora citri aiirantii and renicillium digi- 
tatiim can rot fruit more rapidly together than ei- 
ther can alone. This is synergism. Antagonism 
seems to exist between races of the potato late 
blight fungus, and one will replace the other when 
they parasitize a potato plant together. 

Even the relationship of host and pathogen ma\ 
be ecologic at first. For example, Rhizortoniu 
solani in the soil causes visible injury to the rojits 
of soybean before touching them. Accordingly, ihe 
fungus is at first antibiotic to soybean; later it he- 
oomes parasitic and pathogenic. [c.J.F.j 

Growth and reproduction. Many plant patho 
gens, especially among the bacteria, fungi, and 
viruses, can rmiltifily with amazing rapidity unrhr 
favorable conditions. Viruses, although not genci- 
ally considered living organisms, may increase a 
miJlionfold a few days after introduction into the 
right place in the right kind of living plant, when 
temperature and other environnienlal condilioiif* 
are favorable to the virus. 

Food requirements of bacteria and fungi Al- 
though lack of chlorophyll prevents these organ- 
isms from using solar energy to synthesize basir 
c*arl)ohydrates from carbon dioxide and water 
green plants do, their basic nutrient re(iuirement« 
are essentially the same as those of higher plants. 
They require carbon, hydrogen, oxygen, nitrogen, 
phosphorus, and sulfur as structural elements. In 
addition, they need the metallic elements potas- 
sium, magnesium, iron, zinc, copper, calcium, gal- 
lium, manganese, molybdenum, vanadium, and 
scandium. Pota.ssium and magnesium, needed in 
relatively large amounts, are designated macroele- 
ments; the others, some of which are needed 
minute amounts, are often designated microele- 
ments. Vitamins, enzymes, and hormones are abn 


needed for growth and reproduction. 

For experimental purposes, pure cultures of 
ultative saprophytes are grown in the laboratory nn 
sterilized synthetic media containing sugars 
some other source of carbon, salts of the other nec- 
essary elements, and essential vitamins f^r 
organisms which cannot synthesize their own. Nanj* 
ral plant prodticfn, such as potato broth, steame 
cornmeal, or oatmeal, often are used as niitrie*' 
bases. Liquid media are used for some 
for others, the nutrient solutions are solidifi^^* , ■ 
gelatin or agar. Nutrient requirements for 



and are best determined by varying 

ihe romposition of synthetic media. Studies on the 
effects of temperature, light, and other environmen- 
tal factors are facilitated when organisms can be 
grown on culture media. Although all pathogenic 
organisms have some requirements in common, 
they differ greatly in special requirements, both on 
artificial media and on host plants. By growing 
pathogens artificially, much is learned about them 
vshich enables the development of heller control 

mca‘’iires. 

Host selectivity of bacteria and fungi. Among 
the approximately 150 species of pathogenic hac- 
p ria and the many thousands of fungi, there are 
wide differences with respect to the kinds of plants 
and plant parts on which they can grow. Flax rust 
{Mrlampsora lini) grows only on wild and culti- 
vated flax, asparagus rust (Purcinia asparagi) 
•)riiuipally on asparagus; X ant horn onus carnpes- 
nis. tlir bacterium which causes black rot of 
tahbagp. < aiiJiflower, and related plants, jjarasitizes 
imiiibcrs of the mustard family only. On the other 
h.iiid. the fungus Rhizoctonia solani causes root lot 
i»f [)otarocs. alfalfa, clover, and hundreds of other 
'ppries in many different plant families; the hac- 
Agroharteriurn tunicfariens causes <*rown 
gall on grape, raspberry, chrysanthennim, and nu- 
nifTnijs (»ih(!r plants; the bacterium Envinin caro- 
10 } ora causes soft rot of almost all kinds of fleshy 
\rgelahles. 



of temperature on rate of growth of 
rent mutont Imes of corn smut (Ustihgo maydis). 
^ difference in ability of lines to grow at the ex- 
line W.Va. A8-3-1 is intermediate; ib) 
ne W.Va. A8-5*»4 grows scarcely at all at the ex- 
*lne W.Va. A8<«5-2-1 grows fairly well at 
• wniv. Minn. Apr. Exp, Sfa, T 90 h, Butt, 65) 
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Some pathogens attack only a few plant parts or 
tissues, others attack many. Some attack roots only, 
others attack stems, others cause leaf spots, and 
still others attack fruits. Some attack young tis- 
sues, others attack old <»nes. There are diseases of 
youth and of age, of herbaceous plants, and of 
woody plants. Some pathogens parasitize all plant 
parts of susceptible hosts at all stages of develop- 
ment. To understand and control the numerous dis- 
eases of thousands of kinds of plants, it is neces- 
sary to learn the conditions under which each 
pathogen thrives. 

Environmental factors. The rate and kind of 
growth and reproduction of pathogens are affected 
by nutrition, moisture, temperature (Fig. 16), light, 
the acidity or alkalinity of the medium, the relative 
amounts of oxygen and carbon dioxide, and by 
other microorganisms with which they must com- 
pete. Most pathogens require free moisture for 
germination and infection, although some powdery 
mildews can germinate in dry air. Soil moisture 
sometimes is a determining factor in growth and 
reproduclion. Sonu‘ pathogens that live in the soil 
thrive best at high moisture content, some at low. 
Tempcratiirc determines the geographical and sea- 
sonal occurrence of many diseases, since the car- 
dinal temperatures — the minimum, optimum, and 
maximum -differ for different t>athogens. The peach 
leiaf curl fungus, the potato late blight fungus, 
and yellow rust of wheat develop best at a rel- 
atively low temperature; the peach brown rot fiin- 
gu.s. the potato wilt and brown rot bac terium, and 
stem rust of wheat develop best at a relatively 
high temperature. Light has less influence than tem- 
perature on the growth of pathogens in nature, but 
it strongly affects reproduction of some fungi. Some 
soil organ isrriN. such as the potato scab bacterium, 
like an alkaline (high pH) soil; some, such as the 
cabbage clubroot fungus, like an acid soil (low 
pH). 

Reproduction of bacteria and fungi. As far as is 
now known, plant pathogenic bacteria reproduce 
only by simple fission. A single bacterium divides 
into 2, the 2 into 4, and so on. As division may 
occur every 26 to 30 minutes, a single bacterium 
could produce a progeny of 300,000.000,000 within 
24 hours. The rate, however, varies with the kind 
of bacterium, with its nutrition, with temperature, 
and with other environmental conditions. 

Most fungi, however, reproduce both asexually 
and sexually. In many of them asexual reproduc- 
tion results in rapid multiplication (Fig. 17), 
whereas se^i^ual reproduction results in the produc- 
tion of spotes that can survive unfavorable condi- 
tions. In general, fungi continue to grow and pro- 
duce asexual spores while the environment is favor- 
able and nutrients are easily available; but they 
tend to produce sexual spores when growth is 
checked. Thus an asexually produced urediosp^re 
(summer spore) of wheat stem rust (Puccinia gfa* 
minis var. tritici) can cause infection, the resttlt- 
ing mycelium grows for a time, and then formit a 
pustule containing 50 to 400,000 new uredipspoi^s. 



Fig. 17. Spore-producing branches of Penicillium simi- 
lar to the one from which the drug penicillin is ob- 
tained. Chains of spores are produced on the ends of 
branches. iUniv Minn, Agr Exp. Sta.) 

The time required is only about a week at 75°F, 
but it increases to a month at 50° and even longer 
as temperature decreases. Each new spore can 
cause a new infection, and this process continues, 
at a rate that varies greatly with temperature, 
moisture, and light, until the wheat starts to ripen 
or growth is otherwise checked. Then the winter 
spores (teliospores) are produced; these differ 
from urediospores in appearance and cannot nor- 
mally germinate until they have been exposed to 
winter weather. The apple scab fungus (V entuna 
inaequalis) may produce many successive crops of 
asexual spores (conidia) on the fruit and leaves 
during the growing season. But it does not pro- 
duce .sexual spores until the following spring, on 
infected leaves that have fallen to the ground the 
previous autumn. Some fungi, such as the ergot fun- 
gus {Claviceps purpurea) produce sclerotia, bodies 
made up of densely interwoven hyphae, which may 
survive winters or other unfavorable conditions and 
then produce fruiting structures under appropriate 
conditions in the spring. 



Fig. 18. Fruit bodi** pf o traennhabiting mushroom, 
Schszophyilum. Basidiosporas ora produced on the 
sides of fba gills. In SehizaphYlhm the gills are split 
langthwhta; in dry weather they curl up, ond so con- 
oeof and protect the surfoee on which spores ore 
borne. (OniV. Minn. Agr. Exp, SfaJ 


Special stimuli are sometimes necessary to inji 
ate the formation of fruit bodies (Fig. 18). 
fungi require the stimulus of light for fructiHc 
tion, although they grow well in darkness; son 
require special temperature; others require certai 
nutrients or vitamins. 

How, where, when, and the rate at which fun 
grow and reproduce depend on their inheritani 
and their environment. The inheritance delermini 
the limits within which the behavior of each kir 
of fungus can vary, and the environment deternuni 
its behavior under particular combinations of co 
ditions. [f ( 

INFECTION AND DEVELOPMEI^ OF DISEASE 

Infection of plants by a pathogen terminates 
series of events that begins with inoculation, whu 
is the contact of a susceptible part of a plant \ 
the inoculum. Inoculum is any infectious part ( 
the pathogen, such as spores, bacterial cells, ar 
virus particles. Typically, inoculation is followt 
by entrance into the host, and infection follows n 
trance. A plant is infected when the pathogen star 
taking nourishment from it. 

The time between inoculation and infection 
the incubation period. Because it is often diflhdi 
to tell when infection occurs, the incubation perui 
IS usually counted as the time between inoculafiu 
and the appearance of the first symptoms of inft 
tion. 

The probabililyi^that infection will follow inon 
lation depends upon the vigor of the inoculum li: 
duration of favorable environmental conditions an 
the resistance of the host (see Plant disfasf (O' 
TROI ). Usually only a small part of the inoMilm 
produced reaches a susceptible plant, and onh 
small fraction infects the plant. Consequently, mo' 
plant pathogens survive and are destructive parti 
because they produce fantastically large amounl 
of inoculum. 

The inoculum. Inoculum of viruses and bacteri 
consists of the individual virus particles or bci( 
terlal cells, respectively; the inoculum of fungi ma 
he spores, pieces of hyphae, or specialized strn< 
tures, such as sclerotia. Pathogenic plants lil^ 
dodder produce true seed, and nematodes produc 
eggs, both of which function as inoculum. 

Bacteria and viruses produce billions of celN o 
virus particles in infected plants, and each nei 
unit theoretically can infect another plant. 
produce spores on the surface of hyphal growth « 
in a variety of specialized structures 'which ni« 
he large, as the giant puffball, or almost invisi 
to the unaided eye (Fig. 19). Some of the 
producing structures function over a consider^ 
period of time and, like bacteria, produce 
gious amounts of inoculum. 

Bacteria and viruses are somewhat restrict^ 
pathogens by having no special means of 
ing themselves from the host, although the barter ^ 
may ooze out in sticky droplets. For ^^®*®®f**L**5 
or transmission these pathogens depend ^1* ^ 
upon plant contact, insects, qr ihant fdtfaoi#^ 





plants, secondary inoculum. The primary inoculum 
of fungi may be resting spores or the survWing by- 
phae or selerotia; often the hyphae or sclerotia 
produce spores which function as primary inocu- 
lum. 

Many fungi produce two or more kinds of spores. 
Those formed late in the growing season (resting 
spores) usually will not germinate until after a pe- 
riod of dormancy and will survive more cold and 



Fig 19 Glomere/la cingulafa. (a) Acervulus on apple 
lru»t ib) Penthecfum. (From J. C. Walker, Plant Pathol- 
ogy, 2d ed , McGraw-Hill, 1957) 


irria may he spattered shoit distances by rain. 
Sime fungi prodiu’e spores in sticky masses, like 
u\i[erw\\ ou/e, and are dissemmated in much the 
^dmc ways as bacteria. Other fungi have ways to 
hliciale or forcibly eject spores into the air, where 
thfN tan he carried by the wind. This gives fun- 
gus pathogens the potential of much farther and 
^d''ier spiead than the bacteria or viruses, although 
thnr arrival on a susceptible plant is much more 
d inaticr of c hance than if insects carry the inocu- 
lum. because insects often seek similar plants for 
food (Dissemination is considered in greater de- 
rail in a later section of this article. ) 

hormanl inoculum is one of the most important, 
Init not the only, means by which plant pathogens 
uFMve during periods when parasitic life is im- 
possible. If the pathogen is within a perennial 
liost. It is usually quiescent during the rest period 
of the host. Sclerotia and even the vegetative hy- 
phae of some fungi may survive periods of drought 
cold independently of the host. Other patho- 
gfnh require the protection of the dead host plant, 
tioi 80 much against cold and drought as against 
Antagonistic organisms (ice EcoLOCic interac- 
J'tONs). This is especially true of plant pathogenic 
Wteria, few of which survive long if separated 
host tissue. Some viruses can live only min- 
apart from the living host ; others, like tobacco 
I^^^aic virus, remain infective for years in dried 
l<‘avea. 

the beginning of the growing season, the first 
of a pathogen is called primary inocu- 
that which is produced l^W on infected 


drought than spores produced during the growing 
season. Some, like the spores of the cabbage club- 
root fungus and the chlamydospores «>f the onion 
smut fungus, stay dormant for several years, thus 
assuring the species of survival if susceptible hosts 
are not grown on the land for several seasons. 
Such diseases are difficult to control by crop rota- 
tion. 

“Repeating’* spores typically are morphologi- 
cally distinct from the resting spores, and are pro- 
duced in great numbers on diseased plants during 
the growing season. They usually germinate rapidly 
whenever environmental conditions are favorable. 
Before germination, repeating spores can survive 
for periods ranging from several hours to several 
weeks, depending upon the species. This deter- 
mines largely how fur and under what conditions 
d pathogen will spread during the growing season. 

Spore germination. Germination, as applied to 
spores oi seeds, means the resumption of vegeta- 
tive growth leading to the development of a new 
individual. In fungi this usually means the pro- 
duction of a hypha, called a germ tube (Fig. 20 ). 
Cell division of bacteria and the hatching of nema- 
tode and insect eggs are (umparable processes so 
far as their function as pathogens is concerned. 

Germination occurs if the spore i.s not dormant 
and if environmental conditions are favorable. This 
usually requires a certain temperature range and 
liquid water, although a few species of fungi 
(powdery mildews) germinate in humid air. Cer- 
tain species also require the presence of food sub- 
stances, special stimulants associated with the 
host, absence of inhibitors that may be produced 
by the pathogen, or certain degrees of acidity. 
Such requirements limit germination, but may be 
a benefit to the species. For example, the necessity 

appressorium 


germ tube 


Fig. 20. Ghmwila cingulata. (p) Conldlum (tporrt. 
(b) Conidiom thot hot bpcomp Ipptate during gprmirta* 
tion; ppprptwrium ot tip <rf OPrm tube. (From J. jC. 
Walk»r, Plant Pathelogy, 7d fd., MeGrjiw-HUI^ 
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far a host stimulant will prevent wastage of spores 
in the absence of the host. 

When a nondormant spore is placed under favor- 
able conditions, germination may follow in 45 min- 
utes or only after several days, depending upon 
the species, age of the spores, and variations in the 
environment. Since conditions change rapidly, ger- 
mination is a critical time for a fungus, because if 
it does not penetrate the host quickly the germ 
tube may be killed, especially by dryness, ft is at 
this stage that fungi are most easily killed by fun- 
gicides. 

Establishment in the host. For bacteria and 
viruses, entering a host is a passive process. Bac- 
teria accidentally get into injuries or are put there 
by insects or other agencies; they may also be 
drawn by water into .stomata, hydathodes. or nec- 
taries. Viruses often are placed in the host by in- 
sects, but many can be transmitted when the sap 
from infected plants comes in contact with minute 
wounds in healthy plants. 

Spores of fungi may also be carried into plants 
by various agencies, but many species have active 
means of penetration, the method usually being 
characteri.stic of the species. In some, germ tubes 
enter stomata by producing a flat structure (ap- 
pressoriiim) over the stoma from which a hypha 
grows through the opening (Fig. 21). Others ig- 
nore the stomata; instead the appressoriuiii adheres 
to the cuticle of the plant and forces a slender in- 
fection peg directly through the protective layer 
(Fig. 22). This apparently is accomplished entirely 
by pressure, as no enzyme action has been demon- 
strated. 

Animal pathogens, like nematodes, have special 
mouth parts that pierce the plant, and the nema- 
tode may remain external or it may actually enter 
the plant. 

Even after penetration, pathogens may fail to in- 
fect due to the presence of mechanical barriers, 
lack of proper nutrients, or the presence of inhib- 
iting toxic substances. These factors depend not 
only on specific interactions between host and 
pathogen but also upon the environment. Success- 
ful establishment of the pathogen may mean kill- 
ing the host ceils and living upon the dead tissue, 
with or without the actual penetration of living 
cells. [c.j.E.] 

Development within the host. After a pathogen 
has become established in a susceptible host, the 
rate of disease development under favorable condi- 
tions follows a sigmoid (s-shaped) curve with three 
major aspects: (1) the lag phase or incubaUon pe- 
riod, when infection is not evident externalfj; (2) 
the exponential phase, when the pathogen spreads 
rapidly in host tissues and symptoms and signs of 
disease appear; and (3) the senescence phase, 
when limiting mechanisms of either host or patho- 
gen restrict further extension. 

Disease development varies with genetic suscep- 
tibility of the bosU genetic aggressiveness of the 
pathogm, and with many environmental factors 
that influence the host, the pathogen, and the inter- 



Fig. 21. Reronospora destructor, (a) Conidiophore 
bearing conidia. (b) Conidium germinating by a germ 
tube, the latter penetrating a stoma. (From J. C. 
Wa/ker, Plant Pathology, 2d ed., McGraw-Hill, 1957 

actions between the two. Environmental factor*- in 
fluence the growth rates and the nie*taboIism of tin- 
host and the pathogen; and the interrelation*^ lir- 
tween these activilfes determine the pattern of di- 
ease development. Furthermore, the effects of pa**! 
environmental conditions on the host may affpct 
disease development, a condition known as predh- 
position when host susceptibility is increased. Thf 
combined effects of these factors on growth and 
development of healthy crop plants in nature are 
poorly understood, and the problem becomes in 
creasingly complex when the plants become dis 
eased. 

Climate often determines the adaptability ‘>1 
plant species to geographic areas and may also de- 
termine the geographic distribution of their dis- 
eases. For each disease there are minimum, opti 
mum, and maximum values for each critical 
ronmental factor. The mean measurements ')! 

(a) 


(c) 

Fig. 22. Colletotrichum circinans. (a) Conidium 
has germinated and formed, iw j«ippressoriom, ^ ' 
in turn has germiMted. (b) Q e f a » j ftj ^ing 
(c) Conidia and appressoria surface of fh« 

ond the subcuticular mycelium developing 
tration. (From J. C. Walker, Plant PaFhologyJP^ 
McGraw-HW, 1957) ^ 





weather, however, are often less important than 
the exact combinations of weather at critical times. 
Those environmental factors that deviate most from 
the optimum limit the development of a disease. 

Effect of temperature. Temperature has a major 
effect on disease development and determines the 
seasonal and regional incidence of most diseases, 
for example, a succession of diseases attacks cer- 
tain creeping bent grasses on golf greens in north- 
ern United Slates: snow mold occurs beneath melt- 
ing ^now in winter; red thread during the moder- 
ate temperatures of spring and fall; dollar spot 
during the warm temperatures of early and late 
summer; and brown patch during the hot weather 
of midsummer. The fungi causing these diseases 
ma\ attack the leaves, grow into the crowns of the 
plants, and may kill the plants entirely in patches 
of characteristic size for each disease. These dis- 
produce similar effects, but temperature de- 
termines when each disease is most destructive. 

The length of incubation period of disease is 
governed by prevailing temperatures. Manv dis- 
eases, such as rusts, mildews, and leaf spots, cause 
onh small lesions on above-ground plant parts. The 
damage to the plant depends on the number of le- 
sions, which in turn depends on the number of dis- 
ease cycles. The elapsed time from infection to 
>pore production — the length of the incubation pe- 
riod- determines the frequency of disease cycles. 
Thus, temperature often determines whether path- 
ogens ran produce enough disease cycles for de- 
velopment of an epidemic. Temperature likewise 
mav influence the symptom expression. Thus, 
svmptoms of many virus diseases disappear or are 
masked at high temperatures. Temperature also de- 
termines whether certain wheat varieties are sus- 
ceptible or resistant to certain parasitic races of 
''tern rust. The effect of temperature on disease de- 
velopment may be principally on the pathogen, or 
‘t may be on the host. When the cardinal tempera- 
tures are the same for growth of the pathogen in 
c^ulture and for development of the disease, the ef- 
is principally on the pathogen. However, when 
the optimum temperature for growth of the patho- 
in culture differs from that for maximum dis- 


development, the temperature probably pre- 
tti'^poses the host plant by weakening it. 

of light. Light affects disease development 
principally by its effect on photosynthesis and the 
^‘'‘'imilative processes of the host. Obligate para- 


such as rusts and powdery mildews, gener- 
^ V develop best when assimilation is maximal, al- 
Piigh the severity of the disease lesion caused 
pathogens on some hosts may be decreased 
high light intensities. Low light often weakens 
f thus predisposes them to diseases caused 

y®^**^^ative saprophytes. 

Sect of moisture. Moisture is a major factor in 
germination and entrance of pathogens into the 
The moisture requirements of the established 
^ . ?eii are supplied by the host, since the os- 
value (water absorption capacity) of the hy- 
of the pathogen is always greater than that 


Pkinfdlsecite SI1 

of the parasitized host cells. Transpiralion (water 
vapor loss) from diseased above-ground plant parts 
is greater than that of healthy parts. The water 
economy of the host is disrupted in wilt diseases 
by the effects of the pathogen on the translocation 
of water in the xylem and the osmotic permeabil- 
ity of foliage parenchyma, and in root diseases by 
the destruction of the tissues for water absorption 
and conduction. The rate of symptom development 
and death of the plant tissue in wilts and root rots 
is accelerated by excessively low atmospheric hu- 
midities and low soil moisture availability. 

Relation of soil. Soil reaction, as regards hydro- 
gen ion concentration, affects the development of 
many diseases in the soil. Potato scab is less severe 
in acid soils (below pH S.2) while cabbage club- 
root is not so severe in less acid soils (above pH 
5.7). However, the extent to which the soil reaction 
affects the infectivity of these pathogens and the 
subsequent development of the diseases has not 
been determined. As the hvdrogen ion c<incentra- 
tion of the plant cell is relatively constant despite 
differences in the range of soil reaction, soil pH 
probably affects disease development indirectly by 
its effects on the availahilitv to the host or patho- 
gen of mineral nutritional elements in the soil. 

Soil oxygen and carbon dioxide concentrations 
affect the development of root diseases. The effects 
on iiifectivitv of the pathogen, on predisposition of 
the host, and on disease development have not been 
distinguished, although the development of the 
host is more adversely affected by high carbon di- 
oxide and low oxygen tensions in the soil than is 
the growth of many fungal pathogens. 

Effects of nutrients. The effects of nutrients are 
largely indirect since plants and their pathogens 
require the same essential mineral elements. How- 
ever, the available amount of each mineral element 
and the balance between them affect the structure 
and physiology of the host and thus may be either 
favorable or unfavorable to the development of dif- 
ferent pathogens. The principal mineral elements 
in fertilizers (nitrogen, phosphorus, potassium, and 
calcium) have the most pronounced effects. Dis- 
eases caused by obligate parasites such as rusts, 
powdery mildews, and many viruses develop best 
in ‘^normal” plants having optima] mineral nutri- 
tion; while subnormal plant development due to 
inadequate or unbalanced mineral nutrition favors 
the development of many diseases, such as root 
rots, that are caused by facultative saprophytes. 
Some vascular pathogens are affected directly by 
the concep^ration of nitrogen compounds in the 
conductive (issues of the host. 

Plant disease epidemics. Epidemics of plant 
diseases occur when a high percentage of the host 
population in a certain area is affected with suf- 
ffeient severity to limit either growth, survival, or 
crop production. An epidemic is the culmination 
of all events affecting the initiation and develop- 
ment of a disease through the interaction of Ae 
genetic constitutions of host and pathogen with the 
critical environmental factors. The developmentvof 
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epidemics requires: (1) abundant, viable inoculum 
of a virulent physiologic race of the pathogen, dis* 
seminated widely and rapidly at the proper times; 

(2) dense and extensive populations of a suscepti- 
ble host in a receptive stage of development; and 

(3) optimal conditions of the environmental fac- 
tors affecting production and germination of inocu- 
lum, penetration of the host by the pathogen, and 
rapidity of disease development. Generally, epi- 
demics develop from successive cycles of dissemi- 
nation, inoculation, infection, growth, and multi- 
plication of the pathogen, as all requirements 
rarely are fulfilled simultaneously. 

These interrelations were illustrated by the pro- 
gression of an artificially induced epidemic of black 
stem rust in a field of Marquis wheat at St. Paul, 
Minn, in 1956 (see Fig. 23). The epidemic was in- 
itiated by inoculation with urediospores (summer 
spores) carried in oil. Inoculations of the wheat 
June 13 and 15 resulted in an initial incidence on 
June 23 of 15 to 20 pustules per stem, which was 
sufficient for abundant dissemination and inocula- 
tion of the wheat for favorable infection periods 
associated with heavy rain June 25, and lighter 
precipitation June 30 and July 1. Pustules from sec- 
ondary infections were maturing by July 4 and an 
epidemic developed rapidly, resulting in completely 
diseased wheat within the following two weeks. 

1 J.B.R.] 

DISSEMINATION OF PLANT PATHOGENS 

Effective dissemination of pathogens requires 
that the inoculum be carried in viable condition to 
host plants that are susceptible to infection, and 
that the conditions at the time favor germination 
of the inoculum and infection of the host plants. 
Knowledge of the means of dissemination of a given 



Fig. 23. Devalopmant of on epidemic of stem rust on 
AAorquie wheat. (From J. 6. Rowell, Oil Inoculation of 
whecf with tpores of Puceinia gramini$ vor. fritici, 

PhytopQfhohgy^ 47aih689^90, 1957) 


pathogen often is basic to control of the disease Of 
diseases it causes. 

Dissemination by wind. Spores are discharged 
into the air, or picked up by even the slightest of 
air currents, and carried by chance to susceptible 
hosts, sometimes only to nearby plants, sometimes 
for hundreds of miles. 

Local dissemination. The conidia (spores) or 
sporangia of many of the downy mildew fungi are 
produced only at night or during periods of foggy 
or drizzly weather. They are very sensitive to dry- 
ing and to sunlight, and usually can be effectively 
disseminated for only short distances. A single 
maize plant infected with Sclero^oora philippinemh 
is estimated to produce from 1,000,000,000 to more 
than 5,000,000,000 spores of the fungus in a single 
night. Given a succession of nights favorable for 
production, spread, and infection, local epidemics 
of this and similar diseases can build up rapidly. 

The fungus Cronartium ribicola^ which causes 
white pine blister rust, can spread from wild cur 
rant plants (Ribes) to pines only by means of l)a 
sidiospores which are small, delicate, and short 
lived. The hasidiospores from wild currants can not 
be disseminated effectively more than 900 ft. If a 
stand of white pines is free from blister rust, ii i- 
necessary only to eliminate the Ribes bushes within 
the stand and up to 900 ft away to completely pro 
tect the pine from blister rust in the future. Man\ 
of the most valuable stands of white pines ha\c 
been protected in ifiis way. 


The fungus Vstilago tritici, which causes loo«e 
smut of wheat, produces powdery masses of chla 
mydospore* that replace the floral parts of infc( ted 
plants. These spores are produced at the time the 
noninfected plants in the same field are producing 
their flowers. The wind carries the spores to flowers 
of adjacent plants and thus spreads infection h> 
cally. Although the spores can be carried long di" 
tances in viable condition, the short flowering pf 
riod of the host plant ordinarily precludes effective 
long-distance dissemination. The same pattern 
followed by a number of other loose smut fungi; 
and the use of smut-free seed, which eliminates in- 
oculum from a given field or area, ordinarily is suf- 


ficient to protect the crops against these diseases 
Long-distance dissemination. East of the Rocky 
Mountains a more or less continuous belt of wheat 
is grown from northern Mexico to central Canada, 
and the wheat matures progressively from south to 
north. In many years, epidemics of stem rust o 
wheat, propagated by repeating urediospores o 
Puceinia graminis var. tritici, strike wheat in nort 
ern Mexico and southern Texas. The spores are 
carried northward by the wind, sometimes in »h® 
local advances, sometimes in hordes that 
wheat plants over an area of several hundred thou 
sand square miles. Essentially the same cour^ 
events prevails ^with thiiiliisease in India at*® * 


portions of Russia. i 

Dissemination by water. A number of 
phytic fungi are well adapted to sfrread 




ing rain drops, but the dissemination of plant path* 
ogenic fungi by this means has been little investi- 
gated Septoria and Phoma^ both of which cause a 
multitude of plant diseases, produce conidia in a 
sticky matrix within pycnidia (fruiting bodies). In 
^et weather the spores ooze out in tendrils. Spores 
of Septoria acicola, which causes a leaf disease of 
young longleaf pine, is known to be spread locally 
bv splashing rain drops, and presumably most spe- 
cies of both Septoria and Phoma are so spread. 
Thev may be spread farther than locally, since 
spores of Phoma frequently are found in rather 
large numbers in the air. The dissemination of 
these and similar fungi by a combination of rain 
and wind deserves more study. 

Dissemination by insects. Many of the most 
de'^trurtive virus diseases of economic plants are 
spread chiefly or only by insects, especiallv leaf 
hoppers and aphids {see Hrmiptfra). Effective 
‘.prcad usually is limited to the distance the insects 
(.in flv, but occasionally the insects, infected with 
ilip virus, may be carried many miles by the wind. 

Blufstain of conifer trees and Dutch elm disease, 
both caused by species of Ceratostomella, are ear- 
ned from infected to healthy trees by bark beetles. 
The beetles inoculate healthy trees with the fun- 
gus rhe fungus invades and kills the trees, then the 
trees are invaded by greater numbers of the bark 
beetles which breed under the bark. Without the 
beetles the fungi could not be effectively dissemi- 
nated, and without the fungus the beetles would 
do little damage, since ordinarily they cannot in- 
vide healthy trees in any numbers. 

Inserts are also responsible for development of 
epidemics of ergot in wild grasses and cultivated 
fereals Primary infection of the flowers of these 
plants by Claviceps purpurea is by wind-borne as- 
(ospores {see AsroMYtETEs) . This primary infec- 
tion usually is very light, but within a few days the 
infected flowers produce large numbers of conidia 
in a sweet and sticky fluid. The fluid attracts cer- 
tain small flies, which wallow in the spores, then 
other flowers and so spread the infection. Like- 
pycniospores of many rust fungi are exuded 
•n a matrix attractive to flies which carry the 
'pores from one pycnium to another and insure 
fertilization of the rust fungus. Recently, grain-in- 
festing weevils, moths, and mites have been found 
not only to carry inoculum of fungi that cause de- 
terioration of stored grain, but also to increase the 
J'loisture content of the grain and thus enable the 
to grow faster and cause more damage (Fig. 

I^issemingtion by other enimale. Endothia par- 
the fungus that causes chestnut blight, is 
^^rried by woodpeckers, and nearly a million spores 
fungus have been washed from the feet of a 
^tngle bird. The woodpeckers probably not only 
^ptead the fungus locally, but also contributed, in 
eir migrations, to the rapid north-south spread of 
destructive disease. It is not known whether 
birds in their local ffights or long distance 
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Fig. 24. Fungi that couse deterioration of stored 
groin, growing from a larva of a grain infesting in- 
sect. The larva was surface disinfected to kill inoculum 
on the outside of Its body. Several species of Asper- 
gillus are growing out from the interior of the insect. 

migrations regularly carry spores of plant patho- 
gens and disseminate them effectively, but it seems 
highly probable. The role of birds, rodents, and 
other animals in the local and long-distance dissem- 
ination of plant pathogens requires more investiga- 
tion. 

Dissennination by man. Man has been responsi- 
ble for rapid and wide-spread dissemination of some 
of the most destructive diseases of his economic 
plants. Before the communicable or contagious na- 
ture of many plant diseases was discovered about 
1850, this spread was uninhibited and to some ex- 
tent excusable. Even today, with rigorous inspec- 
tion of plant materials in commerce and severe re- 
strictions on the shipment of many plants and plant 
parts, dissemination of plant pathogens by man is 
by no means eliminated and probably will continue 
to be a larg-* factor in world agriculture for many 
years to come. A few examples, grouped according 
to the causal agent of the disease, illustrate the 
nature of such spread, the damage that may be 
caused, and some of the difficulties involved in halt- 
ing or reducing spread of plant diseases by man. 

P^irus diseases. Commercial growers of potatoes 
in the southern United States usually obtain their 
stock of ‘^seed’’ or planting tubers from the northern 
states, chiefly because of the difficulty of produc- 
ing virus-free seed stock in the South. But for 
many years the quality of seed potatoes grown in 
the North was erratic; some lots were heavily in- 
fected with one or more virus diseases that greatly 
reduced the yield of the crop grown from such 
stock. Since about 1920, seed certification depart- 
ments have been established m the northern states 
that produce seed potatoes. Fields of potatoes are 
examined several times during the season by com- 
petent inspectors, aiid tubers are tested in the 
greenhouse during the winter to insure that no de- 
tectable virus is included in the seed stock. Some 
viruses, such as potato virus X, produce no eyiktp* 
toms in some varieties and may be carried along in 
these without detection. Sudb viruses, when spread 
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to other varieties, may cause considerable damage. 
All of the more than 50 known virus diseases of the 
common potato probably have been spread through- 
out the world by the shipment of diseased tubers. 
Similarly, virus diseases of stone and citrus fruits 
probably have been carried to all parts of the 
world where these crops are grown by shipment of 
diseased grafting stock. Sometimes these diseases 
do not produce any obvious symptoms until the 
trees are several years old. Special techniques are 
required to insure that grafting stock of material 
for clonal propagation such as cuttings is free of 
hidden viruses that may greatly reduce the produc- 
tiveness of the future crop. 

Bacterial diseases. Ring rot of potatoes, caused 
by Corynebacterium sepedonicum^ is spread chiefly 
by knives used to cut potatoes into pieces for plant- 
ing and by contact of cut seed pieces or bruised 
whole potatoes with sacks, bins, or machinery con- 
taminated with the bacteria. This disease was 
spread throughout the world by the shipment of 
infected potato tubers. A few infected tubers in a 
lot of many bushels may furnish sufficient inoculum 
to infect a large proportion of the seed pieces cut 
from these tubers, drastically reducing the yield of 
the crop grown from them. A somewhat similar 
bacterial disease of geraniums is spread chiefly by 
knives used to make cuttings for propagation, by 
the resultant contamination of soil, pots, and other 
equipment, and by the hands and clothing of work- 
ers. Constant strict inspection and sanitation are 
required to keep these diseases in check. Citrus 
canker, caused by Xanthomonas citric was intro- 
duced from the Orient into Florida about 1910, ap- 
parently on diseased planting stock, and threat- 
ened to destroy the entire citrus industry there. It 
finally was eliminated by eradicating some 15,000,- 
000 trees, a drastic, costly, but necessary measure. 

Fungus diseases. Late blight of potatoes was car- 
ried from South America to and throughout Europe 
by the transport of diseased potato tubers, and 
later it was carried from Europe to North America. 
Both powdery and downy mildews of grapes, en- 
demic on wild grapes in America, were carried by 
man to France on grape stocks imported to obtain 
new varieties. They quickly spread over Europe, 
for a time threatened the survival of the extensive 
grape and wine industries, and still add greatly to 
the cost of production. 

White pine blister rust, native to Siberia, was 
carried into Europe on pines imported for growing 
in botanical gardens. About 1900 this disease was 
carried to the United States from Europe on in- 
fected seedling pines and now is found throughout 
the major white pine regions of North America. 
The Dutch elm disease was introduced into the 
United States from Europe about 1930. It has 
spread as far west as Wisconsin and has almost 
diminated street plantings of elm in many eastern 
cities. A somewhat unusual case of plant disease 
being spread by man is that of a disfiguring and 
sometimes fatal canker of sycamore caused by a 


species of Ceratostomella. This fungus was 
to be spread almost entirely by means of spoi^ 
a wound dressing applied to the wood exposed 
branches were cut off. The wound dressing 
posed to be fungicidal but actually served as an 
fective carrier of the inoculum of this fungus. 

Nematode diseases. Although the evidence is 
largely circumstantial, it is likely that some of 
most destructive plant parasitic nematodes hate 
been imported into the United States in contaml 
nated plant materials. 

PLANT DISEASES IN STORAGE 

Tubers, fruits, and fresh vegetal^^ied are subject to 
spoilage by a variety of pathogenic and nonpatho- 
genic agents during storage and transit, and often 
this hazard remains acute up to the time of con- 
sumption. Seeds such as those of wheat, corn, bar- 
ley, soybeans, and flax, which often are stored in 
bulk for months or years, also are subject to de- 
terioration. At times, the losses in transit and stor- 
age equal those occurring while the plants are 
growing. In general, storage diseases are divided 
into those caused by non pathogenic factors, and 
those caused by living organisms or pathogens. 

Nonpathogenic storage diseases. Fruits and 
vegetables in storage suffer from a number of seri- 
ous nonpathogenic or physiological di.seases. Typi- 
cally, these show up as discolored spots or areas 
on the surface of or within the affected parts, some- 
times accompaniedrt)y collapse of the tissues, leav- 
ing pits on the surface or hollows within. These 
diseases are caused mainly by an excess of gase« 
such as (certain esters or carbon dioxide given off 
by the fruits or vegetables themselves, or by chemi- 
cals introduced into the storage rooms. These dis- 
eases may be controlled by maintaining proper 
storage conditions, including temperature, humid- 
ity, and aeration. Fruits, vegetables, and seeds har- 
bor abundant microflora, and damage beginning 
from nonpathogenic causes may be increased 
greatly by subsequent invasion of the tissues by 
bacteria and fungi able to cause rapid decay. 

Pathogenic storage diseases. Common fungi 
such as Botrytis, Penicilliumy Rhizopus, and Sck- 
rotinia invade and rot many fruits and vegetables. 
Losses up to 25% of a shipment between harvest 
and consumption are common in fruits such as or- 
anges, apples, peaches, pears, and plums and m 
vegetables such as potatoes, sweet potatoes, toma- 
toes, and peppers. Bacteria, or a combination ot 
fungi and bacteria, often rot stored potatoes an 
root vegetables. These diseases may controlW 
by harvesting only sound, disease-free products 
careful handling to prevent bruising, the t*®® ® 
clean containers, maintenance of low (about 40 r) 
temperatures in transit and storage, and at tinms* 
the use of fungicides. , 

Grains stored 4n bulk are subject to invasion y 
a number of fungi, principally those in the^ 
Aspergillus (Fig. 25), which have the abil^y 
grow at moisture contents in equilibrium 




Fig. 25. A damaged grain of wheat, from a commer> 
cial storage bln, with Aspergillus (fungus) growing 
from the germ (embryo). Approximately 250,000 bush- 
els of wheat In this bln were affected, with a loss of 
more than $240,000. 

ative humidities down to 70%. The resulting dete- 
rioration may not be detected until most of the 
damage has been done. Research is gradually mak- 
ing available, to men in the grain trade, facts and 
principles that will enable them to reduce such 

( C.M.CH.] 
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Plant disease control 

^®ntrol of plant diseases, by cultural methods, 
^ emicals, resistant plant varieties, eradication of 
Pathogens, and quarantines. For certain diseases 

methods must be combined to give effective 
<^ontrol. 

practices. Cultural practices may con- 
/a diseases by eliminating or reducing the 
^ctiveness of the pathogen, or by altering the 
'^‘^Ptibility of the host plant. This is done by till- 
use of fertilizers, crop rotation, and 
^tis vsanitary practices designed to eliminate 
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sources of infection. See Achiculttoal soil, and 

CROP PRACTICES. 

Some pathogens survive on crop residue, but are 
ineffective if buried by plowing, for example, the 
cereal head blight fungus on corn. Others, such as 
the cabbage black rot bacteria, live over winter, 
but will die out in a few years if a susceptible 
crop is not grown where they occur. Crop rotation, 
fertilization, and the growing of certain crops will 
encourage the establishment of organisms in the 
soil that destroy certain pathogens by antibiosis, 
for example, the cotton root rot organism which is 
reduced by liberal application of manure. See Fer- 
tilizing; .Soil MirRooRCAMSMs. 

Cultivation to eliminate weeds and variations in 
depth and time of planting also reduce losses from 
certain diseases. Sometimes unique tillage meth- 
ods are employed, .such as flooding fields with wa- 
ter to destroy the banana wilt organism. Excesses 
or deficiencies of both major and minor elements 
in fertilizers can cause disease or increase suscep- 
tibility of plants. See Plant, minerals essen- 
tial TO. 

Sanitary practices, sui‘h as cleaning and disin- 
fecting of farm equipment and destroying of crop 
residues harboring pathogens, often help to control 
specific diseases. [h.d.t.] 

Control with chemicals. Chemicals are used to 
prevent or to reduce the severity of abnormal 
changes in plants induced by pathogenic organisms 
or by adverse environmental conditions. 

External plant protection. Various chemical 
substances are applied to the surfaces of growing 
plants either to destroy superficially growing plant 
pathogens or to protect against infectious materials 
that might subsequently be deposited on the sur- 
face by wind, water, and insects (see Insecta). 
The use of ins»"cticides is included among external 
protectants becaii.se virus diseases of plants are 
commonly transmitted by insects. See Insecticide; 
Plant virus. 

External protectants may be applied to foliage, 
branches, stems, roots, seeds, corms, bulbs, tubers, 
and propagating stock in the form of sprays, dusts, 
dips, soaks, or slurries. Sprays are aqueous solu- 
tions, or occasionally oil suspensions, of fungicidal 
or bactericidal compounds applied with approprL 
ate machines {see Fungistat and fungicide). Fre- 
quently surface-tension depressants and adhesives 
are added to liquid sprays to improve coverage and 
prolong adherence to plant surfaces (Fig. 1). 
Elaborate spray schedules have been developed to 
ensure adequate protection against such important 
diseases as apple scab, late blight of potatoes, leaf 
spot of bananas, and black spot of roses (see Plant 
disease). Dusts are dry fonnulations of fungicides, 
bactericides, and insecticides which are blown onto 
plants from ground equipment or from airplanes. 
The purpose of dusts is identical to that of sprays* 
but at times dusts are preferred for their ease 
handling and in situations where weight and avaijjr 
able water are important factors. Dusts are espf^ 
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Fig. 1. Chemical control of potato late blight, Toluca 
Valley, Mexico. {Rockefeller Foundation) 


cially important in the treatment of seed prior to 
planting or for the control of seedling blight and 
rot. Soaks and dips are solutions or suspensions of 
toxic compounds in which roots, corms, bulbs, and 
other vegetative plant parts are dipped for varying 
periods of time for disinfestation or for the control 
of specific diseases. Slurries are liquid seed treat- 
ments consisting of a milky suspension of chemical 
dusts in water. 

Internal plant protection. This includes the cor- 
rection of physiologic diseases arising from defi- 
ciencies of essential nutrient elements in crop soils 
and the use of systemic (internal) fungicides and 
bactericides. Deficiency symptoms indicate the lack 
of major or minor nutrients, such as nitrogen, phos- 
phorus, potassium, sulfur, boron, iron, manganese, 
asJnc, copper, and molybdenum. Deficiencies in ma- 
jor elements are readily corrected by the applica- 
tion of commercial fertilizers, and in microele- 
ments by the application of appropriate compounds 
to the soil, as foliage sprays, or more rarely, by 
direct injection into plants. 

The concept of systemic plant protection is based 
on evidence that certain organic compounds are 
absorbed in minute quantities by crop plants, and 
either serve as protective substances against infec- 
tion or stimulate living host cells to produce com- 
pounds which resist the attack of pathogenic mi- 
croorganisms. It is hoped that certain of these 
materials may prove effective against the attack of 
fungi, bacteria, and perhaps viruses which are dif- 
ficult to control by conventional methods. In fact, 
there is encouraging evidence that it may be pos- 
sible to control stem rust of wheat, apple scab, and 
bean blight with systemic compounds. 

The more common crop protectants include in- 
organic and organic compounds of sulfur, copper, 
chlorine, mercury, zinc, nickel, cobalt, and the qui- 
nones and phenols (see Phenol; Quinone^, Those 
that appear to have systemic effects include 'salts of 
heavy metals such as iron, mercury, zinc, and lead, 
the sulfamates, salicylic and picric acids, dithio- 
carbamates, certain fumigants such as methyl bro- 
mide, and the herbicides 2,4-D and 2,4s5-T (see 
Fuuicant; Herbicide). A number of antibiotic 
subaloiices extracted from microorganisms have 
been shown to act as systemic protectants (see 
Antibiotig). Examples are Actidione, streptomy- 
cin, amd antimycin from Streptamyces species, fun- 


gocin from a species of Bacillus^ and viridin hoi 
the fungus Trickoderma (Fig. 2). 

IFeed control. Because weeds are plant pests i 
the extent that they compete with crop plants an 
serve as reservoirs of plant pathogens and hosts ( 
insect vectors (carriers), the plant pathologist ii 
eludes weed control in the general area of plai 
protection. For the chemical control of weeds con 
plex compounds known in the trade by such nain( 
as 2,4-D, 2,4,5-T, TCA, IPC, and 2,4-DB are us« 
Some herbicides are toxic to the weeds treate( 
whereas the selective herbicides are principal] 
growth-promoting substances which overstimulai 
living tissues and ultimately ca^se their death. 

fj.C.H 

Diseaae resistance. Crowing resistant varietu 
of crop plants is the best and most economical wa 
of combating plant diseases. No capital, labor. ( 
time need be expended in applying protects 
fungicides if the crop varieties grown can resi: 
the ravages of disease. 

Varieties that have no natural resistance to 
pathogen often escape disease infection and dar 
age merely because they mature early or becau< 
of their growth habit. For example, certain wheai 
usually escape rust because they ripen earh 
bush-type beans are less frequently attacked by tli 
white mold Sclerotinia than are the vine types. 

Better understanding of the specificity of resi^ 
ance comes as more is learned about parasitism an 
disease processed physical factors and mechai 
isms, chemical components and combinations, an 
enzyme systems and energy exchanges. Even wit) 
out full understanding, much has been done in ut 
lizing and combining the kinds of resistance, stud' 
ing the inheritance of resistance, investigating ii 
variability, and practical testing for its dependi 
hility. 

Heritable resistance. A true natural resist ann 
however, is a heritable character, sometimes go’ 
erned by a single gene, sometimes by many gene 
Resistance is based on structure, protopla.‘»mi 
properties, metabolic activities, and physiologic^ 
functioning of a variety; it may vary qualitative! 
with external environmental factors. Usually it ' 
effective against a specific pathogen, but 
against all pathogens. Immunity, connoting con 



Fig. 2. Control of downy mildow of lima 
a itreptomycin sulfate compound, Agflftiop^j^! 
treated, 100% Infection, (b) Sprayed wHb 
streptomycin, excellent control. fW. J. ZcrtineeyBn w 


plcte freedom from a pathogen and a diseaee, rep- 
resents absolute resistance. In most plants, how- 
ever, there are varying degrees of resistance rather 
than immunity. Some varieties of wheat and pota- 
toes have a combination of characters that protect 
them fairly well under many conditions in the field 
against stem rust and late blight, respectively. This 
generalized kind of resistance, not yet completely 
understood, is called adult-plant resistance, ma- 
ture-plant resistance, or field resistance. Hypersen- 
sitivity also has the practical effectiveness of a 
high degree of resistance, although it actually is a 
snperHUsceptibility which results in the sudden 
death of the first few cells attacked but establishes 
conditions in which the remaining host cells are 
protected from continuing attack. 

Gene*^ responsible for resistance have been deter- 
mined and utilized in some cases, and the inherit- 
ance of the resistant character has been studied. A 
single dominant gene controls type- A resistance to 
Yellows in cabbage. At least four dominant or ma 
lor genes, all derived from Solanum dermsuim^ con- 
irol late blight resistance in potato, and there is 
some evidence that one or two other major genes 
exist Many other genes (modifying or perhaps mi- 
nor genes) are involved in the field resistance to 
potato late blight, whereby a variety is attacked by 
the pathogen but produces an acceptable crop be- 
raiisp the damage from the attack is seldom severe. 
There are genes in flax that govern resistance to 
the various races of flax rust and, correspondingly, 
there are genes that govern virulence in the races 
of the flax rust fungus. 

Resistance attributes. Some investigators seek 
the reasons for a variety’s resistance only in the 
incompatibilities of the two associated metabolic 
•'Vstems, that of the host variety and that of the 
living pathogen. Other workers regard as contribu- 
tors to resistance all of a variety’s characters or 
that help to ward off or retard entry of 
a pathogen, restrict or inhibit a pathogen’s prog- 
within the variety, or actually destroy the in- 
vader 

Certain resistant varieties and species of plants 
have a single attribute that thwarts a particular 
pathogen in its attack ; others have many attributes 
playing roles of varying importance as they con- 
tribute to the variety’s resistance to a specific path- 
’^Ren A thick, tough epidermis may prevent direct 
penetration. Prolonged closure of stomata or ex- 
tremely small stomata may bar the way for some 
pathogens that normally enter these natural open- 
jt>g8 of a plant. Occasionally a stomatal configura- 
tion that interferes with formation, retention, and 
continuity of water films excludes a pathogen. 

with compact cell organization 
capacity for rapid suberization of cells retard the 
tov'ador. Cell walls with much crude fiber in the 
secondary thickenings often impede the advance 
j hyphae; and lignified cell walls may be 

^Jl'P^ablc barriers for some pathogens confined to 
cal 'T tissues. Wkter-soluWe efaemi- 

® diffoaing from some plant parts into the sur- 
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rounding soil or water are toxic to some pathogens 
and inhibit their growth. Alkaloids toxic to certain 
root-rot organisms are components of some resist- 
ant varieties, and strong acids and volatile sul- 
fides are the protective chemicals in others. Phe- 
nolic compounds, such as tannins, catechol, and 
chlorogenic acid, are often more abundant in re- 
sistant varieties than in susceptible varieties, and 
although some phenolic substances may be bound 
in the host cells in nonlethal form, there are other 
forms of these compounds which are actively toxic 
to pathogens. 

V ariations in resistance. A simple and general 
explanation of resistance is not possible. A vari- 
ety with resistance to one kind of pathogen is not 
necessarily resistant to other pathogens that usu- 
ally attack that plant. Different varieties and spe- 
cies of plants may suffer from one disease or from 
several diseases; and thousands of pathogens, pax- 
ticularly those among the fungi, bacteria, viruses, 
and nematodes, cause various kinds of disease in 
plants (sec Nematoda). The reaction of a variety 
to one disease may be independent of its reaction 
to several other diseases. For example, the wheat 
variety Thatcher was valued for its stem-rust re- 
sistance in the 1930s, but it lacks adequate resist- 
ance to leaf rust, scab, and root rot. 

A resistant variety may not be resistant to all 
representatives of one pathogen. Just as a single 
species of a crop plant often comprises many 
agronomic or horticultural varieties, so may a sin- 
gle species of a pathogen comprise several varieties 
and almost innumerable strains or races that differ 
genetically, physiologically, and in pathogenic ca- 
pabilities even though they look sufficiently alike to 
he recognized and classified as the single species. 
This physiologic specialization exists in several 
pathogens, such as many of the cereal rusts, the 
late-blight Phytophthora^ the wilt Fusaria, the foot- 
rotting Rhizortonia, the bean mosaic, the tobacco 
mosaic, and the sugarheet curlytop viruses. This 
phenomenon probably is of more general occur- 
rence than has been demonstrated, and wherever 
it exists it ccMsaplicates crop improvement and the 
breeding of new disease-resistant varieties. In many 
instances the resistance of any variety must be 
considered in relation to an individual race or 
strain of a specific pathogen. 

Environmental factors. External factors fre- 
quently change the quality of a disease reaction. 
Temperature, light, nutrients (both major and mi- 
nor elements), carbon dioxide concentration, and 
hydrogen ion concentration (acidity) may effect 
changes. Sometimes the changes are slight, some- 
times extreme. A notable example of the latter is 
common in some of the wheats from Kenya and in 
some of the varieties of oats. These cereals may l»e 
highly resistant to individual races of stem fust mt 
one temperature and susceptible to the same races 
if the temperature is only higher. Thus, l|ie 
resistance of e variety frequently must he cons|d^ 
ered in relation to a certain race «|f a 
and also in relation to a ceriexn ehvhmiim^ 
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trUd and cultivated plants. Wild plant species 
that have undergone natural selection frequently 
have more disease resistance than do cultivated 
plants, especially if there has been long associa- 
tion of the plants with the disease organisms. So- 
lanum demissum^ a wild potato with small tubers, 
is more resistant to late blight disease than are 
the cultivated varieties of S. tuberosum; and many 
other species of Solanum growing throughout the 
highlands of South America are being investigated 
as sources of resistance to late blight or some other 
diseases. The small-fruited wild tomato, Lycopersi- 
con pimpinelli folium^ has more resistance to a 
number of diseases, such as bacterial wilt, fusarium 
wilt, verticillium wilt, bacterial canker, gray leaf 
spot, leaf mold, and the spotted wilt viruses, than 
has the cultivated tomato L, esculentum. Some- 
times, by selection and by hybridization, the disease 
resistance of a wild plant can be incorporated into 
varieties suitable for cultivation. 

Cultivated crops sometimes are heterogeneous 
populations from which resistant individuals can 
be selected and propagated. The simple selection 
of survivors in a plant population subjected to re- 
peated severe attacks of such soil-infesting patho- 
gens as Fusarium or V erticillium has been one 
means of obtaining varieties of cabbage, cotton, 
flax, melon, and tomato which are resistant to var- 
ious wilt diseases. Growing flax year after year in 
a soil plot infested with all available and known 
strains of the fusarial flax-wilt fungus, propagat- 
ing from the survivors, and again growing the 
progeny in the infested soil eliminates the wilt-sus- 
ceptible portions of the populations. By persistent 
selection of this kind, flax wilt has been controlled 
in the United States for about 50 years. 

By hybridization many resistant varieties have 
been produced in wheat, oats, barley, cotton, flax, 
potato, tomato, bean, cabbage, melon, cucumber, 
sugar cane, sugar beet, tobacco, and variou.s other 
crops. Simple and complex crosses, polycrosses, 
species crosses, and backcrosses have been made, 
and isogenic lines have been produced in some in- 
stances. If genetic characters for disease resistance 
are available, they can often be combined with 
many other desirable characters in spite of diffi- 
culties encountered because of lack of synchro- 
nized flowering in the materials, pollen sterility, 
and linkages. The search for resistant materials 
may cover wide territory. For example, sugar canes 
from Java and India supplied the mosaic resistance 
that was needed for canes in the United States, and 
wheats from Australia and Kenya furnished resist- 
ance to race ISB of stem rust for many new wheat 
hybrids in the United States, Canada, and Mexico. 
New sources of resistance are continually being 
sought in the varieties and genic lines assembled in 
world collections of various crop plants. 

In times past when some disease has threatened 
destruction of certain crops and discontinuance of 
thetr cnltivalion, resistant varieties have made pos* 
sihle their continued production. Today the aim is 
greater foresight by planning adequate testing of 


resistant varieties, by having various kinds of 
sistance at hand and available, and by facUttatin 
rapid replacements or recombinations of crop m* 

.. . 

Eradication campaigns. These are designed 
either to eliminate recently introduced pathogens 
completely, or to protect economic plants by de- 
stroying alternate, or weed, hosts. Success in elimj, 
iiating pathogens depends on early detection of the 
pathogen and on the efficiency of eradication meas- 
ures. 

Attempts made in the United States to eradicate 
chestnut blight and the Dutch elm disease were un- 
successful. The citrus canker ‘^isease, however, 
was eliminated from Florida by burning infected 
trees. Flag smut of wheat, which was introduced 
locally into Mexico, was also successfully burned 
out. Similarly, persistent eradication of infected 
plants has helped restrict many diseases. See Frlit 
(tree) diseases. 

Certain rusts can be controlled wholly or partly 
by eradicating alternate hosts. For example, the 
destruction of red cedars near apple orchards pro- 
tects apples against the Gymno sporangium rust 
because this rust cannot maintain itself on either 
host alone. To help control stem rust of wheat and 
other small grains, the growing of barberries, fier 
beris spp., has been prohibited by law in some 
countries. Denmark began a successful campaign 
against barberries in 1904 and in the United States 
about 500.000,000 barberries have been 'destroyed 
since 1918, with substantial reduction of the stem- 
rust menace (Figs. 3 and 4). Likewise in the 
United States white pines and other susceptible 
species are partly protected from blister rust b\ 
eradicating nearby currants and gooseberrie-^. 
Ribes spp. 

Like legal public health measures for human be- 
ings and for domestic animals, those for plants are 
essential in keeping many diseases in check. 

[e.c.sn.I 

Quarantines. Plant disease quarantines are legal 
measures taken by Federal or stale governments to 
prevent the introduction of foreign plant diseases 
or pests into an area. Quarantines are based on the 
philosophy that government has the right and oh- 




Pig 4 More than 513,500,000 rust-susceptible bar- 
, berry bushes have been destroyed on 153,000 differ- 
I ent rural and urban properties in the 19 barberry- 
eradication states. iUSDA) 

hsation to protect it«i agricultural resources and 
indiistrv from the destructive effects of exotic plant 
and pests. 

The transportation of plants and plant parts was 
long a matter of private concern, with the result 
that many plant pathogens became widely distrib- 
ijlpd b> international travelers or through unre- 
>«tniled trade channels. The dangers of this situa- 
tion became dramatically apparent following the 
accidental importation of the chestnut-blight fun- 
gus into the United States from Asia between 
NOO and 1905 and the ultimate destruction of the 
\mprKan < heslnut forests. 

a consequence of this and other bitter lessons, 
thi United States Government in 1912 passed the 
i national Plant Quarantine Act. Today essentially 
1 nations have enacted protective quarantine reg- 
ulations Quarantine laws authorize Federal or 
^taie offii lals to intercept and inspect shipments of 
plant materials and to release, fumigate, or confis- 
; tale the shipment in accordance with legal provi- 
1 'ions Quarantine inspectors are stationed at ports 
of entry, border stations, and at receiving and dis- 
1 tnbiitmg points for freight and mail. 

Value of quarantines. The value of quarantines 
I long been disputed. Antagonists claim that man 
unable to prevent the movement of microscopic 
pathogens, that many quarantines are scientifically 
unsound, and that on occasions quarantines have 
been used as economic sanctions in restraint of free 
*rade and have caused unnecessary economic 
Supporters insist that even though not 
effective, quarantines do prevent the intro- 
uclion of many pests and diseases and retard the 
jl’nvcinent of others, giving scientists time to com- 
them before they become well established, that 
quarantines annually save the agricultural indus- 
^ niilliona of dollars, and that these economic 
are many times greater than any possible 
Bineas losses resulting from the application of 
'•'■“wtine measures. 

^ Improvements in the practice of quarantining 
Wvide assurance that all quarantines will be 
I sound biological bases for maximum 

I - ^ctiveness, that they can be lifted with equal fa* 
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cility when it becomes clear that they axe no longer 
necessary, and that, insofar as possible, new quar* 
antine laws would be preceded by international 
consultation in an attempt to obtain mutual agree- 
ment and to ensure minimum disruption of the in- 
ternational exchange of commodities. 

International disease protection. Joint efforts arc 
made by nations to protect their agricultural re- 
sources and industries without impairment of ex- 
change of commodities. Ideally, available knowl- 
edge on plant pests and pathogens is utilized to 
devise methods to limit their geographic spread 
and to prevent the outbreak of epidemics. Changes 
in cropping patterns, in trade agreements, and in 
the distribution of pests and pathogens necessitate 
a continuing program consisting of (1) annual 
plant disease surveys by the several nations with 
free exchange of results; (2) the rigorous practice 
of local sanitation and plant protection; (3) the 
prompt distribution of resistant varieties of crop 
plants; (4) the exchange of information in im- 
proved control measures; and (5) international 
consultation with respect to the establishment and 
enforcement of quarantines. 

International plant protection can be successful 
only when regulatory activities are fortified by sci- 
entists investigating the etiology of plant diseases, 
life cycles of pathogens, host-parasite relationships, 
and chemical and other control measures. Exchange 
visits by scientific personnel further strenghen un- 
derstanding and lead to logical and amicable agree- 
ments. Among international organizations active 
in plant protection are the Food and Agriculture 
OrgaMizatJon of the United Nations, and the Inter- 
national Commission on Plant Disease Losses. 

fj.C.H.l 
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Plant evolution 

That phase of evolution dealing with the origin and 
development ol t,hc plant kingdom. This article dis- 
cusses evolutionary processes or dynamics, and 
evolutionary history or phylogeny. 

Evolutionary processes. The processes of plant 
evolution — mutation, genetic recombination, natu- 
ral selection, and reproductive isolation — are the 
same as in all forms of life, but profound differ^ 
ences between animals and plants in their mode of 
life, basic structure, and individual development 
bring about * corresponding modifications in the 
mode of acti6n and relative importance of these 
four processes. Since plants either manufacture 
food by photosynthesis, or, as saprophytes or pars* 
sites, absorb it after excreting digestive ensymei 
into the surrounding medium^ they lack integrated 
systems for ingestion, digestion, and excretion. Be* 
ing essentially nonmotile, they also lack the stimu- 
lus-response systems which in animals show thjp 
highest type of integration. Because they slhBoth 
rather than ingest, plants require an increase 



320 


nciiit 


temal surface area as their total volume increases, 
whereas animals function best if their body is com- 
pact, and their increase in volume is accompanied 
by a corresponding increase in surface area of in- 
ternal organs. Hence, animals require a carefully 
integrated and centralized circulatory system, 
while plants need only a relatively loosely organ- 
ized, decentralized system of tissues for conducting 
food and water. 

The- compact body of animals requires an inte- 
grated pattern of development, known as the closed 
system of growth, in which all tissues and organs 
pass almost simultaneously through stages of em- 
bryonal primordia, youth, maturity, and old age. 
The lessdntegrated organization of plants is pro- 
duced by the open system of growth, in which the 
leaves, branches, and flowers are produced serially 
by specialized embryonic tissues or meristems, so 
that embryonic, youthful, mature, and senescent 
stages may exist simultaneously in different organs 
of the same individual, and the same type of organ 
may be produced repeatedly over an indefinite pe- 
riod of time. The developmental cycle of any par- 
ticular organ in plants is shorter, less complex, and 
less well integrated with other organs than in ani- 
mals. Consequently, plant organs can be modified 
much more profoundly by both environmental and 
genetic effects than can animal structures without 
producing inviability. 

Because of their general lack of motility, plants 
have evolved special devices for the dissemination 
of propagules, such as spores and seeds (5ce Popu- 
lation dispersal). In addition, the flowering 
plants have evolved elaborate structures which pro- 
mote cross pollination through the aid of animals. 
Together with the structures which protect the 
spores and seeds, the progressive elaboration of 
these methods of cross pollination and dispersal 
of spores and seeds forms the principal thread 
around which the evolution of land plants is cen- 
tered. A secondary thread is formed by the vascu- 
lar system, which serves for conduction and sup- 
port. On the other hand, the modifications of the 
outward form of leaves and stems, as well as of 
the inner physiological condition of their cells, 
which adapt plants to different habitats and modes 
of life, are of such a general nature that they are 
repeated in an almost parallel fashion many times 
in .unrelated groups of plants. They are conse- 
quently much less reliable as signposts for the 
pathways of evolution than are corresponding 
maintenance structures in animals. 

In addition, the dioecious condition (thAt is, in- 
dividuals distinct as to sex — male or female) is 
far less widespread in plants than in animals. In 
some plants such as mosses monoecious types 
(having individuals both male and female) have 
been derived secondarily from dioecious ancestors. 

AH of the above-mentioned characteristics of 
plants have facilitated evolution through recombi- 
natinti of genetic characteristics derived from dif- 
ferent adaptive systems. Hybridization between 
•ubepecies and apeoies is particularly common in 
nlantat aii4 the hybrid derivatives are o{ten vigor- 


ous and well adapted to new habitats. They oaa be 
come stabilized in three different ways; by segre 
gation of relatively homozygous iniermediati 
types, by introgression, and by polyploidy. The ma 
jority of species of higher plants have probably 
evolved at least in part by one of these processes 

Evolutionary history. The evolutionary histor] 
of the plant kingdom is outlined in the diagran 
(see illustration). Five levels of advancement an 
recognized, each based upon an adaptive system of 
fering new opportunities for adaptive radiation 
Each level was first reached by a group with gen 
eralized or primitive characteristics. Througl 
adaptive radiation, this generaTmed group gave rise 
in each case to a number of evolutionary lines oi 
phyla, the modern representatives of which an 
very different from each other. 

The lowest stage is the Procaryota, or organism! 
with a primitive type of nucleus lacking a clear!) 
defined membrane; their genes are organized ini( 
aggregates less sharply defined and less highly in 
tegrated than the chromosomes of higher organ 
isms; their nuclear division is less complex thar 
typical mitosis. Sexual reproduction, when present 
involves a minimum of morphologically specializec 
structures. Differentiation is confined to the forma 
tion of resting cells or spores. The primitive Pro 
caryota gave rise to the Cyanophyta, or bliie-greer 
algae, and to various lines of the Schizomycophvta 
or bacteria (sy Sciiizomycetes) . Fossil blue 
green algae have been found in rocks 1,000, 000, OOC 
years old. 

The primitive Eucaryota, or organisms with j 
well-defined nuclear membrane, chromosomes, and 
mitotic cell division, were unicellular. Their mod 
ern counterparts are flagellate organisms which an 


classified either as algae or as protozoa. They gavf 
rise to eight different phyla of plants, most of them 
primarily aquatic, which differ from each othei 
chiefly in their methodiB of synthesis or absorption 
of food. The autotrophic phyla, which collective!) 
are termed algae, have developed different types ol 
pigments associated with their chlorophyll. These 
pigments enable them to absorb and use for photo 
synthesis light of wavelengths characteristic foi 
each phylum. The heterotrophic phyla, which are 
saprophytic or parasitic, are the Myxomycota and 
the Eumycota, or fungi. Certain Phaeophyta. or 
brown algae, and the most advanced basidio^yj 
cetes or mushrooms among the fungi, have evolv ^ 
well-differentiated tissues, though these arc les* 
elaborate than are those of most Embryophyta. T « 
most commom life cycle in primitive Eucaty®^ 
is the haploid type, in which meiosis immediate 
follows fertilization and zygote formation. Stric ) 
diploid life cycles are best known in the 
(Chrysophyta) and 

Certain Rhodopbyta, and Chloropl*. 


possess an altematio^^^ 


morphologK^ 


similar generations, a haploid gametophyta e® 


diploid sporophyte. JL* cer 

The next stage of advancement;* regol^Jvy ^ 
tain derivatives of the Chlorbphyta, 
ration oi the arcbegonium* a stnioture ^ 
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Phylogenetic diagram of the plant kingdom. 


iHts and nourishes the zygote and young embryo. 
Bpfdii'-e It frees one generation of the life cycle 
fntm dependence on water tor early development, 
evolution was the most important single step 
taken by higher plants in conquering the land. It 
i'' ri'^surned that these earliest Embryophyta were 
diffpient from both of their modern descendants, 
he Uivophyta and the Tracheophyta, partly be- 
raiist there are such great morphological gaps be- 
tHpen these modern groups, as well as between 
them and living Chlorophyta; and partly because 
of recently discovered spores abundant in strata of 
middle and early Paleozoic age, and which appar- 
ently belonged to land plants. They testify to the 
existence of an extensive early land flora which has 
left few or no fossil remains. The bulk of recent 
evidence favors the homologous theory of the ori- 
Rin of the alternation of generations, according to 
'vhich these earliest Embryophyta, like many Chlo- 
rophyta, possessed two morphologically similar 
generations. From them, evolution proceeded in 
direction toward the Bryophyta, with highly 
^differentiated gametophytes and reduced, para- 
sitic sporophytes. 

do the opposite direction there evolved the Tra- 
^dieophyta, with reduced but free-living gamcto- 
Phytes and with enlarged sporophytes possessing 
"^ell-differentiated vascular systems. These constl- 
*wed a new level of advancement, because their 
hssues for support and conduction permitted them 
attain large size as land plants, and to dominate 
environment. During the later Devonian and 
***« early Carboniferous periods they gave rise to 
adaptively radiating lines, which included 
® nt|t trees, .though the wrliest dominant Tra- 
were apore-bearing, b^tig related to the 
club moaaea (Lyoopa^a) and horaetaila 


(Sphenopsida), seed-bearing plants already ex- 
isted in smaller numbers in the Devonian period. 
The ferns also began their evolution at that time, 
and ever since then have been abundant in certain 
habitats. 

The earliest seed plants and their descendants 
cor titute the fifth and highest level of advance- 
ment achieved by the plant kingdom in generalized 
adaptive characteristics. They evolved highly efli- 
cienl structuHs for protecting the developing ga- 
metophyte ai.d nourishing it from the maternal 
sporophyte, for cross fertilization following aerial 
transport of relatively drought- and temperature- 
resistant male gametophytes (pollen grains), and 
for protecting and nourishing the embryo by the 
maternal sporophyte. During the moist, equable 
climate of the Carboniferous period, spore-bearing 
and seed-bearing plants were almost equally 
abundant, but the advent in the Permian period of 
cold and arid climates gave the more resistant seed 
plants a tremendous advantage. They evolved along 
lines leading to several extinct groups, to the mod- 
ern orders of gymnosperms (Cycadalcs, Ginl^- 
goales, Gnetales, Coniferales), and to the angio- 
sperms, or flowering plants. 

The origin of angiosperms is unknown. Their 
first undoubted fossils are from early Cretaceous 
strata, 120,000,000 years old. After this time they 
became exceedingly abundant. Older fragmentary 
remains, mostly of wood and pollen, but including 
a few leaves, have been identified as angiosperms 
by various paleobotanists. Tbe earliest are frop 
the Triassie period, and suggest that the angio- 
sperms may be 175,000*000—200,000,000 years old* 
and that their unquestioned fossil eon^isp 

only the latter two-tfair4s oi their evofodMAlr 
history. Durtkig the first 
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y^ara of their existence, angiospenns may have 
grown on mountain tops or hill slopes where pres- 
ervation as fossils is difficult or Impossible. See 
Paleobotany. 

The ancestors of the angiosperms may have be- 
longed to the extinct pteridosperms, or seed ferns. 
Anatomical evidence suggests that the most primi- 
tive angiosperms were trees or shrubs, but evi- 
dence from both fossil and the morphology of liv- 
ing forms indicates that herbs related to the 
waterlilies (Nymphaeaceae) and buttercups (Ra- 
nunculaceae, Paeoniaceae, Kingdonia) appeared 
very early in angiosperm evolution. Dicotyledons 
are in many respects more primitive than mono- 
cotyledons, but evidence such as the occurrence in 
Triassic strata of fossil leaves which may be palms 
indicates that monocotyledons diverged from the 
primitive angiosperm stock at the beginning of its 
evolution, and evolved simultaneously with dicoty- 
ledons. See Bryophyta; Chlorophyta; Cyano- 
phyta; Embryophyta; Evolution, organic; 
Gymnospermae; Life, origin of; Plant king- 
dom; Polyploidy; Protozoa; Pteropsida; Spe- 
ciation; Thallophyta; Tracheophyta. [g.l.s.] 
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Plant facilities 

The physical properties owned and used by indus- 
try constitute the plant facilities. These include 
land and site improvements such as roads, rail ex- 
tensions, parking lots, and fencing; buildings such 
as factory, warehouse, office areas ; other structures 
such as docks, liquid-storage tanks, incinerators, 
and gas generating systems; and machinery and 
equipment used to produce or condition the prod- 
ucts of the plant or to support the producing (or 
conditioning ) processes. 

Location. An industrial plant is often located 
merely by preference of one or a few owners of the 
business. Large companies make a detailed study 
before deciding on locations for new plants. The 
decision is based on many factors; most of them 
are economic and relate to the costs of transporta- 
tion (for incoming materials and outgoing prod- 
uct), of materials, of labor, of taxes. Many indus- 
tries depend directly upon their source of raw ma- 
terials and the market area for their products. 
Other industries consider first the availalulity of 
satisfactory features like space, freedom from ad- 
jacent dirt and fumes, trained labor supply, water 
and utilities. Another factor is community climate 
or the attitude of the people and their leaders. 

A thorough plant-location study includes evalu- 
ating die availability, suitability, and long-range 
cost of lamisite, raw materials, power, fuel, water, 
utilities, market area, transportation facilities, la- 
bor supply* community conditions, taxes, public re- 
lations value, laws or regulations, and external haz- 
ards. 


Plant la)fOUt« The layout of an industrial 
embraces the arrangements and orientation of the 
physical facilities, including storage features and 
supporting services, used by the company in the 
production of its products. Planning a new or re> 
arranged layout involves four basic phases. 

1. Determining the location of the area to be laid 
out is not necessarily a plant-location problem 
More often it is one of analyzing whether the nevf 
department or expansion should go on the north 
side, on the third floor, or in a separate building;. 

2. Establishing the general over-all layout in- 
volves relating the major activities or departments 
to each other and allocating tli^ necessary area to 
each. At this phase, major features of the produc- 
ing machinery, materials handling equipment, util- 
ities, and the building itself should be incorporated. 

3. Planning the detailed layout includes the lo- 
cating and orienting of each machine, working op 
erator, material-in-process container, and support- 
ing service. 

4. Installing the layout plan involves coaching or 
training personnel in the procedures and method^ 
on which the proper functioning of the layout lia*- 
been planned, and moving, placing, and hooking up 
the machinery and equipment. 

These four phase.s fall in chronological sequence' 
but always overlap each other. Also, these four 
phases make logical check points or organizational 
divisions for the supervisor of plant layout work. 

Effective layoifts are based on flow- of material 
to allow sequential movement of the material be 
ing produced or conditioned. As a result, determin- 
ing the flow is the heart of most layout project^. 
As the number and diversity of parts or product" 
increase, the complexity of flow analysis grows and 


the methods of analysis change. 

Diagraming the flow and then assigning to the 
diagram (or diagrams) the space required by the 
activities are steps that follow determining the flow 
These steps lead to a physical arrangement oi 
space. Integration of supporting services with the 
flow pattern and modification of the arrangement 
in accordance with practical limitations of the hnn- 
dling and storage facilities, machine utilization). 


building features, flexibility, opportunity for expan 
sion, and personnel needs and conveniences lead to 
the desired layout. Alternative plans are usually d®' 
veloped. By comparative evaluation the most effec- 


tive is selected. 

Layouts arc most readily visualized by making ^ 
three-dimensional model of the proposed plaR- 
this is not always necessary. Two-dimensional soa e 
templates representing the space — and the 
ual pieces of machinery and equipment in 
layouts — are always practical. With modern 
materials, many different layout plans can be 
and reproduced with a^fpeinimum of draftsman* ^ 
and drawing time. " . ^ 

Classical plant layouts center about either ^ 
product or process, when forming or tr^^^ 
materials is involved. Layout bj product 
all facilities required for one*pr^uct 
out by process locates idl similar p: 



rocnt together. The former is better for high vol- 
ume work; the latter for high variety of work. 

In assembly, the choice is between moving the 
major component progressively to points where 
other parts are assembled to it — line production — 
rtf fixing the location of the major component and 
bringing other parts to it. Here again volume and 
variety essentially determine the choice. 

In-pidnt transportation. Materials handling and 
plant layout go hand in hand. One can seldom plan 
or change one without affecting the other. 

Materials handling is a universal production 
problem To form, condition, or assemble the ma- 
teiials they must be moved to and from the point 
of operation. 

Planning effective materials handling involves 
the selection of a basic handling system. Individual 
handling equipment and containers are then fitted 
into this system. The particular equipment may 
be hand tru<*ks, overhead cranes, or conveyors. An 
integrated materials-handling operation depends on 
the containers and attachments for the handling 
equipment (damps, hooks, brackets, and the like) 
being planned for interchangeable use. 

Although improvements in equipment are con- 
^tantl\ being adopted, the basic handling system of 
d<c)inpany should remain relatively stable Indus- 
tries with high initial investment in facilities and 
with relatively fixed products, processes, and equip- 
ment establish a system of handling around which 
the plant is constructed Factories with frequent 
mudrl < hanges remain flexible and are constantly 
examining their handling methods for improvement 
^ M\rfRIAl S HAND! INC) . 

Production lines. A production line is an ar- 
rangement of work places m the sequence of op- 
erations In its optimum form, a production line 
moves the material through a series of balanced 
' perations smoothly and continuously at a uniform 
rale of flow with each operation being located im- 
mediately adjacent to the ones which precede and 
follow It 

The big savings that come from using line pro- 
<l'ietion include reduced material handling, ease of 
production, control and supervision, improved 
'vork-a»*ea methods, ease of training workers, re- 
duied inventory in process, and shorter production 
time On the other hand, production lines require 
"Substantial volume of a reasonably standardized 
rir dt least similar — product. As a result, the mar- 
^^ting and product design of a company greatly in- 
mience the possibility and nature of its production 
'tie Other limitations include delays due to break- 
owns or interruptions ; idle workers due to unbal- 
^ttced operation times; and greater investment in 
"'fi'^hinery because its utilization is seldom as great 
m a layout by process. 

t** "^mie cases, the physical ability and economic 
to move the product from one opera- 
to the next limits the application of a produc- 
*»online. 

^ these reasons, prodttctioli lines for assembly 
easier to set up than those for forming or fsb- 
There are many variations of the line con- 
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cept, with the ultimate seldom proving practioaL 
Flexibility of the line to accommodate changing 
products, materials, processes, schedules, and per- 
sonnel is far too important to permit very many 
companies to go all the way to the completely syn- 
chronized and automatic production line. 

A production line is scheduled and operated as a 
unit, not as individual operations. Its workers gen- 
erally need be trained to do but a single operation. 
These two facts can cause considerable change in 
the type of employee and the procedures of oper- 
ating an organization when it converts its opera- 
tions to production lines. 

Maintenance. Vital to any low-cost industrial op- 
eration is good maintenance of its facilities. Par- 
ticularly is this so as industry continues to substi- 
tute power operations for hand labor. The break- 
down of but one key operation can sometimes cause 
the shutdown of an entire plant because of its syn- 
chronization with subsequent operations. 

Preventive maintenance such as cleaning, adjust- 
ing, exchanging, and lubricating on a programmed 
basis eliminates or substantiallv reduces shutdowns 
due to machine failure. This is perhaps the most 
important function of a plant’s maintenance group. 
Other functions may include inspection, repair, 
oveihaul, reconstruction, salvage, waste disposal, 
plant protection, and storekeeping. 

So diverse are the problems of maintenance that 
one person must be assigned its responsibility. 
Maintenance should be planned, scheduled, and ef- 
ficiently executed, but its costs must be subject in 
part to the availability of funds. Its accomplish- 
nt should be measured by performance rather 
than the amount spent, for frequently not enough 
money is spent on maintenance of machinery, 
equipment, and plant for efficient over-all opera- 
tions. 

Safety and fire prevention. The cost to industry 
each year of interruptions due to accidents and fires 
is substantial, purely aside from non-economic con- 
siderations. 

Insurance is one way of minimizing losses; fire 
extinguishers, and first-aid stations are another 
way. However, elimination of the causes and oppor- 
tunities for an accident to occur is a more direct 
and rewarding approach. 

Safety rules — established for the specific plant 
involved and consistently enforced — are well worth 
the effort. Detailed rules for specific equipment, lo- 
cated where they are read before the machine is 
used, are another precaution. 

For effective fire control, every plant needs a fire- 
detection And alarm system, sprinklers, mains, hy- 
drants, and extinguishers. Specific equipment de- 
pends on the nature of the industry’s products, 
processes and plant. See Factory ; Industrial en- 
gineering; Production methods. [r,m.] 

Plant fermentation 

A form of plant metabolism in which carbohydrates 
are partially degraded without the consuntplioii ol 
molecular oxygen. Approtimately * 8.5% of ^ 
potential enorgy of the carliobydratea is 
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rmiaioder %he energy is transferred to the 
orgaiMC compounds resulting from the fermenta- 
tioii^ Of the energy released, approximately 44% 
is in forms available for cellular work, and the re- 
mainder is degraded to heat. See Carbohydrate 
METABOUSM. 

ProdlicU of fermentation. The products of fer- 
mentation vary with the organism, but in higher 
plants the usual products are ethyl alcohol and 
carbon dioxide. In some cases small amounts of 
lactic acid are produced, and other organic com- 
pounds of uncertain structure may be formed, for 
example, in potato tubers. 

Certain incomplete oxidations, such as the oxida- 
tion of ethyl alcohol to acetic acid by Acetobacter 
pasteurianus or of sucrose to citric acid by Asper- 
gillus niger, are called fermentations in industry. 
However, because these processes are strictly de- 
pendent upon molecular oxygen, they are not fer- 
mentations. See Industrial microbiology. 

Fermentative capacity is widespread and is 
known in many lower plants, including yeasts, cer- 
tain fungi, and algae, and in most higher plants and 
animals. In higher plants, fermentation often oc- 
curs at high velocity in embryonic structures, such 
as seeds, seedlings, young roots, and shoots. The 
velocity often decreases during development, and 
may cease entirely in mature stems and leaves of 
certain plants. The occurrence and rate of fermen- 
tation are illustrated in the table. 

Effect of oxygen on fermentation. The partial 
pressure of oxygen has a marked effect on fermenta- 
tion. Except in a few obligate anaerobic bacteria, 
fermentation ceases when the oxygen pressure in 
the cells exceeds values of 3-10 mm Hg. The sup- 
pression of fermentation by oxygen is known as the 
Pasteur effect. The external pressure of oxygen 
that just inhibits fermentation, known as the extinc- 
tion point, is as illustrated. This pressure is con- 
siderably higher than the internal pressure, and 
is often 20-40 mm Hg in range. When rice or other 
seeds germinate under water, the tissues may lack 
oxygen, and fermentation results. If the intercel- 
lular spaces become injected with water, the cells 
often become deficient in oxygen, with a resulting 
fermentation. This is due to the fact that oxygen 
diffuses 300,000 times as rapidly in air as in water 
or tissue. 

Forma of fermentation. Two forms of fermenta- 
tion are illustrated in Eqs. (1) and (2), and mixed 


Oecurrsnee and rata of farmantatlon In barley, rice, 
and cerrcil 


Plant 

Rate, plCOi/ 

(g wet wt)(hr) 

Aloohol-COt 

ratio 

Barl<^y 

Grain, soaked 12 hr 

83 


Seedlings, 26 hr old 

231 


Seedlings, 4 days old 

In Nt 3 5 hr 

521 

0.33 

In Nt 9.0 hr 

278 

0.77 

Rice 

Seedlings, 4 days old 

224 

0.98 

Carrot 

Root siloes 

80 

l.Ol 



The influence of O2 tension on the evolution of CO2 by 
intact seedlings of wheat and rice. Total CO2/ respira 
tion CO2, and fermentation CO2 are shown (From 
D. L Taylor, Am. J. Bofany, 29(9) :7 21 --7 38, 1942) 

reactions of alcoholic and lactic fermentation mav 
occur. Equation (3) shows that the lactic acid nia> 
be neutralized by the buffers of the cell. 

CsHiaOs 2CH3CH2OH -f 2CO2 
Glucose Ethyl alcohol (1) 

-51.4 kcal 

CsHisOs C 2 CH 3 CH()HC 00 H 

Lactic acid (2) 

AF — —45.8 kcal 

2CH3CHOHCOOH + 2KHCO3 

2CH3CHOHCOOK H2CO3 ( 3 ) 

AF= —4.95 kcal 

Inspection of Eq. (1) shows that alcohol is moic 
highly reduced than sugar, whereas the carbon 
dioxide is more highly oxidized. Equation (2) shoivs 
that the methyl group of lactic acid is more reduced 
and the carboxyl group is more oxidized than the 
sugar. Therefore, fermentation has been known as 
an intramolecular oxidation-reduction. Further, 
Eq. (1) shows that the ratio of carbon dioxide to 
alcohol should be unity, and although this value 
often attained, deviations from it are common. An 
excess of carbon dioxide over alcohol is common, 
as a result of nonfermentative carbon dioxide 
produced from the decarboxylation of organic acids 
(keto acids), or of the liberation of carbon dioxide 
from bicarbonates by acids of fermentation, or as a 
result of mixed fermentation with other reduced 
compounds in addition to, or in place ot 
alcohol. 

Materials used in fermentatienu Fermentation 
may occur at the'^xpenae of starch, glycogen, 
any of several sugars. It is an eneymatic proccw 
depending upon a system of many 
several coenzymes. TTiis whole enxyme 




often called zymase. Nearly all the enzymes and 
required for alcoholic fermentation have 
now been identified from extracts of higher plants 
(peas, beans, mung beans, and wheat embryos). 
Fermentation may be carried out in cell-free and 

onrenirated plant extracts, particularly if the 
extracts are fortified with glucose, inorganic phos- 
phates coenzymes cocarboxylase, diphos- 

phopyndine nucleotide, and adenosinetriphosphate. 
St f Coenzyme; Enzyme. 

Role of fermentation. The physiological role of 
fermentation in higher plants is still uncertain. 
Furupean and some American plant physiologists 
have I ailed fermentation in higher plants anaerobic 
rc'^piration or intramolecular respiration. However, 
ihesf terms are disappearing from use in North 
\meri(a. Reactions similar to fermentation are 
important in the initial stages of plant respiration 
isre Pi ANT RESPIRATION). Fermentation may sup- 
p|\ available forms of energy during germination 
rtf or in plant parts infiltrated with water. 
Uirh the exception of a few higher plants, for 
fxjinple. rice (Oryzae sativum), all growth ceases 
ai low oxygen pressures, but fermentation may 
^till supply energy for maintenance of steady states 
ind ‘.vnlhesis essential for survival. Anaerobic 
ba( tena and yeasts may grow in the absence of air 
FtRMFNTAnON; PlaNT METABOLISM; YeAST 

[d.R.G.1 
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I 19*^9 

Plant geography 

riiat major subdivision of botany concerned with 
ill aspects of the spatial distribution of plants 
This science is also known as phytogeography, phy- 
loc horology, or geographical botany. By tradition. 
It also involves some aspects of the distribution of 
plants in time, or historical plant geography, pa- 
eoerology, and paleobotany. In its historical de- 
velopment, plant geography has been intimately 
'onnetted with the rise of evolution, ecology, and 
genetics. It is not yet consistently segregated from 
Pf'ology From a second and equally logical view- 
I'oint. plant geography is a major subdivision of the 
'uenre of geography, although by custom few ge- 
ographers deal mainly with plants. The word geo- 
Wany, undesirable etymologically, is a confusing 
erm because of numerous and contradictory us* 
Jges 

The function of plant geography is to record the 
observed, empirical facts of plant distribution, and 
to understand and interpret these facts, 
where possible, the study includes the prediction 
control of distributional phenomena, especially 
*** relate to plant pests and to the iptroduc- 
and spread of desirable species and vegetation 
ypes. Such practical aspects are pertinent to the 
of forestry, agriculture, range and pasture 
“•nagement, wildlife habitat managentent^ horti- 
and soil and water conservation. Plant ge- 
Ay is, essentially, not to science. 
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and in general does not involve laboratory proce- 
dures and technological equipment. 

Flora and vegetation. There are two major sub- 
divisions of plant geography paralleling one logical 
breakdown of botany itself. Floristic plant geogra- 
phy embraces the spatial distribution of the flora 
while vegetational plant geography is the spatial 
distribution of the vegetation. A clear understand- 
ing of the two terms is essential. 

Flora is a scientific term, with no common usage. 
The flora of an area or period of time is the to- 
tality of all the species within that geographical 
unit, independent of their relative abundances and 
their relationships to each other. The technical 
term population, in this connection, refers collec- 
tively to all the individuals of any one species 
within a locality. 

Vegetation is a term of popular origin, and refers 
to the mass of plant life that forms the natural or 
seminatural landscape. The vegetation of a region 
is the tapestry or carpet of plant life, developed by 
differential and varying combinations and growths 
of the numerous elements of the local flora. Tech- 
nically, it is an organized and integrated whole, at 
a higher level of integration than the separate spe- 
cies, composed of those species and their popula- 
tion*^. Sometimes vegetation is very weakly inte- 
grated, as the pioneer plants of an abandoned field. 
Sometimes it is highly integrated, as in the tropical 
rain forest. Vegetation possesses emergent proper- 
ties not necessarily found in the species themselves, 
and is referred to by nonbiologists as a type of Or- 
ganism,*’ a different and more inclusive term than 
the organism of biologists. 

Floristic plant geography. The basic components 
of any flora are the kinds of plants composing it, 
commonly referred to as species. The species can 
be grouped into various kinds of floral elements 
which are not mutually exclusive. For example, a 
genetic element has a common evolutionary origin ; 
a migration element has a common route of entry 
into the territory; a historical element is distinct 
in terms of some past event; and an ecological ele- 
ment is related to an environmental preference. 
Aliens, escapes, and very wide-spread species are 
given special treatment. An endemic species is re- 
stricted to an area, usually small and of some spe- 
cial interest. See Population dispersal. 

The idea of area is fundamental to the science 
and is itself the subject of a specialized section 
called areography. An area is the entire region of 
distribution or occurrence of any species, element, 
or even an entire flora. The local distribution within 
the area as a whole, as that of a swamp shrub, is 
the topography of that area. Areas are of interest 
in regard to their general size and shape, the nst-* 
tare of the margins, whether they are continuous 
or disjunct, and in their relationships to other 
areas. Groups of areas are unicentiic or polycentric 
when they segregate into One or several geograjAl* 
cally distinct territories. Areas of closely rela|ed 
plants that ere mutually exclusive are eaht to l>e 
vicarious. A relict area is xine surriving frotn^to 
earlier and more crximsiveelciiiteiio^ 
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of phystognomic vegetation types. (After Brockmann- Flowering Plants, 2d ed , Longmans, 1953) 



On die ba^ts of oreag, and their florlstic relation- 
diipa, the aiirface of the earth is divided into flo- 
riltie regions (Fig* 1), each with a distinctive flora. 

The underataitding and interpretation of floras 
and of their distribution have been predominantly 
in terms of their history and ecology. Historical 
factors, in addition to the evolution of the species 
themselves, include consideration of theories of con- 
tinental drift, land bridges, and orographic and cli- 
matic changes in geologic time that have affected 
migrations and perpetuation of floras. Ecological 
factors, more amenable to observation, and thus, 
unfortunately, to post hoc reasoning, include the 
contemporary roles played by precipitation, humid- 
ity, water levels, temperature, wind, soil, animals, 
and man. See Paleobotany. 

Vegetotional plarit geography. The basic com- 
ponents of the vegetation of any landscape are the 
plant communities. The science of plant communi- 
ties is known as plant ecology, in the American 
sense, also as plant sociology, vegetation science, 
and phytocoenology. Many definitions of the plant 
community have been attempted, but none has 
gained universal acceptance. In part, this problem 
is inherent in the nature of the community itself, 
which is a natural phenomenon composed of ele- 
ments, the species, which themselves usually main- 
tain a high degree of independence. Thus, the com- 
munity is often only a relative continuity in nature, 
bounded by a relative discontinuity, as judged by 
competent botanists. See Community. 

Vegetational plant geography has emphasized the 
mapping of so-called vegetation regions, and the in- 
terpretation of these in terms of environmental, or 
ecological, influences. 

There are many aspects of a mosaic of plant com- 
munities which could serve to identify a geographic 
unit of vegetation, but that which has been predom- 
inant in the literature had its origins in folk knowl- 
edge. It is the physiognomic distinction between 
grassland, forest, and desert, with such variants as 
woodland (open forest), savanna (scattered trees 
in grassland), and scrubland (dominantly shrubs). 
Within forest, the chief breakdown has been into 
coniferous evergreen forest, broadleaved deciduous 
forest and broadleaved evergreen forests, mostly 
tropical. Furthermore, the attempt is made to map 
original virgin vegetation as opposed to cover types 
obviously due to the influence of man (Fig, 2). 
There is increasing dissatisfaction with this ap- 
proach, but no accepted alternatives have arisen. 
Dissatisfaction arises from improved understanding 
of virgin vegetation, frequently found to be influ- 
enced by ancient human populations. Furthermore, 
the segregation of coniferous from deciduous types 
is found to separate vegetations closely related '^in 
all other aspects, such as yellow birch and hemlock 
in North America, and to unite types otherwise un- 
related, like the pine stands which are found from 
the tropics to the Tundra edge. In addition, disturb- 
ance of grassland may aUow the invasion of appar- 
ently seU^fNsrpetuating woody vegetation, or vice 
versa, in a mafiner that makes a physiognomic clas- 


sification less fundamental. Unlike floristic botaa 
where evolution provides a single unifying principfe 
for classification, the nature of vegetation in it$ ^ ^ 
ographical distribution is such that many types*^ 
regions and many types of classifications may havt 
equal significance in rationalizing the natural phe 
nomena. See Vegetation zones. 

The interpretation of the distribution of vegeta- 
tion has been overwhelmingly in terms of the ex- 
isting average environment. Catastrophic factors 
such as fires, hurricanes, droughts, and other ab- 
normal weather, are receiving increasing attention. 
There has been relatively little emphasis on differ- 
ences due to the genetic nature of the species. For 
example, bristle cone pine trees have a life span of 
4000 years, and Australian eucal^ts were absent 
from, but by nature amenable to, the environmen 
tally similar but treeless California chaparral re- 
gion. From one viewpoint, it is the varying genetic 
demands of the different species upon their environ- 
ment which permits their segregation into conimu 
nities. The fact that arboreta and botanical gardens 
are so successful in growing many species outside 
their normal ranges is being recognized as a refula 
tion of the more extreme environmentalist view** 
The uniformitarian environmentalist interpreta 
tion of vegetation regions is the most completely 
documented. Climate is considered of primary im 
portance. Numerous empirical formulas, combining 
various features of temperature and moisture, have 
been derived so as to correlate with the distribution 
of physiognomic vegetation types. Soil is recognized 
as secondary in impoi^ance. In addition, biptic far 
tors, including both man and other animals, have 
limiting effects. Although analysis of the normal en 
vironment is essential to the full understanding of 
the distribution of vegetation types, it is not likely 
that, except for trigger factors, direct and simple 
cause-and-effect relationships will be found between 
vegetation types and those elements of the total en- 
vironment which man isolates and studies. .See 
Ecology, human; Ecology, physiological; Teb 
RESTR iAL ecosystem; sec also Postglacial vegeta- 
tion AND climate. [f.E.E.I 
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Pfant growth 

An irreversible increase in cell numbers and cell 
size in plants. In contrast, growth in animals Is al* 
most wholly the result of increase in cell numbers. 
Another important difference in growth between 
plants and animals is that animals are determinate 
in growth and reach a final size before they arc ma- 
ture and start to reproduce. Plants have indetermi- 
nate growth and as long as they live continue to 
add new organs andHiissues. In Animals growth oj 
the different parts of the body ia more or leaia simul- 
taneous; in plants growth is^^^tricted to the 



j„g points or m^riatems (see Meristem, apical; 
VIfristkm, lateral). Therefore, in an animal 
0st body cells have about the same age and the 
dies as a unit, but in a plant new cells 
produced all the time, and some parts, such as 
Igjves and flowers, may die, while the main body 
of the plant persists and continues to grow. How- 
ever. the basic process of growth, cell multiplica- 
lion, is very much the same in plants and animals, 
and mitosis and cell division will not be considered 
here in detail. See Cell division; Mitosis. 

Thi'^ article discusses the various phenomena of 
l^nwth. followed by sections on reproductive 
growth, dominance and germination, periodicity 
and abscission, and seasonal thermoperiodicity. 

Factors affecting plant growth. The factors 
tvhich control plant growth can be separated into 
ihree groups. First are the inherent genetic factors, 
(he genes, carried by all cells, which give every cell 
the potentiality to grow, and which control the lim- 
r*s within which each cell, each organ, or each 
plant can develop (see Genetics). These can be 
Minlndled only by breeding, and once the egg cell 
b fertilized, the genetic potentialities of the future 
plant are fixed. See Reproduction, plant. 

The second group of factors which control plant 
growth is the internal factors, such as the interac- 
tions between cells, the hormonal control system, 
the internal food distribution, and all correlations 
m general. They will be discussed later in the sec- 
tion on plant hormones. 

The third group of factors comprises the root 
iiul aerial environment. 

The lialance between the available water in the 
^oil and the water loss through transpiration is one 
of the major factors in plant growth (see Plant, 
vvuFR RELATIONS of). Another major one is the 
a\dilahility of nutrients (see Plant, mineral nu- 
TRfTioN of) . This is a function of the concentration 
nutrients in the soil, and also depends on such 
lactors as the soil water and air content, the size 
^1 the root system, the presence of a proper soil 
fnicroflora, the temperature of the soil, and the bal- 
ance between the nutrients. See Root (botany), 
Fur land plants the aerial environment is of par- 
amount importance. The components of this envi- 
mnment are temperature, light, humidity, wind, air 
composition, and such extreme conditions as frost, 
c^xccssive heat, rain, extremes of barometric pres- 
‘^ore, invisible radiation, periodic changes, and the 
living plants and animals in the immediate sur- 
*^ounding8. 

It is important to realize how complex the inter- 
relationships between external and internal envi- 
ronment are. The effects are both direct and indi- 
rect, for a change in growth rate or in development 
‘ofluences the subsequent behavior of the plant as 
At present, knowledge about the interrela- 
tionship between these factors is only fragmentary, 
/his is partly because of the difficulty of investigat- 
ing these effects. In studying this relationship it is 
n^essary to control the external environment and 
)vx)rk wi^ genetically uniform plant material. 
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This is now being done in so-called phytotrons, in 
which each of the environmental factors can be 
controlled separately. 

The additional problem of the irregularities and 
unpredictability of the climate arises in dealing 
with the effects of climate on plant growth. The 
growth responses of plants to individual factors 
will be discussed in this article. 

Plant hormones. The cell is the smallest unit of 
the organism which has all the attributes of life 
and which can persist as a unit. See Cell ( biologi- 
cal). It has been shown that not only the fertilized 
egg cell, but also isolated cells from a tissue can 
grow and develop into a complete plant. This was 
already known about certain leaf cells which, upon 
regeneration, give rise to plantlets on the excised 
leaf. Therefore, if not all, at least a considerable 
number of cells in the body of a plant, when iso- 
lated, can give rise to a complete plant. However, 
as long as these cells are in contact with their 
neighboring cells in the intact plant, they do not 
exhibit their full potentialities but remain only a 
part of the whole. This means that there is a con- 
trolling mechanism inside the plant which inte- 
grates the individual cells, the tissues, and the or- 
gans into a complete organism. 

It has been proved in a number of cases that the 
interrelations between the cells which mold them 
into an organism are due to minute amounts of 
chemicals produced in one part of the plant body 
which activate or inhibit other parts after the 
chemical has been transported to them. Such chem- 
icals, produced in small amounts in one part of the 
body and regulating other parts, are called hor- 
mones. In animals, most hormones are carried in 
the blood stream; in plants, they are transported 
through the living cells or in the transpiration 
stream. 

If a cell is completely self-sufficient and can 
produce all the organic substances it needs for 
growth and metabolism, such a cell cannot be part 
of an organism. Many unicellular algae can grow 
in this way, although they may develop into irregu- 
lar masses of cells (colonies) with or without spe- 
cific shape. See Algae; Cyanophyta. 

In yeast, a iJight modification of this growth pat- 
tern exists. These cells can grow provided the con- 
centration of some of the substances they produce 
themselves, such as biotin, and thiamin, is high 
enough in the liquid in which they grow (see 
yeast). Thus, a single cell of yeast will not grow 
by itself, but is dependent on many other cells in 
its surroundings. Once enough biotin and thiamin 
is produced by all the cells, they will start to grow 
collectively* 

An organism results when part of the cells have 
lost the ability to produce certain essential sub- 
stances which are still produced*hy other cells of 
the same organism. This is perhaps best illustrated 
in the ease of root growth. 

When a root tip 1 cm long is cut off a tomato 
plant and plac^ asepticall)r in a medium conskt^ 
ing of a 2% augar solution lo which the necessary 



mineral salts are added, such a root tip will grow 
cMfily a small amount, But when thiamin in a con- 
centration of 1 part in 100,000,000 is added to the 
medium, growth is rapid. Also, tips of the cultured 
root when cut off and placed in fresh medium, will 
likewise continue to grow. Therefore, this medium 
contains all that is necessary for continued root 
growth. In the normal plant the salts are supplied 
by the soil, the sugar by the photosynthesizing 
leaves, and the thiamin by the younger leaves. See 
Leaf (botany); Photosynthesis. Thus the roots 
cannot grow faster than the production of sugar 
and thiamin in the leaves allows and, as a result, 
balanced growth occurs. 

In all excised roots investigated, addition of thi- 
amin is essential for continued growth. In other 
roots additional substances, such as vitamin Bs and 
niacin, are also essential (see Vitamin). Thus, 
thiamin satisfies the definition of a plant hormone, 
and vitamin Bo and niacin may also be hormones 
in such cases as pea roots. 

There are many other hormones involved in the 
growth of a flowering plant. For example, if the 
stem tip is cut off, the stem underneath stops grow- 
ing in length. But when the stem tip is replaced, or 
when auxin, the stem-growth hormone, is applied 
instead of the stem tip, growth of the stem is re- 
sumed. The amounts of auxin produced by the stem 
tip and required for normal growth of the stem it- 
self are infinitesimal (about 10 ^ mg) and this 
places auxin in the category of hormones. See 
Auxin. 

Growth correlations. A number of the correla- 
tions which exist in plants and which are usually 
influenced by hormones arc shown in Fig. 1. Young 
leaves grow because purines, such as adenine, are 
supplied to them by mature leaves. Similarly an un- 
known growth factor, produced by roots, is essen- 
tial for stem growth. It is not known where gib- 
berellin or kinetin (a recently discovered plant 
hormone) fit into this scheme, but it is clear that 
the growth of the different plant organs i.s inti- 
mately interrelated through the need of some plant 
parts for substances produced in other parts of the 
plant (5€c Gibberellin) . Often these substances 
are simple compounds, and may be effective by be- 
ing prosthetic groups of enzymes, and the latter 
could not function without such groups. See En- 
zyme. 

In an unexpectedly large number of cases, the 
correlations in plants are produced by one simple 
substance, called auxin, which was first discovered 
as the plant-growth hormone which causes elonga- 
tion of cells. Now another substance has been 
found, gibberellin, which more spectacularly in- 
fluences elongation of stems, leaf stalks, and 
leaves. It is present in plant organs, but its role in 
normal growth has not been established. 

Other correlations, effected by auxin are 
(1) control of lateral bud inhibition by the apical 
bud; (2) prevention of abscission of a leaf pet- 
iole or of a peduncle of a flower as long as auxin is 
produced by the leaf, flower, or fruit ; (3) root for- 



Fig. 1. Schematic drawing of a plant with root sys- 
tem, stem, old and young leaf, and apical bud. Some 
known growth correlations drawn with broken lines 
which indicate factors responsible for these correla- 
tions. Sugar interrelations not shown. (From F R 
Moulton, ed», The and Protoplasm, Science Press, 
1940) ^ 

mation at the basal end of cuttings; (4) tis‘*up 
growth, and induction of cancerous growth; (5) in 
duction of xylem elements in regenerating vascular 
bundles; and (6) production of parthenocarpir 
fruits. See Bud (botany); Cancer (bioloca), 
Flower (botany); Fruit (botany); Vascuiar 
bundles. 

To explain how auxin can take part in so manv 
reactions and can control so many correlations, it 
has been assumed that auxin controls one master 
reaction involved in each of the above-mentioned 
processes. This master reaction has been variously 
assumed to be a change in cellular permeability, a 
step in cellular respiration, a synthetic process, or 
a stimulation of translocation of other substances, 
but thus far no such universal master reaction has 
been found. Researchers are still looking for the 
mechanism of each of the above-mentioned 
esses. 

Embryonic growth. After fertilization of the 
egg cell by one of the sperms produced by the g®"' 
erative nucleus of the pollen tube, the resulting 
gote starts to develop. This occurs either 
diately after fertilization, as in most rapW^V 
developing seeds, or after a delay of several months 
as in the case of pines. See Seed (botany). 
the first 5-10 cell divisions an undifferentfat 
mass of more or less gl 9 bular tissue is 
within the endosperm. In 'some seeds, such 



of orchids, development does not proceed imme> 
lately beyond this point. Even after germination 
jf orchid seeds, the globular cell mass continues to 
crow evenly in all directions until a body one to 
several millimeters in diameter is produced, which 
i<; tailed the protocorm. Differentiation of stem and 
root ife delayed until the protocorm has reached 
(his mze. which takes several months. See Stfm 

(BOfANY). 

In most plants the undifferentiated cell mass de- 
lved from the zygote proceeds directly to differ- 
entiate into an embryo consisting of a growing 
stem tip bearing two or more leaf primordia at one 
pnd and a root primordium at the other. Food for 
the growth and differentiation of the embryo is 
supplied by the mother plant either directly from 
(he (otvledons, or indirectly by means of the endo- 
sperm It has been found that the fully developed 
<nibr>o can be excised and cultivated aseptically 
on a medium containing sugar and mineral salts 
However, an immature embryo needs in addition 
small amounts of organic nutrients, such as vita- 
minv A still smaller embryo in which only the he- 
jijnning of the cotyledons is indicated will not grow 
v\hen excised unless it is supplied with coconut 
milk a very rich source of organic nutrients, being 
A iKfiiid endosperm itsell 

A>> soon as the embryo inside the seed is fully 
prown It passes into a dormant condition which is 
broken only upon germination. The most remark- 
ihle manner in which the embryo differs from all 
other developmental stages of the plant is its ahil- 
ilv lo withstand almost (omplete dehydration, a 
(ondition which causes death at any other stage in 
ffi< life of the higher plant. 

Vegetative meristematic activity. The stem pn- 
niordium of the embryo, upon germination of the 
"eed immediately becomes the growing stem Up 
wlinh continues to produce more stem cells and 
l^af pninordia. There is a remarkable control of 
ihe cell divisions in this growing point, because the 
sequence of leaves follows a perfect order (phyllo- 
taxis), which in its regularity compares with that 
of the structure of a crystal. 

Little is known about control of the cell divisions 
in the growing point. In general long days are usu- 
ally required to keep the cells dividing in this 
growing point, especially in shrubs and trees of 
^♦‘niperate regions. It has not been possible to 
change the growth pattern of the stem growing 
point, or apical meristem, with chemicals. Mi- 
crurgy, the science of microdissection, has shown 
^hat the youngest leaf primordia have an influence 
the location of the subsequent primordia. This 
that the cells in the growing point, al- 
though remarkably autonomous in their growth, 
to some extent dependent upon each other, 
^bis is perhaps best indicated by the existence of 
sectorial and periclinal chimaeras (growth distor- 
tions). When two different plant species arc 
grafted together, a new plant occasionally develops 
the junotioti of their tissues which combines the 
properties of both. This happens when a new gtow- 
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ing point regenerates at the graft union which is 
comprised of cells of both species. If the two halves 
of the growing point are different, a plant results 
in which the two species are joined lengthwise. An 
example of such a sectorial chimaera is shown in 
fig. 2. Although there is a considerable difference 
in size and growth rate between the two species 
composing this sectorial chimaera — for example, a 
nightshade and a tomato — when in direct contact 
with each other, the cells in the growing point and 
all along the stem grow and act in unison ; that is, 
they divide and elongate at exactly the same rate. 

Perhaps even more remarkable are the periclinal 
chimaeras. They have been studied in greatest de- 
tail in the case of nightshade and tomato. Occa- 
sionally a bud develops on the graft union of these 
two species that produces a plant in which the 
characters of both species are perfectly blended 
and in which the leaves, flowers, and fruits are in- 
termediate between the two species in size, form, 
and color. No actual fusion of the nuclei of the two 
species has occurred ; this is shown by the fact that 
a seed produced by these intermediate forms de- 
velops either into a nightshade or a tomato plant. 
Through chromosome counts and other evidence it 
was found that in these periclinal chimaeras the 
different layers of tissue, such as the epidermis, 
the cortex, and the central cylinder (stele), belong 
to the two different species (see Cortex, plant; 
Epidermis, plant; Stele). Either the epidermis, 
or epidermis and cortex, belong to one species, and 
the cortex and central cylinder, or central cylinder 
alone, belong to the other species This is possible 
because in the growing point there are three layers 
of cells: the dermatogen which gives rise to the 



Fig. 2. A soctorlal chimaera. (a) Leaf of block night- 
shade, Solanum nigrum, (b) leaf of tomoto, Sohnum 
tycopBrsieium. (c) Base shows a lomoto stem into which 
a wedge of nightshade tissue was grafted. After onion 
of the two tissues# a shoot developed which con^sted 
of nightshade tissue (right) and of tomato tissue (/eft). 
(After Wmkhr) 
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epidermis; the periblem which produces the corti- 
cal ceUe (outside the pericycle) ; and the plerome 
which gives rise to all the cells of the center 
(stele) of the stem from the pericycle inward 
(see Pericycle), AD four possible pericUnal chi- 
maeras between nightshade and tomato have been 
obtained in extensive grafting experiments. Such 
pericdinal chimaeras are also known for faawthome, 
Mespilus^ Cytisus, and Laburnum, and in each case 
intermediate forms are produced. This means that 
all cells and tissues influence each other during 
their stages of growth so that each partakes of the 
form and size of the other. In general, the cells 
produced by the periblem have the greatest effect 
on the final shape of leaves and flowers. 

Similar periclinal chimaeras were produced in 
Datura by colchicine treatment of the growing 
point (see Colchicine). This causes formation of 
tetraploid cells. When only the dermatogen or 
periblem or plerome cells of the growing point are 
tetraploid, and the others are normally diploid, 
periclinal chimaeras are formed in which the dif- 
ference in cell size does not result in distorted 
plants, but gives rise to harmonious structures. 

Occasionally a growing point enlarges beyond 
its normal size. This can be stimulated by auxin 
treatments. It then gives rise to fasciated (flattened 
malformed) stems with abnormal phyllotaxis (leaf 
arrangement on the stem) . 

The stem growing point can be cultured in vitro 
by placing it on an agar medium containing sugar 
and salts. It will then develop into a stem with 
leaves which, upon regeneration of roots, will be- 
come a complete plant. Growing points of mono- 
cotyledons and ferns (which groups usually do not 
regenerate easily) are easier to culture than grow- 
ing points of dicotyledons (which have a much 
greater capacity for regeneration ) . 

In addition to the apical meristems there are the 
lateral meristems in the plant called the cambium 
and the cork cambium, and the adventitious grow- 
ing points. About the physiology of the cambium, 
it is known that its activity is under the control of 
the buds and leaves of the plant. In deciduous trees 
divisions in the cambium, giving rise to phloem and 
xylem cells, start as soon as the buds become ac- 
tive in spring (see Phloem; Xylem). During the 
period of bud opening and young-leaf expansion, 
the elements of the spring wood are formed. Later 
the presence of mature leaves causes the cambium 
to produce summer wood with smaller cells, 
thicker icell walls, and often fewer vessels. This 
periodicity in cambial activity gives rise to the an- 
nual xylem rings in the wood. This is not an au- 
tonomous periodicity, for when the leaves are xe- 
moved the cambial activity stops. If in the same 
year more buds and leaves develop, new spring 
wood is produced, followed by summer wood, and 
an extra complete annual ring is formed. 

It has been found that auxin application to a 
stem can stimulate cambial activity in the same 
way growing buds and young leaves do. Therefore, 
it Is bkely dial the spring wood is formed under the 


influence of auxin coming from the buds and youmr 
leaves. Actually it has been found that the aux^ 
production of these growing plant parts shows the 
same cycle as that of cambial activity. Also in most 
cases cambial activity starts in the younger 
branches, and is followed by cambial growth in the 
trunk, with a time lag which approximates the rate 
of auxin transport from buds through branches to 
the stem base. 

It has been possible to grow cambium cells in 
vitro. In most cases, however, they regenerate un- 
differentiated callus cells, indicating that the stim- 
ulus for cambial growth is normally more complex 
than merely an auxin supply. This is also indicated 
by the periodic changes in the cells differentiating 
from the cambium. For example, a rubber tree. 
Hevea, at intervals of 1-4 months, a layer of latex 
vessels is produced in the phloem, alternating with 
layers of sieve tubes and other phloem elements. 
Or in the xylem of members of the plant family 
Sapotaceae layers of wood parenchyma alternate 
with layers of vessels and fibers. See Parenchyma. 

REPRODUCTIVE GROWTH 

Reproduction in plants can either be sexual or 
vegetative (asexual). Some reproduction mecha- 
nisms which exist in higher plants are discussed 
here. 

In plants such as Firaria, some lilies, or Hydro^ 
charts, many axillary buds swell and store food in 
their bud scales. These buds may then become de- 
tached, and behave \j^e seeds; that is, when con- 
ditions become favorable, these buds start to grow 
and form new plants. In Hydrocharis or Stratiotes 
the buds are formed in autumn, as a response to 
the shortening of the days, and they “germinate” 
only after having been subjected to cold during 
winter (see Photopcriopism in plants). In many 
bulbous plants, such aa tulips, hyacinths, daffo- 
dils, and onions, reproduction is mostly vegetative. 
The bulb consists of a markedly foreshortened stem 
on which thick scale leaves are implanted, and 
when completely developed, the stem usually ends 
in a flower. Toward the end of the season, two or 
more axillary buds on the foreshortened stem de- 
velop into new bulbs. This causes the clustering of 
bulbs on these plants. When the scale leaves of 
these bulbs are halved by cutting off the upper half, 
a large number of adventitious buds may form on 
the cut surface, each one producing a tiny bulb 
which can grow into another plant. 

In a number of plants, thickened buds, or bulb- 
lets, are formed in place of flowers. Some pl^ts, 
such as Polygonum viviparum^ reproduce entirely 
in this way. In others, such 

sionally do flowers fail to develd|f,‘ but the flowers 
are replaced by such vegetative bulblets. The fac- 
tors causing this transformation are unknown. 

Very peculiar forms of vegetative reproduction 
exist in the genus Bryophyllum. The Madaga®*^*' 
rian species B, tubifiorum and fl. daigremiorUiaf^ 
produce, under long-day nonditions, adventitioua 
buds in the notches of the teeth of their leajP^* 



These buds drop off when they have formed their 
j^i two pairs of leaves, root, and form new plants. 
In B caheinum these buds are formed in the leaf 
((hes nnly after the leaf is cut off. 

A large number of plants, for example, iris and 
lotus, forui rootstocks which branch and form 
aboveground shoots at their apices. As the older 
portion of the rootstock dies, the original plant be- 
lomes divided into a number of individual root- 
^totk*? and consequently multiplies. When the 
rhizomes remain aboveground, they are called run- 
ners Strawberries and many grasses multiply this 
Ha\ Runner formation in the strawberry is strictly 
3 long day response and occurs at higher tempera- 

liirf*" 

In potatoes underground runners enlarge at the 
end producing tubers. This tuber formation is the 
result of a stimulus (or perhaps hormone) which 
nines from the shoot and is produced only at low 
ipmperature or in short days. This stimulus ran 
[MSS through a graft union. The tubers which are 
fnimed are dormant, and to sprout, require either 
aihemual treatment with ethvlene ohlorohydnn. 
nr sc\erdl months nf dormancy at room tempera- 
inn This ensures vegetative reproduction ; the 
plants survive the cold winter as dormant tubeis 
iiid new shoots develop the next spring In many 
(iher plants, such as dahlia and sweet potato, roots 
'woll in the same manner as the underground shoot 
lips of the potato and growing points on these 
mots develop into new shoots the following season. 
Vfanv agricultural crops are reproduced vegeta- 
In addition to potatoes, sweet potatoes, and 
^trawhernes there is sugar cane which grows from 
■'fnn ( uttings A cutting is a piece of stem with one 
ft more nodes, which, when placed under suitable 
ronditions (moist, usually partly buried in soil, 
"dnd or peat), will produce roots and shoots so 
ihdt a complete plant results. Many other plants, 
Muh as Lombardy poplar and many shrubs and 
grown by horticulturists, are propagated by 
fiiiiings {see Stem cuttings). The roots which 
develop on these cuttings either arise from pre- 
formed loot primordia, present near the node, as 
in sugar cane, or are new formations, mostly near 
the basal cut end of the cutting. This root forma- 
t on is an expression of the tendency of a part of a 
plant to regenerate lost organs. The hormones, nec- 
<*^5arv for root formation and root growth, are 
formed in the shoots and usually flow downward to 
the roots. When this downward transport is inter- 
t^tipted by cutting the stem, these hormones accu- 
near the cut surface where they stimulate 
formation of roots. It was found that in the 
*^ajority of cases the stimulus for root formation 
i-oining from the plant top can be replaced by 
«uxin; thus, auxin application at the base of the 
‘'utting is very commonly practiced by hoiticul- 
^^nsts to ensure good rooting. The auxin in most 
^•J'itances speeds up rooting on a large proportion 
the cuttings. In some cases vitamins or amino 
were also found to stimulate root formation. 
Amino acids. 
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In cases in which cuttings will not root, plants 
may be propagated by layering or budding. 

Floral initiation and dovolopmont. At a certain 
moment in the development of a vegetative grow- 
ing point the regular sequence of vegetative cell 
divisions is interrupted and the growing point is 
transformed into a flower primordium. This change 
is induced by a stimulus, received by the leaves, 
and transmitted through the phloem of the stem. 
It can now be stated that when a purely vegeta- 
tive scion is grafted on a photoperiodically induced 
stock, the scion will under certain conditions, such 
as the removal of the larger leaves from scion, start 
to flower. 5ee Grafting of plants. 

Morphologically, the first change in the trans- 
formed growing point is a broadening. Then, in- 
stead of the regular leaf phyllotaxis, the sepals are 
laid down simultaneously, usually in a whorl. After 
a time interval of a few days, another whorl of 
primordia. the petals, are formed. Then the sta- 
mens and carpels are produced. In exceptional 
cases this sequence is partly reversed; for exam- 
ple, in the case of inflorescences the flower primor- 
dia are produced airopetally (from the base up- 
ward) or basipetally (from the apex downward) 
on the large meristematic dome. See Inflores- 

CFNCE. 

The initiation of flower primordia is not exclu- 
sively under the control of the photoperiod. In 
nian> cases, as in beet and peach, flower initiation 
occurs only after a cold treatment called vernaliza- 
tion. This is an induction phenomenon, but there 
may be an interval of one or several months be- 
tween exposure to cold and transformation of the 
growing point. When during this induction period 
the plant is subjected to high temperatures, occa- 
sionally devernalization occurs with resultant non- 
flowering. In many plants, such as deciduous trees, 
coffee, and the dove-orchid {Dendrobium crumena- 
turn), the flower buds develop only to a certain size 
and then become dormant. It then takes exposure 
to relatively low temperatures to break the dor- 
mancy of these buds. In peaches, pears, and other 
deciduous trees the budi; need a period of weeks or 
months below 40*^ before they will open. That 
means that th^ have to pass through a winter far 
best flowering. In the dove-orchid a rapid cooling 
from 80^ to 65^F will make the dormant flowerbuds 
enlarge, and exactly 9 days later they open. In cof- 
fee the first heavy rain of the season usually trig- 
gers the flowerbud development, and 8 days later 
all trees which have received the rain will be fes- 
tooned with flowers. 

Floorer biology. The opening and closing of flow* 
ers and the^irocess of pollination is a fascinating 
field of study. Whereas many flowers, such as roses, 
camellias, snapdragons, and orchids^ open only 
once and then remain Open for the rest of the life 
of the flower, many other flowers, such as tulips, 
poppies, tobacco, and gazania, open and close sev- 
eral times with a daily rhythm. On clear days the 
California poppy opens its flowers at 10 A.M.^ apd 
the petals doae agahi at 4 p.m. On the same days 
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the tobacco, Nicotiana affinis, opens its flowers at 
sunset and closes them the next day at 9 a^m. The 
flower movements of the California poppy are in- 
duced by the light-dark change of the previous 
day; they close 21 hours after the previous sunset. 
The flowers of the night-blooming cactus open 24 
hours after darkening on the previous day. Tulips 
and crocuses open upon a rise in temperature and 
close again upon cooling; gazania flowers open 
above 18®C, and close below this temperature. 
These responses to light and temperature are so 
regular that the time of day or the air temperature 
can be told fairly accurately by observing which 
flowers are open or closed. It is actually possible to 
use flowers as clocks. Carolus Linnaeus, the great 
Swedish botanist, planted part of his garden as a 
flower clock. 

The life of flowers varies from a fraction of a 
day to a month or more. There are several factors 
which control the life span. In many flowers the 
petals are abscised (dropped), as in poppies and 
pelargoniums; in others they wilt, as in cacti and 
orchids. Wilting is the result of loss of vitality of 
the cells of the petals either because their sugars 
have been respired, as in Chrysanthemum or be- 
cause their proteins have decomposed, as in cacti 
(see Plant respiration; Protein). In others, 
such as orchids, the auxin released by the pollinia 
causes wilting. 

Most flowers have mechanisms for cross pollina- 
tion; many arc actually self-sterile. Sterility in 
flowers may be the result of a large number of fac- 
tors, such as genetic block (especially in triploids 
and others where abnormal meiosis occurs), lack 
of germination of pollen, insufficient growth in 
length of pollen tubes, as in the long styles of 
Oenothera or corn, or lack of chemotropism, which 
is attraction of the pollen tubes to the ovules. 

Pollination is most commonly effected by flying 
insects which are attracted to the flowers by color 
or smell. In many flowers the development of odor 
is periodic. In the night-blooming jasmine and in 
tobacco, the flowers open at sunset and at the same 
time become fragrant; the odor disappears again 
the following morning at about the time the flow- 
ers close. Other pollinators are ants, humming- 
birds, or bats. 

A large group of plants, such as ragweed, 
grasses, conifers, and trees with male flowers in 
catkins, is pollinated by wind; their flowers are 
usually inconspicuous. Their pollen, discharged in 
large Amounts, is a major cause of hay fever. 

Pollination by mechanical means is sometimes 
required when the pollen does not readily come out 
of the anthers, for example, the shaking of the 
flowers of tomato. Very rare are cases of pollina- 
tion by water (the male flowers of Vallisneria float 
on the water and thus their open anthers come in 
contact with the stigmata of the female flowers). 
In a few cases the pollen is ejected by the snapping 
open of the flowers, as in Pilea, 

Most imeresting are the honey-excreting nec- 
toiies (are Secretory structures, plant). These 


are usually found at the base of the flower or * 
spurs (over 1 ft long in Angraecum sesqtdpedah) 
or sometimes outside the flower on bracts, as in the 
plant family Marcgraviaceae or in the genus Eu 
phorbia. This honey is excreted by special glandu- 
lar cells or it is pressed out of the phloem. The 
pollen in insect-pollinated flowers is usually sticky 
because it is covered with a waxlike material. 

Many flowers show marked movements before 
opening or after pollination, for example, poppies 
and Linaria, These movements are usually due to 
differential growth of the two sides of the flower 
stalk caused by auxin. See Plant movements, 

Fruit development. Auxin plays a very impor- 
tant role in the growth of the 0 |vary after pollina- 
tion. The pollen itself provides ^e auxin, or the 
auxin is produced in the fertilized ovules. There- 
fore, an ovary of a nonpollinated flower usually 
does nor enlarge, but if treated with auxin, it mav 
produce parthenocarpic fruits, such as seedless 
tomatoes or watermelons. It was found that in the 
naturally parthenocarpic fruit of the navel orange, 
the pulp in the developing fruit provides the auxin 
necessary for growth. Auxin application will only 
lead to the formation of parthenocarpic fruit at low 
temperatures; during the middle of summer it ha^ 
no effect. 

If every flower grew into a fruit, most planN 
would not be able to support the crop. However 
many flowers drop off before fruits start to grow 
and some of the growing fruits also fall. Auxin 
sprays are sometin^s effective in preventing fruit 
drop; at present such sprays are generally applied 
to prevent the preharvest drop of apples. 

As a fruit grows, its total respiration increase'^ 
until it is almost ripe, then respiration decreases^ 
In some fruits, for example, the avocado, a 
called climacteric rise in respiration occurs when 
the carbon dioxide production more than double"' 
just prior to the fully ripe stage; however, lhi> 
happens only after the fruit is picked off the tree 

DOMINANCE AND GERMINATION 

Every leaf carries a bud in its axil which can 
grow into a shoot with leaves and buds. Likewi*^** 
each of these buds in its turn has the potential of 
growing into a leafy shoot. Should this happen, the 
plant would soon become an inextricable clump of 
branches. Although it does not occur naturally* 
there are certain diseases which cause every axil- 
lary bud to grow. For example, a fungus causes 
the development of masses of small branches calle 
witches’ brooms in trees. 

Apical dominance. In a normal plant oaly ^ 
small percentage of the axfilary buds grow into a 
shoot. When for one reason or another the apje* 
bud ceases growth, a few axillary buds lower dov*| 
the stem will develop. This suppressing 
the apical bud on lateral or axillary buds is callc 
apical dominance. For some tame it had bc«*^ 
pected that the apical bud exerted its influence 
through the production of a honnonclike 
stance. After auxin was discovered to be thc^^ 



elongation hormone produced in the «tem tip, it 
also ghown to be the material produced by the 
apical bud that is responsible for inhibition of axil- 
lary bud growth. Removal of the apical bud re- 
this inhibition, but replacement of the apical 
bud with an adequate auxin supply restores the 
lateral bud inhibition. However, only a few hours* 
interruption of the auxin supply releases the lat- 
eral bud inhibition irreversibly. 

Apical dominance has many interesting charac- 
teristics. For instance, the inhibition increases with 
distance from the tip and the buds farthest re- 
moved from the apical bud are most inhibited, 
whereas the buds nearest to it have the best chance 
{or development. Upon removal of the apical bud, 
the uppermost axillary buds start to grow; once 
they start growing they inhibit buds further down 
from the stem tip. 

In nature conditions occur under which the basal 
hods grow more than those nearer the apex. For 
example, after a warm winter peaches show de- 
!d\ed foliation; that is, the apical buds fail to open 
in spring and buds lower down the stems are the 
only ones which grow. 

Many hypotheses have been offered to explain 
the mechanism of auxin action in lateral hud in- 
hibition. The direct-action hypothesis states that 
this merely a matter of auxin concentration; at 
low (oncentration auxin accelerates stem growth; 
at high concentration it inhibits growth. However, 
this does not account for the all-or-none nature of 
inhibition. Besides it has been shown that it is not 
the total amount of auxin, but the relative amounts 
in bud and stem that control growth. Only when 
the auxin concentration in the bud exceeds that in 
the adjacent stem is bud growth possible. In a 
somewhat different light, the hypotheses of indirect 
action assume that auxin releases inhibitors, or 
nntrols transport of other essential growth fac- 
tors. 

Epical dominance can appear in other ways. In 
conifers the perpendicular growth of the primary 
''hoot is called orthotropic, whereas all lateral 
•shoots grow more or less horizontally, or pi agio- 
^rnpically. When the apex is removed, or the apical 
hiid is injured, one or more of the higher side- 
hranohes will become orthotropic and take over the 
'<‘rtiral position and function of the original apical 
hnd. This occurs in pines and firs, but in Araucaria 
the plagiotropic growth of the lateral shoots is not 
® response to the dominance of the apical bud, for 
remain plagiotropic even in the absence of an 
epical bud. 

dormancy. As explained previously, the 
"Majority of buds do not grow because of the cor- 
r^'Iaiive inhibition established by the growth of the 
epical bud. As soon as this correlative inhibition is 
^^nioved, gome of the axillary buds begin to grow, 
usually within a few days. Many buds, however. 
® not start to grow when the growing conditions 
ccorne favorable and when apical dominance is 
ll^moved because such buds are dormant. Domant 
occur on most deciduous plants in winttt. 


Mont growth 33S 

When a lilac, oak, or peach branch is cut off a 
plant growing outside and brought into the green- 
house, the buds will not develop between October 
and February. In April, or even in early summer, 
these plants have nondormant buds, and they start 
to grow as soon as the branches are remov^ and 
the cut ends put in a moist medium. Dormancy of 
the buds is induced by the short-day light exposure 
of the branches in autumn. When such deciduous 
trees are kept throughout the summer under long- 
day conditions, their buds do not become dormant 
and they will develop at any time when the tem- 
perature is favorable and the correlative inhibi- 
tion is removed. 

Induced bud dormancy can be broken in several 
ways. In nature it is done by exposure for several 
months to near-freezing temperatures. Peach or 
pear trees brought into the greenhouse in late sum- 
mer or autumn are dormant, and they can remain 
dormant for more than a year because the buds 
have not been exposed to cold. The bud itself must 
be kept cold. On a branch which has been partially 
cooled, only the buds on the cooled part develop. 

In a number of cases a chemical treatment can 
substitute for the cold requirement, and ether or 
ethylene chlorohydrin vapors as well as nitrophe- 
nol and ethylene have been used to break bud dor- 
mancy. Chemical treatments have the advantage of 
requiring only a few days in contrast to the cold 
exposure which must last weeks or months. 

Bulbs and tubers commonly have to go through a 
dormant period before they can sprout. In some 
cases this is a question of straight dormancy (glad- 
iolus, potato, lily-of-the-valley) in which cold or 
ethvlene chlorohydrin will break it. Other cases 
will be discussed in this article in the section on 
seasonal thermoperiodicity. 

Germination. In the section on embryonic 
growth the formation of the seed was described, 
and it was stated that upon ripening, the seed 
passes into a dormant condition, from which it 
emerges upon germination. 

The seed represents a stage in the development 
of a plant which is particularly resistant to cold, 
heat, and drought. The main function of a seed is 
to provide for progeny by carrying the plant over 
unfavorable conditions and facilitating distribu- 
tion of the species. 

In germination three distinct stages can be dis- 
tinguished. The first stage comprises the intake of 
water, a stage that is completed when all cell walls 
and protoplasts have sufficient water content. Asso- 
ciated with the water uptake is an increase in res- 
piration. The second stage is a curious one. Except 
for respiration, no measurable changes occur, the 
embryo does not enlarge, and the seed seems to be 
in a condition of suspended animation. During 
these first two stages germination is a reversible 
process; the seeds can be dried and rewetted a 
number of times without any effect on their future 
germinability. Large numbers of seeds persist for 
years or even decades in the soil widioot reaching 
the third stage of actual enlargemmt of the em- 




bryo. once this third stage has set in, 

tbore is qq holding back and the embryo goes 
tkroui^ its ei;ponential growth to form the seed- 
lings or it dies. 

The seeond stage, that of suspended animation, 
is the most critical because it is the period when it 
is decided whether the seed will germinate or not ; 
it is an all-or-none process. No matter how long or 
short this second stage of germination lasts, once 
the inhibition has been released, growth of the 
seedling will always be the same. 

Some'of the mechanisms involved in preventing 
growth of the embryo and the events occurring dur- 
ing the second stage of germination can now be 
discussed. 

For a number of seeds it has been established 
that they contain substances which inhibit germi- 
nation. When such inhibitors are removed, either 
by decomposition or by leaching, embryo growth 
proceeds normally. In at least one seed, Amaran- 
thus, and probably in many others, such inhibitors 
also repress respiration. Thus, Amaranthus seeds 
can be kept for many years in moist soil without 
germinating or utilizing all their storage food. 

In other seeds it has been found that the seed 
coats, or certain layers of them, are impermeable 
either to water or to oxygen. Breaking (scarify- 
ing) of such impermeable layers leads to germina- 
tion. 

In many leguminous seeds in which the seed coat 
is so hard that the embryo cannot break through, 
scarification suffices for germination. 

In the seeds of wild plants, a large number of 
mechanisms delay germination until the growing 
conditions for the seedling are favorable. Culti- 
vated plants are not sown until the season is proper 
for germination and growth; consequently, germi- 
nation delays arc unnecessary and may be unfav- 
orable. The germination behavior of seeds of 
cultivated and wild plants should be clearly dis- 
tinguished. 

Many seeds fail to develop and ripen undei con- 
ditions which seem unusually favorable for germi- 
nation, such as the moist interior of a melon or of a 
tomato fruit. In such species there are substances 
in the fruit pulp which inhibit germination. In ex- 
ceptional cases, however, germinated seeds are 
found inside the fruit, for example, occasionally 
in oranges or peaches. 

Some seeds of northern crop plants, such as bar- 
ley and wheat, germinate at low temperatures and 
can be sown in autumn or early spring. Others, 
such as corn, sugar beet, and tobacco, require 
higher temperatures and are sown much later in 
spring, or they are sown in greenhouses and the 
young seedlings are transplanted in the field, for 
example, tomata and chili pepper. The latter 
plants originated in warm climates and grow only 
during the summer. 

Seeds of tropical forest trees usually have a short 
Hie, and unless they germinate immediately, they 
decompose in the humus layer. 


Many seeds which normally remain dormant dur 
ing winter need stratification, that is, treatment 
with low temperatures (near freezing), before the 
will germinate. This treatment is effective only 
when the seeds are moist. 

Most of the seeds which have inhibitors, hard or 
impermeable seedcoats, or need stratification be- 
fore they can germinate, have normal embryos 
which will start to grow as soon as conditions are 
favorable. There are other seeds the embryos of 
which will not develop even when excised. Such 
embryos are either immature or have embryo dor- 
mancy. In both cases germination can occur after a 
sufficient period of waiting during which after 
ripening (physiological change) .takes plate. 

The seeds of many plants germmate very irregu- 
larly, only a few at a time. In this way germina- 
tion is sometimes spread over a period of manv 
years, with occasional peaks of germination at 
about yearly intervals. 

Seed germination of desert plants has been 
studied in some detail. These seeds show a numbei 
of different mechanisms which prevent premature 
germination. When rains are few and far between 
the chance that a small amount of rain will he aiig 
men ted by another rain is slight. Under these con- 
ditions germination in desert plants would best be 
delayed until about 1 in. of rain has fallen con- 
tinuously, and when the soil is sufficiently wetted to 
ensure normal development of the seedling. Some 
seeds have four or more mechanisms for dela>e(l 
germination. Amon^hese belong (1) presence of 
germination inhibitors which can be rerrtoved bv 
leaching, as occurs during a heavy rain ; ( 2 ) excess 
mineral salts in the seedcoat or in soil, also re 
moved by heavy rain; (3) remains of fruit cover 
ing, which has to be removed before seed can ger 
minate; and (4) hard seedcoat, which mav be 
removed by scarification, usually by rubbing of ilit 
seeds with sand or stones; for example, after a 
heavy rain a slurry of water, sand, and gravel 
rushes down the wash carrying with it the seeds of 
smoke tree, palo verde, and other shrubs. 

Growing plants have a strong inhibitory effect on 
seeds present in the soil around them. Germina- 
tion of many plants does not occur in a closed veg- 
etation. Interesting exceptions are seeds of para' 
sitic or semiparasitic plants, such as Striga ana 
Euphrasia, Their seeds germinate only under the 
influence of excretions from the roots of their host 
plants. The reverse phenomenon was found for the 
guayule rubber plant, Parthenium argentatam. 
whose seedlings are killed by excretions, consisting 
partly of cinnamic acid, from the roots of the m®* 
ture plants. See Carboxylic acid. 

PERIODICITY AND ABSCISSION 

There are relatively few plants whose growth 
not periodic. Basically all processes in the growing 
point are periodic;^ for example, the laying 
of leaf primordia is cyclic and occurs in « dcniu « 
sequence producing a specific phyllotaxy- 
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(b) day* 


,,g 3. (a) Growth in height of sunflower stem {from 
f P Odum, Fundamentals of Ecology, Saunders, 
19531 (b) Growth of entire corn plant os measured 
by increase in dry weight (from Gustav Backman after 
Stefanowska, in D, W. Thompson, On Growth and 
form, Cambridge, 1942). 


served. In pines, peaches, and most other trees 
there is a sequence of formation of nodes bearing 
leaves and bud scales. Even if there is no cessa- 
tion of growth when the bud with bud scales is 
formed, for example, because the bud did not be- 
come dormant as a response to short-day treatment, 
the cycle of scale and leaf formation is repeated 
several times per year, giving evidence of an inter- 
nal growth periodicity. 

Many cases of periodicity in development have 
been shown to be induced by external factors. The 
daily fluctuation of growth rates of stems, roots, 
and leaves has been found to be due, at least in 
part, to the daily light-dark cycle, to the periodic- 
ity in temperature, or to the change in relative hu- 
midity from day to night. However, in the nyctinas- 
tic (“sleep”) movements of leaves, there is also an 
autonomous component in these growth periodic- 
ities which has a 24-hour cycle and becomes syn- 
chronized with the 24-hour climatic cycle. 

Very curious periodicities are known in the flow- 
ering of orchids, coffee trees, and other plants. For 
example, the dove-orchid, Dendrobium CTumena- 
turn, flowers in the lowlands of Java once every few 
months, but all plants in the same locality flower 
on the same day. This was found to be the result 
of a sudden drop in temperature accompanying cer- 


Growth periodicity. Each individual cell and 
(Mill internode go through a succession of growth 
latps, the so-called grand period of growth. When 
ihp length of a cell or of an internode is recorded 
a function of time, a sigmoid (.f) curve is oh- 
idincd. showing that after an initial slow start, 
prowth increases to a maximal rate, and then grad- 
iidllv decreases (Fig. 3). This is typical for the in- 
(Inidiial cell, for a colony of cells, such as a hac- 
tmal or yeast culture, and even for a whole 
organism. Because a growing plant usually has the 
^ame number of dividing, growing, and maturing 
'pll‘' in its stem, the growth rate of a whole stem is 
regular and linear, always maintaining the same 
proportion of growing cells in their different 
‘'Uges. Thus, the regular growth rate of the whole 
plant is the integration of thousands of sigmoid 
lirimth curves of the individual cells. 

As was explained in the section on dormancy, 
periodicity of growth of a pear or a peach tree 
partially induced by the external conditions. But 
^lipre is an inherent periodicity in growth of a num- 
lier of plants, often based on the morphology of 
plant. In tulips and other bulbous plants the 
growing point goes through a cycle of forming 
^<^ale leaves, true leaves, and a flower. Because the 
flower terminates the growing point, a new axillary 
l^'^d takes over, and a new cycle is started. In the 
^®niato plant the same phenomenon occurs. After 
l^^rming 8-17 nodes (depending on the varie^), 
the growing point transforms into a terminal 
flower. Then a lateral bud starts to grow, forms 2-4 
^fxles, and likewise terminates in a flower. Thus the 
*^niato stem is a sym podium (many forked), and 
® definite periodicity in development can be ob- 


tain heavy rains. 

The simultaneous flowering of all bamboo plants 
of a particular species every 11 or 33 years has 
tentatively been connected with the 11-year cycle 
in sunspots. But other plants, such as Strobilanthes 
in Ceylon and Java, flower simultaneously at 4- or 
7-year intervals. Such periodicities seem to be of 
the same type as those of the 13- or 17-year cicada. 

Typical yearly periodicities in growth and flow- 
ering are often induced by the yearly cycle of tem- 
peratures or photoperiods. 

Abscissicfn in plants. Because special tissues 
are produced between stem and leaf stalk, or be- 
tween stem and fruit stalk, or at the base of petals, 
each plant does not remain burdened with its dying 



Fig. 4. Abscission, (a) LongitudincH section through 
base of a leaf of Prunus* Divisions of cells form on 
obscissipn layer, shown veiticglly. fb) Verticol section 
through part of o stem ond leofbose of Golevs, oiler 
obscission of the leaf. (From fl. D. Gibbs, Balmy, An 
Eyolutionary Apptaoth, Bfofc#ifon-iMc6mW-Wtft 1740) 
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and daad leaves, flowers, or fruits (Fig. 4). These 
dead parts drop off (abscise) and are regenerated 
to carbon dioxide in the carbon cycle of nature of- 
ten before the whole plant has died and fallen to 
the ground. 

Although not much is known about how or why 
a leaf abscises, a great deal has been learned about 
how to stimulate or prevent abscission. The ab- 
scission layer at the base of the petiole is formed 
when the leaf blade is removed, or when the leaf is 
no longer active, as in autumn. The formation of 
this abs(;ission layer can be delayed by applying 
auxin, or other substances with similar physiologi- 
cal activity, on the leaf stalk stump. 

The reaction of the ovary and fruit is similar to 
the leaf. When the ovules in the ovary have not 
been fertilized, no auxin reaches the place of at- 
tachment of the fruit stalk to the stem, and the 
young fruit abscises. The lack of the inhibitory ef- 
fect associated with developing seeds can be re- 
placed by auxin application to the ovary. This 
means that auxin production by the developing 
seeds has at least a dual function: causing the 
growth of the ovary, and preventing its abscission 
as explained in the preceding section on fruit de- 
velopment. 

There are several practical applications of these 
auxin effects. One is the spraying of ripening ap- 
ples with auxins to prevent preharvest drop, and 
also to prevent bruising of the fruit as they fall on 
the ground. Another is the use of auxin sprays in 
tomato growing to prevent the flowers on the first 
clusters from dropping off, and to cause the con- 
tinued growth of the young fruit. 

In a number of flowers, fertilization causes ab- 
scission of all the flower parts except the ovary; 
this presumably is also connected with the auxin 
production by the developing ovules or by the auxin 
released by the pollen. The latter is the case in the 
postfloration phenomena in orchids. Instead of 
placing the pollinia on the stigma, auxin can be 
applied and will produce swelling of the ovary and 
wilting of the petals. 

The mechanical cotton pickers work properly 
only when the cotton plants are leafless. Therefore, 
methods have been developed to defoliate cotton 
fields. This can be done either by killing the leaf 
blades, which will cause abscission of the petiole 
as though it had been debladed, or by applying an 
antiauxin. 

Not only petioles, but also whole branches may 
be dropped through the formation of an abscission 
layer. This occurs in Castilloa and in Sterculia, and 
results in a self-pruning operation in which the 
older branches, shaded by the higher ones, are ab- 
scised. 

Tissue culture in plants. Under the heading of 
tissue cultures, often the problem of organ culture 
is ‘Also considered. The growth of roots in vitro was 
discussed under the general heading of plant hor- 
mones, and the culture of growing points was 
treated under vegetative roeristematic activity. Typ- 
ical plant tissue cultures were achieved for the first 
time about 1998. When pieces of stem, root, or 


other organs are placed aseptically on an agar ibe 
dium containing sugar and mineral nutrients, the 
either regenerate buds and roots and grow’ as ^ 
complete plant, or they produce a small mass of 
undifferentiated tissue called callus, which devel 
ops into a globular mass on top of the piece of 
stem. To make this globular mass of undifferenti- 
ated parenchyma cells grow to a larger mass, it is 
necessary to add auxin to the medium. 

Thus callus tissue, transplanted aseptically in a 
medium containing sugar, mineral salts, and auxin, 
will grow to a large mass of undifferentiated cells! 
This mass of callus can be subdivided into smaller 
pieces, and each piece will continue to grow 
equally well on this medium. Whereas this is the 
rule, occasionally a piece of sucMa callus culture 
will lose the requirement for auxin in the medium, 
and will then continue to grow on a medium con- 
taining only sugar and salts. This is called habitua- 
tion', and makes these tissues less dependent upon 
their environment. 

Usually plant tissues are completely dependent 
for growth upon the surrounding tissues and or- 
gans, and such tissues fail to grow when the adja- 
cent parts become mature. An exception exists in 
the case of crowngall, an abnormal growth which 
usually occurs near the root crown on steins. 
Crowngall is induced by Bacterium turnaefaciens 
and it is largely a mass of callus. It is possible to 
keep the crowngall callus growing even when the 
bacteria have been eliminated because the calliis 
tissue loses the reqwrement for auxin in the me- 
dium. It will grow in the same siigaf-nutrient 
medium in which habituated cultures develop. Be 
cause of its independence of auxin, it has escaped 
the growth control of the plant. This explain^ 
why a crowngall develops. 

More recently a number of substances have beer 
isolated and identified which increase growth ol 
callus cells, usually manyfold. Many are present 
in coconut milk. Among them kinetin, or 6-fur 
furyl-aminopurine, has been investigated most ex 
tensively. 

The most interesting new development in tissue 
culture is that it has been found possible, by sev 
eral different means, to make a single callus cell 
develop into a large callus mass, and to have this 
differentiate into a shoot and ultimately into a com- 
plete plant. Thus, a single undifferentiated cell has 
the potentialities of developing into the complex 
organism, just as the egg cell has. 

Usually, no differentiation of tissues and organ* 
occurs in a callus mass. Upon transplanting * 
piece of differentiated tissue into it, however, i 
differentiation of callus cells in the immediate 
vicinity of the transplant will occur. 

THERMOPERIODICITY 

Temperature influences most physiological P*’^ 
esses. The optimal temperature is the 
at which a process is fastest or most eflicien 
Above, the optimal temperature, the rate of 
process decreases, often rapidly, as a result 
jury to the protoplasm. There is also a 



crature below which the process does not go 
at aU- maiiy cases this lowest temperature 
tVe or even slightly below freezing. Because of 
J'he osmotic value of the cell contents, cells do not 
freeze unless cooled to well below 0®C {see Os- 
vio^is)- Above the minimum temperature, the rate 
of the process increases rapidly, in an exponential 
manner, much as temperature influences the rate of 
(hetniral processes. This means that for every rise 
m temperature of 10°C, the rate of the process is 
doubled or trebled. The rate of the process at a 
, riven temperature divided by the rate at a tempera- 
ture 10°C lower is called the temperature coeffi- 
ipnt or 010 * 

Seasonal themnoperiodicity. Many plants can- 
not develop normally in a constant temperature or 
ttlifti the daily temperature range is kept within 
th( same limits. For example, sugar-beet plants 
kept every day at 23°C and every night at 17°C 
vvjll (ontinue to grow vegetalively for 3-4 years, 
jHtr which time the base rots away. A peach tree 
in be kept for many years under the above- 
fiKHtioned temperature regime without ever flower- 
in^ Tulip and hyacinth bulbs, planted in the even 
limale of the tropics, even at higher altitudes, 
vvill not de»velop normally, and will die in 1-2 
pars All these plants will develop normally when 
[i(N are subjected to a yearly v^ycle of low tem- 
[Miiiuie^ followed by high temperatures This re- 
luiipment is called seasonal thermoperiodicity. 

In fillip and other bulbs, the seasonal theimope- 
riodi( ity has been investigated in great detail. It was 
f)und that each developmental stage of the plant 
ha'^ Its own optimal temperature When the ahove- 
?roiind part of the tulip plant has died, the 
is completely filled with storage food in the 
leaves, and the growing point has formed 
•nh a few leaf primordia. During the next few 
more leaf primordia and a flower pri- 
niordium are produced. This process of morpho- 
genr'ji'i has a relatively high temperature optimum 
)I about 25°C (see Plant MORPHOGFNEsib) . When 
ibe bulbs are subsequently kept at that tempeia- 
liire very little else will happen. Although ulti- 
inately a few weak leaves might appear, the flower- 
"talk never elongates. To make the plant develop 
^onnally the temperature must be lowered after 
‘kt flower primordia have been initiated. Bv keep- 
the bulbs at 0°C, they can be stored for 6 
Months or longer without damage, following which 
can be forced to flower, producing tulip 
at any desired time. 

At a somewhat higher temperature, 5-10®C, the 
lilbs »till seem to remain dormant, but when they 
afterwards brought to 13-1 7®C, they will sprout 
This does not happen in the bulbs kept at 
C It is evident that pretreatment at 5-10°C for 
" 1 essential for later growth. Thus 

is a delayed optimum in which the effect 
apparent some time after the treatment. 
After the 5-10®C treatment, the initial optimal 
^’'tiperature for stem elongation is about 13®C un- 
w opening when it shifts to 17®C. In this 
following sequence of optimal tempera- 
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turea has been found for tulip development, each 
lasting 1-2 months: 25*», S-10®, 13®, and 17°C A 
period of blooming and photosynthesis follows 
after which the same temperature sequence must 
be repeated. 

For a hyacinth the optimal temperature sequence 
is 34®, 25®, 13®, 21 ®C. In this plant each tempera- 
ture is also connected with a specific phase of de- 
velopment. Therefore, these bulbs must pass 
through a sequence of different temperatures to 
allow the various morphogenetic and physiological 
processes to take place. In a tropical climate with 
constant temj>erature, the bulbs do not pass through 
such a sequence and hence the plants do not de- 
velop normally. In a temperate climate with the 
proper yearly cycle of temperatures, the bulbs not 
only develop properly, but they also become syn- 
chronized with the climate. 

There is a large number of plants in temperate 
climates which have to pass through a cycle of 
high-low-high temperatures within a period of 
about 1 year before they develop normally. In 
beets, carrots, and other biennia] plants, a low- 
temperature period is necessary before flower ini- 
tiation can occur later at higher temperatures. In 
deciduous trees the lower temperatures are neces- 
sary for later flower initiation, and for breaking of 
bud dormancy. 

Daily thermoperiodicity. Practically every- 
where in the world the temperature during the day 
exceeds that during night. It has been found that 
plants grow better when subjected to such a daily 
temperature fluctuation than when exposed to a 
constant temperature From the limited informa- 
tion available, a 6®C temperature differential be- 
twee 4 day and night seems to be optimal. In desert 
plants this optimal differential seems to be higher; 
in some tropical plants it may be lower. 

Only part of ihe explanation of this phenomenon 
lies in the different processes which predominate 
in the plant in darkness and in light, each with its 
own optimal temperature. In the tomato plant, for 
instance, most growth occurs during the night at an 
optimal temperature of 17-18®C. During the day 
the optimal temperature is about 23®C which coin- 
cides with the iMgher optimum of photosynthesis. 

This explanation, however, accounts for only 
part of the daily thermoperiodicity. In most pjants 
it seems that the autonomous 24-hour cycle is of 
paramount importance for normal development. If 
the internal cycle does not coincide with the period 
of the external cycle, or if there is no external cy- 
cle to synchronize the cyclic processes inside the 
plant, development slows down or becomes abnor- 
mal. Thus the daily temperature cycle and the 
light-dark cycle tend to steer development into 
normal channels. See Plant physiology. 

[f. w. went] 
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l,rowth responses of various plant organs to the 
ulanr growth hormone, indoleacetic acid. (Adapted 
irom K V Thimann, 1037) 

mime at id is extraordinarily sensitive to radiation 
d image Radiation of plants with either neutrons or 
loni/ing radiation, such as x-rays, causes blockage 
if the honnone-synthesi/ing activity in the plant, 
IS pointed out by S A. Gordon in 1956. 

Onie the growth hormone is formed, it moves 
about through the plant with considerable speed 
I about 1 cm/hour), and this movement has the 
mnarkable quality of being polar; that is, the hor- 
mone move-* from apex to base. The main sites of 
‘^^nlllesls of the hormone are the tips of stems, the 
\oiiMg expanding leaves, and other rapidly growing 
oigans such as flowers, fruits, and root tips The 
luomone formed in these sites then move*- toward 
till base of the plant in a polar manner, and in do- 
‘'O It appaiently imposes many polar effects in 
pi ml development. For example, the polar move- 
ment of hormone from stem tips contributes to the 
inhibition of lateral buds and branches, holding 
dn rn in a nongrowing condition near the top of the 
plant and exerting lessening inhibitions as the 
distant e from the tip increases. As another exam- 
ple, the hormone formed at the tip of stems in- 
fluences the angle and the rate of growth of lateral 
tiranrhes, thus the more auxin there is streaming 
from the stem tip, the more nearly horizontal will 
the angle of the lower branches and the less 
^3pid the growth of the lower branches. As yet 
another example, the hormone causes the differen- 
tiation of roots when it accumulates in rather large 
amounts, so that when a stem is wounded or cut off, 
•titerrupting the polar movement of auxin, roots 
form at the site of interruption. 

There must be a way for the plant to dispose of 
tfle growth hormone, and in fact there are two 
Pathways known at present by which the hor- 
can be destroyed or converted to another 
Product. Destruction of the hormone can occur by 
This can come about through the action 
^ h^t as an oxidant, or ’^rOugh the action of 
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ionizing radiation, or by the actions of oxidative 
enzymes. The best-known enzyme which oxidizes 
indoleacetic acid is peroxidase. Many researchers 
believe that the bulk of the hormone in plants is 
disposed of through the action of this enzyme. 
Plants growing in the dark are abnormally elon- 
gated in part because the absence of light results in 
less auxin oxidation than in normally lighted 
plants. The second pathway of growth hormone 
removal from the plant may be through the forma- 
tion of addition products. These include the gly- 
co^side of indoleacetic acid and peptides, especially 
indoleacetyl aspartate. 

Action of growth hormone. When the growth 
hormone was first discovered, it was thought that it 
promoted the growth of stems and leaves and in- 
hibited the growth of roots. This was deduced from 
expel iments in which these various plant parts 
were soaked in auxin solutions. However, it was 
later found that auxin may either promote or in- 
hibit growth of any given plant organ, some organs 
being more sensitive than others. This differential 
sensitivity can be described in the manner shown in 
the illustration Roots, buds, and leaves are all 
shown to increase in growth with increasing auxin 
concentration, but the optimum for each organ is 
different. Thus an auxin concentration which pro- 
motes the growth of stems can inhibit the growth of 
buds or roots. By this concept, the same hormone 
system may stimulate some growth functions in the 
plant and inhibit others at the same time and even 
at the same place in the plant. 

In addition to the control over growth exerted by 
the growth hormone there are two major effects of 
the hoimone on plants. The hormone plays a basic 
roi in the differentiation of tissues and organs. For 
example, it appears to play a major role in the 
differentiation of xylem the principal water-con- 
ducting system of plants The rates of xylem devel- 
opment have been closely correlated with the 
amounts of auxin moving through stems and young 
developing leaves The stimulation of root differen- 
tiation is the best-known effect of the growth hor- 
mone on organ development. 

Among the most striking effects of the growth 
hormone arc the correlation effects. These are 
legulatory actions exerted by one plant part on 
another. An example is the suppression of growth 
of lateral buds by the terminal growing point of 
a stem, or the regulation of the branch angle or 
lateral growth rate. These effects collectively are 
called apical dominance, and the auxin produced 
by the growing point and associated tissues plays 
an intimatq part in this correlation effect. Another 
is the regulation of abscission of leaves, flowers, or 
fruits ; in this case, the auxin produced by the leaf 
blade or by the flower and fruit deters the devel- 
opment of a separation layer. Still another cor- 
relation effect is the formation of roots at the ba$al 
end of cuttings; in this case^ the auxin produeed 
in the stem or its buds stimulates the differan* 
tiation of roots at the basal end of Guttings whina 
the polar translocation of the auxin has been inter- 
rupted. The emrrdiation effects of &e plant igro^h 
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hormbne are classic examples of chemical means 
by which separate plant parts can regulate and 
be regulated in their growth and differentiation 
activities; such regulatory actions between cells 
are an essential ingredient for the development of 
multicellular organisms. 

The mechanism of action of the growth hormone 
is an exciting area which is now receiving careful 
attention from plant biochemists. Several theories 
have been proposed to explain the action, but each 
has been made doubtful by further examination 
and experiment. Tests of various synthetic chemi- 
cals for 'auxin activity have permitted some gener- 
alizations about what the molecule must be like 
to be active in stimulating growth as an auxin. 
Almost all the compounds having this activity con- 
tain an aromatic nucleus and an acid side chain in 
a particular spatial configuration. Some synthetic 
compounds which are widely used as auxins include 
2,4-D and related chlorinated acids, naphthalene- 
acetic acid, naphthoxyacetic acid, and 2,3,6-tri- 
chlorobenzoic acid. Formulas for some common 
synthetic auxins are given here. The manner in 


j^^CHjCOOH 

2,4-D (2,4-dichloro- 
phenoxyacetic acid) 


CH 2 COOH 



Naphthaleneacetic 

acid 



"^OCHjCOOH 



Naphthoxyacetic acid 2,3,6-Trichloro- 

benzoic acid 


which these various auxins can control the growth 
of plants is not clear, but the bulk of the evidence 
has at least established that the site of action is at 
the cell wall. In some manner the auxins cause a 
loosening and elasticizing of the cell wall, and 
through a stretching process, cell growth then lakes 
place with associated deposition of new cell wall 
materials. The action is a metabolic one, and results 
in marked stimulation of the metabolic rate as 
growth is increased. 

Uses. Agriculturally the auxins have found nu- 
merous uses and have led to the beginnings of 
chemical control of crop growth. The largest use 
of the. auxins has been in the area of herbicides. 
These chemicals cause death of plants at extremely 
low rates of application, and also are highly selec- 
tive. In general, they are more lethal against the 
broad-leaved plants than against the grasses, Vith 
the result that they are most useful in killing broad- 
leaved weeds in fields of small grains and corn. The 
most common auxin herbicides are 2,4-D, 2,4,5-T 
(2,4,5-trichlorophenoxyacetic acid), and the tri- 
chlorinated benxoic acids. In 1952, 60,000,000 Ib 
of 2,4-D was produced in the United States alone. 
See HfcRBicmE. 

The actions of auxins on tissue differentiation 


permit three other agricultural uses: the rocking 
cuttings, the control of fruit abscission or drop, anti 
the induction of flowering. Rooting can be greatly 
stimulated in plant cuttings by dipping the basal 
ends into either a solution or a dry powder of 
auxin (see Stem cuttings). Indolebutyric and 
naphthaleneacetic acids are the commonest auxins 
for this use. The premature drop of apples and some 
other fruits can be prevented by the application of 
auxins. Weak solutions of 2,4,5-trichlorophenoxy. 
propionic acid are sprayed onto the trees several 
weeks before the fruit might start to drop, and the 
drop is not only alleviated but the color of the 
apple fruits is considerably increased. The initia- 
tion of flowering can be triggered in the pineapple 
with the application of naphthd^neacetic acid, a 
fact which has been highly useful in the cominer- 
cial production of these fruits, simplifying the 
harvest schedules enormously. Few other species 
of plants have been found to share this flowering 
response to auxins. 

Among other growth functions which the plant 
growth hormone may regulate are the processes of 
fertilization and the commencement of fruit growth, 
or fruit set. When pollen germinates on a flower 
ovary, a surge of growth hormone production re- 
sults, which starts the growth of the fruit from the 
ovary. In some species of plants, the pollen can he 
substituted for by the application of synthetic 
auxins. This chemical setting of fruit, which result" 
in a seedless fruit, has found commercial appliia 
tion in the culture of tomatoes and figs. 

Flowering hormdhe. The seasonal flowering ot 
many plants has been found to be controlled by the 
length of day in the varying seasons. From this 
discovery of photoperiodism, it has been found that 
the stimulus to flower in response to changes in da\ 
length originates principally in the leaves of 
plants. Thus the stimulus must move from the leave" 
to the growing point where flower buds will be 
differentiated. This stimulus, then, can be con- 
sidered as a flowering hormone, although it ha'^ 
not been separated from intact plants. See Photo- 
periodism IN PLANTS. 

Various research workers have grafted together 
plants which have different day-length requirements 
for flowering, and found that when a flowering plattt 
is grafted to a nonflowrering plant in various com- 
binations. the flowering stimulus can move over to 
the nonflowering member of the pair and make it 
flower. It is deduced that the same flowering hor- 
mone is involved in the plants of the various photo- 
periodic classes. The stimulus can apparently cross 
between plants only when there is a living con- 
nection between them, and there has been essen- 
tially no success in extraction or diffusion of « 
flowering hormone out of plants. The flowering 
hormone is not the same as the growth hormone, be- 
cause it can move in any direction in living tissues, 
and the growth hormone moves in a polar bass 
direction. See Grafting of plants. 

Other growth regulators. One of the most dWj 
matic discoveries in plant, chemistry was n 
the gibberellins. These compounds were 



r Japanese scientists from rice plants infected 
)th a disease which causes abnormally extensive 
-owth. The fungus which causes the growth re- 
lonsc, Gihberrella fujikuroi, was found to pro- 
jcc a chemical responsible for the great growth 
hich has been purified and identified and named 
bberellin (^ce Gibberellin ) . There are several 
(jbcly related chemicals which occur naturally in 
ants and fungi, and these have profound influ- 
in the normal growth and development of 
ants. They are specifically involved in the bolting 
shooting up of flower stalks of plants such as 
iindch, tobacco, and cabbage, and they may be 
.ed commercially in causing the bolting and 
mering of such species. It is beginning to be 
ali/ed that the gibberellins are intimately in- 
ihed in the flowering stimulus of these species, 
though they are not specifically the flowering 
)rmone. The gibberellins are also effective in 
lilt ‘^et, and are thought to work in conjunction 
ilhthe giowth hormone in this physiological step, 
hfv are best known in the popular sense for the 
amatic effects they have when sprayed onto plants, 
r they cause very large increases in plant height. 
)r example, application to a ( ahbage plant can 
lusp it to grow to a height of more than 10 ft 
he pihlieiellins are also able to break the doi- 
irK> of many buds and seeds 
Another kind of growth regulatoi which is in- 
)l\ed in the plant hormone systems is the kinin, 
fell division factor. Several synthetic chemicals 
i\e been found which stimulate cell division 
I plants. Many of these are purines related to 
lenine Se\eral materials showing this type of 
have been isolated from tissues in which 
ijiindant cell division is taking place, such as in 
le gtrminaling coconut or enlarging young fruits 
hesp chemicals act in conjunction with the growth 
jrmone, resulting in growth by cell division in- 
('ad of the usual cell enlargement response to the 
ruwth hormone. No commercial applications of 
kinins have yet been developed. 

Plant growth inhibitors are receiving increasing 
ftention as growth regulators in plants, and have 
J'f’ng interactions with the plant growth hormone, 
lihough it is not clear yet whether they may be 
ormones themselves. Many growth inhibitors have 
cen found in plants, including various lactones 
Jch as coumarin and scopoletin, various phenols 
as chlorogenic acid and naringenin, and vari- 
u*' aromatic acids such as salicylic acid (the essen- 
part of aspirin ) . The plant growth inhibitors 
responsible for many types of dormancy in 
lanta, and their actions are closely interwoven with 
growth hormone and the gibberellins. See Agri- 
science (plant); Auxin; Plant 
aowTH; Plant metabolism; Plant physi- 
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Plant keys 

Botanists have used analytical keys in the identify- 
ing of plants for many years. The basic principle 
of such a key is the finding of contrasting charac- 
ters and the use of these to subdivide the group be- 
ing studied into two or more branches. For exam- 
ple, in a collection of plants, one has compound 
leaves in contrast to the others having simple 
leaves. On this basis, the plants are separated, and 
the one with compound leaves is eliminated from 
the range of possibilities inherent in the other 
plants; thus the problem of identification is nar- 
rowed. The key may state that some plants are 
hairy and some glabrous, that some have yellow 
flowers and others white. By careful examination 
of the plant, by contrasting enough characters, and 
by eliminating enough members of the group, the 
number of possibilities is finally reduced to one, the 
name of the plant being identified. If the plant be- 
ing studied differs in one or more characteristics 
from all other known plants, it is possible that a 
new plant has been found. 

Several different types of keys have been devised. 
A much used type is the indented key, in which the 
descriptions of each character are incieasingly in- 
dented d given distance from the left-hand margin 
of the page The lines become more and more in- 
dented as the key is extended to include a larger 



Fig. 1. Diagram of a complete flower. 
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Fig. 2. Floral cllogrdm of the flower thown In Fig. 1. 
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lamber of categories. For an example of an in- 
jenicd key sec Table 1. An example of a parallel 
ieyis given in Table 2. 

In the parallel key two or more contrasting char- 
irters appear in consecutive lines on the page so 
liatthe> can be easily compared. 

When concerned with relatively small groups, in 
icneral, indented keys are preferable. When con- 
•erned ivith larger groups, parallel keys are more 
atisfactory. 


Fable 1. Example of an Indented key (genus Cardamlne) 

I Leaves pmnately divided 

b leaves nearly all basal C hiriuia 

b Stem leafy to the inflorescence 
e lateral leaflets oblong; plants 
of wet grounds 
d Leaflets of lower leaves 


rounded and stalked, petals 


1-1 5 cm long 

d Leaflois with bases decur- 
rent along the rachis, petals 

C praienau 

1 5-4 mm long 

c lateral leaflets linear, plants 

C pennaylvanica 

iiHually of dry grounds 

I (lives entire or toothed, not pin- 
nalely divided 

C arenuola 

b Mowers purple 

6 Flowers white 
f Stem erect from a tuberous 

C douglasa ti 

base 

C bulboaa 

e Stem decumbent, stoloniferous 

C rotundifolia 


able 2. Example of a portion of a parallel key 
classes and families) 


Mostly herbaceous plants with vascular bundles scat- 
through the pith Leaves with closed venation, 
mostly parallel-veined, rarely net- veined Parts of flow- 
ers usually in 3s or 68, never in Ss Herbs except in the 
tfenus Smilax (2) 

Herbaceous and woody plants with the vascular bun- 
dles usually arranged in a ring about the pith Leaves 
net veined, with open venation Flower parts usually 
in 48 or 5s (8) 


2. MONOCOTYLEDONS 
2 Flowers with or without perianth, 
on a thick, fleshy spadix Leaves 
petioled and net- veined 
2 Flowers with a perianth, not home 
on a spadix (3) 

Fenanth parts dry and scalelike or 
chaffy 

Fenanth parts herbaceous or colored; 
neither scalelike nor chaffy (4) 

^ F<‘rianth free from the ovary 
4 Penanth more or less adherent to 
the ovary (5) 

lowers irregular; stamena 1-2, 
KYnandrous 

l^owers regular except in Iris: stamens 

^ Flowers imperfect, planta dioe^ 
Clous, olimUng; leaves net-veined, 
ovate 

I Rowers perfect (7) 
stamens 6, p^ianth parts imbricated 
the bud 

tamena 3, perianth parts convolute 
^ the bud 


Axaceae 

Junoaoeae 

Liliaceae 

Orchidaceae 

Diosooreaoeae 

Amaryllidaoeae 

Iridaoeae 


Phnit k«y$ MS 

Diagrams, symbols, and formulas may be in- 
cluded in keys. These, in a sense, are botanical 
shorthand, in which many features of a plant may 
be represented in detail in limited space. 

Floral diagram. The floral diagram is essentially 
a graphic diagram of a cross section of a flower 
(Fig. 1), and may be represented as shown in Fig. 
2. It will be noted that there are four (sometimes 
more, or less) sets of floral parts, arranged in 
whorls, one within another. 

Floral symbols. These may be used to represent 
various features of a flower. Thus CA might repre- 
sent the calyx (composed of sepals) , CO the corolla 
(composed of petals), S the stamens, and P the 
pistil (composed of carpels). Small figures, written 
as exponents, may be used to indicate the number 
of parts, as CA^. Many other features can be indi- 
cated by additional symbols. 

Floral formulas. Combinations of floral symbols 
make up floral formulas. Thus the structure of a 
flower might be represented by the following for- 
mula: 


CA» C0» S« P® 

This formula signifies that the calyx is composed 
of 3 sepals, the corolla of 3 petals; that there are 
6 stamens, and that the pistil is made up of 3 car- 
pels, united, as indicated by the circle about the 3. 
The line beneath the P indicates that the pistil is 
superior. 

Floral charts. A floral chart may serve both as a 
key to families or orders and as a graphic repre- 
sentation of relationships. When concerned with 
relatively small groups (having few families), floral 
charts, like keys, are easier to make and to use. 
The floral chart presented in Fig. 3, arranged es- 
sentially according to the system of Charles E. Bes- 
sey, is not complete for the entire United States, 
but it includes most of the large and important 
families and illustrates the general nature of all 
similar charts. The left branch represents the mon- 
ocotyledons, and the center and right branches the 
dicotyledons. The irregular, broken cross lines show 
that certain similar evolutionary tendencies have 
occurred in diflerent groups of higher plants. For 
example, all families below a certain line have reg- 
ular corollas (actinomorphy), whereas those above 
this line have irregular corollas (zygomorphy). All 
families below another line have carpels distinct 
(apocarpy), whereas all above it have them united 
(syncarpy). By noting that these lines cross the 
several branches of the phylogenetic system, it is 
seen that the same evolutionary changes (irregu- 
larity of flowers, union of carpels, unisexuality) 
took place 'repeatedly in different phylogenetic 
lines and at different times, as distinct and inde- 
pendent processes. Notes in the lower right comer 
record important exceptions, but occasional species 
showing deviations from the rules occur in many 
other families. 

See Plant classification; Plant kincdoNi; 
Plant taxonomy. [e.lx4 
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Pianf kingflom 

The world-wide array of plant life. It includes 
plants that have roots in die soil, that live on or 
within other plants and animals, that float on or 
swim about in water, and that are carried on dust 
particles in the air. There is great variation in body 
form and size, ranging from microscopic one-celled 
organisms such as bacteria and certain algae to the 
giant redwood trees of California, some of which 
exceed 300 ft in height and 30 ft in diameter and 
are oyer 3200 years of age. Growth habits and life 
histories also differ greatly. More than 350,000 
living species of plants have been described. New 
discoveries add hundreds of new species each year. 

This large number of forms necessitates some 
method of systematic plant classification so that 
plant scientists and others may handle effectively 
this great variety of organisms. A fairly complete 

Plant kingdom 

Subkiugdom; Thallophyta 
Diviaion: Algae 

Phylum; Cyanophyta 
Phylum: Euglenophyta 
Phylum: Chlorophyta 
Phylum: Chrysophyta 
Phylum: Pyrrophyta 
Phylum: Phaeophyta 
Phylum: Rhodophyla 
Division: Fungi 

Phylum; Schizomycophyta 
Phylum: Myxomycophyla 
Phylum: Eumycophyta 
Subkingdom: Embryophyta 

Phylum: Bryophyta (Atrachoata) 

Class: Musci 
Class. Hepalicae 
Class: Anthocerotae 
Phylum: Tracheophyiti 
Subphylum: Psilopsida 
Class: Psilophytineae 

Order: Psilophytalest 
Order: Psilotales 
Subphylum: Lycopsida 
Class: Lycopodineae 

Order: Lycopodiales 
Order: Selaginellales 
Order: Lepidod end rules t 
Order: Pleuromeialesf 
Order: Isoetales 
Subphylum: Sphenopsida 
Class: Equisetineae 

Order: Hyenialest 
Order: Sphcnophyllalest 
Order: Equisetales 
Subphylum: Pteropsida 
Class: Filicineae 

Order: Coenopteridales 
Order: Ophioglossales 
Order: Marattiales 
Order: Filicales 
Class: Gymnospermae 
Subclass: Cycadophylae 
Order: Cycadofilicalest 
Order: Bennettitalest 
Order: Cycadales 
Subclass; Coniferophytae 
Order: Cordaitalest 
Order: Ginkgoales 
Order: Coniferales 
Order: Gnetales 

t Known only as fosaik; no living representatives. 


classification of the white oak, for examnle to 
read as follows: ' 

Phylum Tracheophyta 
Subphylum Pteropsida 
Class Angiospermae 

Subclass Dicotyledoneae 
Order Fagales 
Family Fagaceae 
Genus Quercus 
Species cUba 

Scientific name, Quercus alba; common name 
white oak 

A modern system of classification of the entire 
plant kingdom is shown in outline form in the ac- 
companying table. ^ 

Articles on all the listed plant groups appear 
under their specific names. See Plant classifiu- 
TioN ; Paleobotany. [p.d.s.] 

Subphylum: Pteropsida (Cout.) 

Class: Angiospermae 

Subclass: Monocotyledoneae 
Order: Pandanales 
Order; Helobiales 
Order: Triuridales 
Order: Graminalos 
Order: Palmales 
Order: SynanthaJes 
Order: Arales 
Order: Farinales 
Order: Li Hales 
Order: Scitaminales 
Orc^: Orchidales 
Subclass: Dicotyledoneae 
Group: Archichlamydeae 
Order: Casuarinales 
Order: Piperales 
Order: Salicalos 
Order; Myricales 
Order: Balanopsidales 
Order: Leitneriales 
Order: Juglandales 
Order: Fagales 
Order: Urticales 
Order: Proteales 
Order: Santalales 
Order: Aristolochiales 
Order; Polygons lea 
Order: Centrospermales 
Order: Ranales 
Order: Papaverales 
Order: Sarraceniales 
Order: Rosales 
Order: Geraniales 
Order: Sapindales 
Order: Rhamnales 
Order: Malvales 
Order: Parietales 
Order: Opuntiales 
Order: Myrtales 
Order: Umbellales 
Group: Metachlamydeae 
Order: Ericales 
Order: Primulales 
Order: Ebenaies 
Order: GenUanales 
Order: Tubiflorales 
Order: Plantaginales 
OittSr: Rubiales 
Order: Campanulales 
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plant metabolism 

7jie entire complex of interrelated chemical reac- 
nons characteristic of living plants constitutes 
plant metabolism. Knowledge of plant metabolism 
ha" progressed through the following stages: 
ill the chemical identification of the major con- 
.iitiients of plants and the early recognition of 
the processes of respiration and photosynthesis; 
(2) the discovery of enzymes and of the prominent 
cn/vnie-catalyzed reactions and reaction sequences; 
jnd (3) the problem of finding the function of the 
observed compounds, enzymes, and reactions and 
the means by which they are controlled to provide 
(hat orderly ongoing series of events characteristic 
of living organisms. None of these stages of dis- 
( 0 \erv IS complete. New plant constituents are re- 
ported each year. For each new compound, there 
exists the problem of determining its mode of syn- 
thesis and the function it serves, Eac h enzymatic 
ddivitv found in extracts of colls must be related 
to the metabolism of the whole organism The 
elaboration of one means of metabolic control 
emphasizes by contiast tbe inadecpiale understand- 
ing of others This fragmentary knowledge none- 
theless does permit the const no Mon <»f an orderly 
on( cpf of metabolism 

It IS tun\enient to consider that all tbe leactions 
in Ii\ing cells fall into three (ategoiies: (1) those 
whiili provide cell-htuff, (2) those whi< h provide 
niergv and (3) those whi< h have no known func- 
tion In green plants the process of photosynthesis 
supplies from carbon dioxide and water the simple 
'oiTipounds from which fats, carbohydrates, pro- 
teins mic'leic acid, and other cell substances are 
Synthesized (see Phoiosyn i hfsis) , Nongreen 
plants require an outside source of organic car- 
In both cases the metabolic pattern for the 
sMithesis of eell-stuflF is the same. By many series 
"f eiti^ymatically catalyzed reactions, a fraction of 
the simpler organic compounds is converted into 
'ell substance at the expense of energy produc^ed 
the oxidation of the remainder. Because energy 
I" required for the synthesis of each of the major 
'on-stituents of living cells, an important phase of 
^he >tudy of metabolism is a consideration of the 
n*-ocpsses and reactions by which this energy is 
niade available. Because there is no recognized 
function for several classes of substances, such as 
alkaloids, terpenes, tannins, and anthocyanins, 
'^kich occur in plants, it is impossible to ascribe 
metabolic function to the reactions which pro- 
these compounds. See Biological oxidation. 
It has been estimated that there may be several 
thousand reactions occurring in a living cell. Each 
these reactions is catalyzed by a specific enzyme, 
® protein molecule with highly specific catalytic 
properties. Until 1958 only about 650 enzymes 
been studied. Since there are no doubt many 
^ore, it is obvious that it is not possible to con- 
^truct a complete picture of metabolism. An or- 
concept of metabolism is possible as a result 
^ fte discoveries (1) that the complex cnergy- 


HoiH iMtabolIsm 

yielding degradations of metabolites and the syn- 
theses of new substances proceed by interdepend- 
ent series of rather simple chemical changes, and 
(2) that the many enzymes catalyzing the meta- 
bolic reactions are not scattered at random thro'agh- 
out the cell hut are oriented in the structure of the 
cell in a way that facilitates their serial action on 
metabolite molecules (see Enzyml; Protein). The 
metabolic functions associated with the structures 
of a green plant cell are listed below. 

Cell part Metabolic functions 

Chloropldsts Photosynthesis : photol- 

ysis of water; photo- 
synthetic phosphoryl- 
ation ; fixation of 
carbon dioxide; syn- 
thesis of carbohy- 
drates 

Mitochondria Oxidation of various me- 

tabolites ; transfer of 
electrons to oxygen; 
oxidative phosphoryl- 
ation ; synthesis of 
proteins 

Nucleus Synthesis of nucleic ac- 

ids; synthesis of pro- 
teins 

Endoplasmic retifulum ) Synthesis of proteins; 
Rilionucleoprotein par- ? synthesis of nucleic ac- 
ticles J id" 

Many, perhaps most, of the reactions occurring 
in plant cells also occur in animal cells and bac- 
terial cells. There is a striking unity in the proc- 
esses hv which various cells obtain and utilize en- 
ergy and in the piocesses by which the major cell 
substances are synthesized. Indeed, much of the 
knowledge of plant metabolism has resulted from 
studies whi( h simply confirmed the existence of 
metabolic pathways already known for animals or 
microorganisms. Even a superficial consideration 
of different organisms suggests that there must also 
be a uniqueness in the metabolism of each organ- 
ism. See Cell (biological ) . 

ENERGY METABOLISM 

Whatever its other characteristics, life certainly 
requires energy. The main business of a cell is to 
obtain this energy and to use it in self-maintenance 
and in self-duplication. A living cell uses energy 
in performing (1) chemical syntheses, (2) osmotic 
work, (3) mechanical work, (4) electrical work, 
(5) light production, and (6) heat production. In 
the cells oi higher plants most of this energy is 
produced by the aerobic process called oxidative 
phosphorylation. This process consists of a multi- 
phase enzymatic transfer of elect]H>ns from reduced 
cofactors through a series of cytochromes to oxy- 
gen and the concomitant conservation of chemical 
energy in a metaatable phosphate compound. 
Reduced diphosphopyridine nucleotide (DPM) 
and flavin adenine dinucl^tide (FAD) (Fig. 1) 
serve as donors of electrons to tbe cytochrome 
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3 Electron transport and oxidative phosphorylation. 


H^siem The tell components involved in this elec- 
tron transfer system as well as those required for 
thf sirnulldiieous phosphorylation are all localized 
1 the mito( hondria of the cell. The phosphoryla- 
tim which occurs during electron transport to oxy- 
npn IS the uptake of inorganic phosphate and the 
hrmalion of one additional pyrophosphate bond 
hp 2) on adenosinediphosphate (ADP) to form 
adpnosinetriphosphate (ATP) The scheme of 
known reactions in electron transport and oxida- 
tive phosphoiylation is shown in Fig. 3. 

The discovery of this important means of synthe- 
of A rP IS of significance because ATP is the 
inimediate source of the chemical energy required 
) perform the work functions listed above. Cleav- 
age of either of the pyrophosphate bonds in ATP 
re'ults in the release of about 8000 cal/mole. The 
nizvinatK apparatus of living cells allows them to 
leave these bonds in a way that makes this energy 
available for energy-requiring syntheses and for 
'tlier kinds of work. 

The production of reduced pyridine and flavin 
'^'leleotides also occurs primarily in the mitochon- 
, ^na 1)^ a series of dehydrogenation reactions in 
I "huh these enzyme cofactors are i educed during 
‘h** oxidation of pyruvic acid to carbon dioxide and 
afetu acid, and the further oxidation of acetic 
to carbon dioxide and water through a cyclic 
, ''^‘npv oi reactions, the citric acid cycle (Fig. 4). 

I he first step in this series of oxidative reactions 
1 oxidative decarboxylation of pyruvate. 

f'HiCOCOOH + DPN+ + CoA -b 

O 

X 

CH,C— CoA + DPNH + CO 2 

«rr* '^***'**yroe A (CkbA) then conaenses with 
to form citrate and free coenzyme A, 
again in the formation of an- 
^ of acetyl coenzyme A from pyru- 

. ^ The reduced cofactor (DPNH) is reoxidized 
of electrons through the cytochrome 
ihe the standpoint of energy metabolism, 

**I>o of the citric acid cycle is based 

P*'^w<5tion of reduced pyridine nucleo- 
on reoxtdation, supply the energy lor 


formation of adenosinetriphosphate. A small frac- 
tion of the energy required by plant cells is pro- 
vided by anaerobic processes as discussed under 
carbohydrates 

The metabolism of different cell substances is 
interrelated and interdependent in many ways. For 
example, the cofactors required by the citric acid 
cycle enzymes are also required in other oxidation- 
reduction reactions, such as the synthesis and deg- 
radation of fatty acids and of carbohydrates. There- 
fore, there is an interdependence of the reactions 
catalyzed by these enzymes. In addition a particu- 
lar compound may be an intermediate in the me- 
tabolism of several different substances. Acetate, as 
acetyl coenzyme A, is produced from pyruvate and 
from the oxidation of fatty acids and is, in turn, a 
precursor of fatty acids, certain organic acids, and 
isoprenoid compounds. Furthermore, because ade- 
nosinetriphosphate is the immediate source of en- 
ergv for most energy-requiring processes, the rela- 
tive rates of these processes will be a function of 
the level of adenosinetriphosphate. The rate of 
production of adenosinetriphosphate by oxidative 
phosphorylation is partly a function of the concen- 
tration levels of adenosinediphosphate and inor- 
ganic phosphate end products in the utilization of 
adenosinetriphosphate. TTiese interrelationships of 
the different reactions in metabolism, although in- 
completely understood, undoubtedly constitute a 
system of automatic controls that permit cellular 
metabolism to proceed smoothly. See Adenosine- 
diphosphate (ADP) ; Adenosinetriphosphate 
(ATP) ; Metabolism. 

CARBOHYDRATE METABOU8M 

The synthesis of carbohydrates from carbon di- 
oxide and water by the process of photosynthesis 
is one of thc^ main features of carbohydrate me^ 
tabolism of green plants. These carbohydrates then 
provide the carbon skeletons for all the other cell 
substances. Although phosphorylated derivatives of 
glyceraldehyde, erythrosC, xylulose^ ribose, ribu'^ 
lose, fructose, and sedoheptulose are involved in 
the cyclic process of carbon dioxide fixation in 
photosynthesis, much of the cftrbon fixed is trans* 
formed into fructose, glucose* sucrose^ and stardb^ 
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Fig 5. Formation of carbohydrates from glyceraldehyde-3-phosphate in plants. 
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significant quantities of glucose may be metabo- 
lized or transformed by another route, the pentose 
plio‘tphate pathway. In this pathway, gluco.se-6- 
phosphate is oxidized to 6-phosphogluconic acid 
whirh then undergoes oxidative decarboxylation to 
ffirm i‘ibulosc-5- phosphate. The further transforma- 
tions of ribulose-5-phosphate are shown in the dia- 
gram (Fig. 7). Enzymes catalyzing these trans^ 
formations have been obtained from plant tis.sue 
extracts. Evidence that these enzymes function in 
VIVO is provided by the fact that all of the com- 
pounds shown here are normal plant constituents 
and that C' '‘-labeled intermediates of the pentose 
phosphate cycle are quickly converted into other 
compounds in living tissues. In very young plant 
ti’^sues the Embden-Meyerhof-Parnas pathway ap- 
P«‘ar8 to be the only operative mechanism for the 
•dissimilation of glucose. In older tissues there is 
increasing development of the pentose phos- 
phate pathway. See Carbohydrate metabolism. 

Starch. This most abundant reserve carbohy- 
draie of the plant kingdom is formed reversibly by 
^h^" action of the enzyme starch phosphorylase on 
glucose- 1-phosphate 

Glucose- 1-phosphate Starch + n Phosphate 

The formation of the linear polymer of starch, 
®niylo8e, requires the phosphorylase enzynw which 
specific for the formation of a-l,4-glyco8idic link- 
®ge8 (Fig. 8). The branched polymer, amylopectin, 
by the action of a branching enzyme 
enzyme) which transfers short chains of the 
*near polymer to the 6-hydroxyl position of the 
^lycosyl residues of an amylase (or amylopectin) 

. In addition to being degraded by starch 
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phosphorylase, starch is hydrolyzed to maltose by 
the combined action of a- and ^-amylases. The 
a-amylases are specific for the hydrolysis of the 
l,4-glyco8idic linkages in the interior portions of 
the starch molecules and consequently rapidly 
lower the viscosity of a starch suspension, produc- 
ing dextrins as end products. The )3-amylase at- 
tacks starch molecules at the nonreducing ends, 
cleaving off maltose units one at a time. In seeds 
which contain a high percentage of starch, there is 
a severalfold increase in amylase activities during 
germination. See Starch. 

SucrOM. In higher plants sucrose synthesis oc- 
curs by the following reactions : 

Uridinediphosphoglucose + Fructose ^ Sucrose 

-f Uridinediphosphate 

Uridinediphosphoglucose + Fructose- 1-phosphjite 
^ Sucrose- 1-phosphate + Uridinediphosphate 
Sucrose-l-phoaphate— > Sucrose + Phosphate 
Uridinediphosphoglucose is formed by the follow- 
ing reactions; 

Uridinediphosphate -h Adenosinetriphosphate 
7± Uridinetriphospliate + Adenosinediphosphate 
Uridinntrifdiosphate 4- Glucose-l-phosphate 

Uridiii^iphos|dioglucose + Pyrophosphate 


The conversion of sucrose to glucose and fructose 
is by a hydrolytic cleavage catalyzed by the enzyme 
sucrase. See Sucrose. 

Pentoses and pentosans. Ribulose-5-phosphate 
and xylulose-S-phosphate occur as intermediates in 
the photosynthetic cycle, whereas ribulose-S- phos- 
phate and ribose-S-phosphate are intermediates in 
the pentose phosphate cycle. Ribose and xylulose 
can arise by the hydrolysis of their phosphate 
esters. Xylulose is isomerized to xylose, which 
further transforms into arabinose through the in- 
termediate formation of uridine diphosphoxylose 
and uridine diphosphoarabinose. However, there is 
no evidence that these free pentoses can serve as 
precursors for the formation of pentosans. Isotopic- 
labeling experiments indicate that the pentose 
residues of pentosans arise from bexoscs by loss 
of carbon atom 6 . See Carbohydrate. , , 

Cellulose. It appears that cellulose is synthesit^ 
by one or both of the following reactions: 

Uridinediphosphoglucose + ( Glucose )n 

(Glucose) n*i + Uridinedipbospbate 
n Glucose-l-phosphate Cellulose + n Pbospb® 

Enzymes that hydrolyze cellulose/ known 
lases, occur primarily in microorganisms 
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responsible for the rapid decay and solubilization 
of dead plant residues. See Cellulose. 

Pectin. The galacturonic acid residues of the 
pectic compounds appear to arise directly from the 
glucose skeleton by oxidation of carbon atom 6, 
and inversion of the configuration of carbon 
atom 4. The methyl ester group comes from 
'oeihionine by transmethylation. Enzymes bringing 
about the degradation of pectic compounds are of 
two kinds. One, pectin methyl esterase, causes the 
b>drolysi8 of the ester linkages to yield pectic 
acid and methanol. The other, pectin depolymerase, 
cleaves the polymer to galacturonic acid and di- 
galacturonic acid. These enzymes occur widely in 
plant tissues and in microorganisms (see Micro- 
bjology). Noteworthy is their importance in the 
^tpening of fruit where the characteristic progres- 
sive decrease in firmness is the result of degrada- 
jjnn of the pectin compounds in the cell structures. 
Fruit (botany) ; Pectin. 

Ascorbic acid* lliis substance is closely related 

the carbohydrates and is of nearly universal oc- 
JuiTcncc in plants but as yet has no clearly estab- 
iahed function. Its biosynthesis is as shown in 
'‘a 9. See Ascorbic acid. 


ORGANIC ACIDS 

By virtue of their wide distribution in relatively 
large quantities in the plant kingdom, several 
aliphatic acids are referred to collectively as the 
plant acids. These include the acids in the form of 
ions and esters, for example, malate, citrate, isoci- 
trate, tartrate, succinate, oxalate, fumarate, cis- 
aconitate, oxalacetate, a-ketoglutarate, and glyco- 
late. These organic acids and their salts constitute 
buffering systems which undoubtedly are of im- 
portance in controlling the pH (acidity) of the 
cells. Organic acids neutralize the effect of an ex- 
cessive uptake of cations. For example, when po- 
tassium nitrate is taken up by a plant and the 
nitrate reduced to ammonium ion, there is an ex- 
cess of cations in the cell. This is balanced by the 
synthesis of organic acid anions* Thus the orggnic 
acid content of a plant grown on nitrate as a source 
of nitrogen is several times that of a plant grown 
with an ammonium salt as a source of nitrogen. 

FuncHoiia of organle acMi. Several of the plmt 
acids oocar as intermediates in the oxidatic^ of 
acetyl ooenxymo A by the dtrie acid cycle. Becs^ 
many kinds of organisms operate the cibrio Itcid 
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Fig. 9. Biosynthesis of ascorbic acid. 
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cycle without the accumulation of large quantities 
of the intermediates, it must be concluded that the 
accumulations that do occur, such as malate in 
apples and citrate in tomatoes, are incidental to 
the operation of the oxidative cycle. These accumu- 
lations may result from a block at one point in the 
cycle or from excessive cations present. All the 
acids listed above, with the exception of oxalate 
and tartrate, are in dynamic equilibrium with other 
plant constituents; that is, the pools of accumu- 
lated acids are undergoing metabolic turnover. For 
example, a single administration of ^-labeled 
glucose to a tomato results in a rapid labeling of 
the citric acid without any net increase in the total 
citrate present. Then with time the label disappears 
from the citrate with no decrease in total citrate 
present. 

Some of the organic acids which are intermedi- 
ates in the citric acid cycle are also synthesized in 
significant quantities by other pathways. Malate 
synthesis occurs by the following reactions, in 
which P{ represents inorganic orthophosphate: 

Pyruvate -f CO2 -f DPNH ^ Malate -f DPN^ 
Phosphoenolpyruvate -j- CO2 — > Oxalacetate 4 - P< 
Oxalacetate -f DPNH ^ Malate -f DPN+ 

Isocitrate can be formed by a reversal of the 
isocitric dehydrogenase reaction : 

o-Ketoglutarate 4 - CO2 

+ TPNH Isocitrate -f TPN* 

Isocitrate can then give rise to c£i-aconitate and 
citrate. 

Oxalacetate and a-ketoglutarate can be produced 
by the deamination of the amino acids aspartic 
acid and glutamic acid, respectively. 

Tartaric acid and its salts accumulate in large 
quantities in grapes and are found in smaller quan- 
tities in the leaves of many plant species. The rate 
of syntbosis and accumulation of tartrates is slow 
and further motalmlism is extremely slow. The sm- 
medlate j^recursors of tartaric acid are not known. 


It is clear, however, that the closely related maliQ 
acid is not a precursor. Oxalate salts also accumu- 
late in large quantities in some plants througi, 
oxidation of glyoxalate. Oxalate is metabolized fur 
ther to carbon dioxide, formate, or both, at a very 
slow rate by most plant cells. The table gives an 
incomplete but representative listing of the occur- 
rence of various organic acids in plants. 

Acid metabolism of the succulents. In some 

species of plants there is not simply a slow ac- 
cumulation of organic acids but rather a large 
diurnal fluctuation in the total acids present. These 
fluctuations are characteristic of a group of plants 
known as succulents, which are characterized by 
thickened spongy leaves and slfms. Typical suc- 
culents occur in the families Cahtaceae, Begonia- 
reae, Compositae, and Crassulaceae ; the genera 
Bryophyllum and Sedum of the Crassulaceae have 
been most extensively studied. The main features 
of the acid metabolism of succulents are (1) a 
rapid increase (one- to fivefold) in total acidii\ 
at night and an equally rapid decrease in daylight, 
(2) increase in the rate of acid formation brought 
about by low temperatures; (3) same intensity of 
light required to bring about a decrease in total 
acids as that required for photosynthesis; (4) a 
very low respiratory quotient (CO 2 evolved/O^ 
absorbed), less than 0.1, during the first hours of 
darkness; and (5) a concomitant disappearance of 
carbohydrates, particularly starch, as the acids ap 
pear. The low, and sometimes negative, respiratory 
quotient values su^ested to early experimenters 
that carbon dioxide was a reactant in the formation 
of the acids {see Plant respiration). Two kinds 
of evidence confirm this suggestion. First, the rale 
of acidification of succulent leaves in the dark is a 
function of the carbon dioxide concentration over 
the range 0-1%. Second, C'^^-labeled carbon di- 
oxide is incorporated immediately and principally 
into the malic acid formed. By virtue of the earlier 
experiments in which the concentration of acids 
and carbohydrates was measured and of the later 
experiments with C^*-labeled carbon dioxide, 
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iJg, »nd carbohydrate*, the following details of 
netabolism of succulents are established. 
Ifalateis iormed by a carboxylation reaction 

Phosphoenolpy*'"''**® + CO2 -♦ 

L-Malate + Phosphate 

and is participant in the diurnal fluctua- 

ijon of acid content. The phosphoenolpyruvate 
prises primarily from carbohydrates. In the light, 
nialate is converted by way of the hexoses into 
Htarrli. dark, starch is converted by way 

of the hexoses (and pentoses) to phosphoenol pyru- 
vate which is then carboxylated by carbon dioxide 
produced in respiration. Citrate participates to 
come extent in the diurnal fluctuation of acidity. 
It may be formed by a carboxylation reaction 

fl-Ketoglutarate + CO 2 + TPNH — » 

TPN*^ -h Isocitrate 
Isocitrate ^ Citrate 

or by the conversion of malate to citrate. 

Although isocitric acid is a major constituent of 
Mirculent plants, it is not subject to diurnal varia- 
tions in roncentration. It accumulates slowly in the 
Icdves and after the addition of C^^-labeled car- 
bon dioxide, in either light or dark, becomes la- 
beled very slowly, in contrast to malate and citrate. 

LIPID METABOLISM 

The lipids include a group of substances that 
vield fatly acids on hydrolysis. These are the fats 
and oils (triglycerides), in which the fatty acids 
are esierified with glycerol; the waxes, in which 
the fatty acids are esterified with long-chain mono- 
hvdnc alcohols; and the phospholipids, in which 
the tatty acids are esterified with glycerol or with 
other alcohols with which phosphoric acid and 
basic nitrogenous constituents are combined. 
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Lipids 

The constituent fatty acids of the lipids may be 
saturated or unsaturated and may contain 4-26 
carbon atoms. With few exceptions these acids are 
unbranched and contain an even number of carbon 
atoms. The leaf fats contain linolenic, linoleic, and 
oleic acids as principal fatty acids. Fruit fats, 
such as palm, avocado, and olive, contain princi- 
pally palmitic and oleic acids, whereas there is a 
great variation in the fatty acid composition of 
seed fats. The structure of the triglycerides that 
have been characterized suggests that there is com- 
plete randomization in the formation of triglycer- 
ides from fatty acids and glycerol; that is, fats 
and oils consist of mixtures of mixed triglycerides 
rather than of mixtures of pure triglycerides. 

The fatty acids are synthesized by the condensa- 
tion of acetate units (acetyl CoA), followed by re- 
duction. Triglycerides are formed by the condensa- 
tion of two molecules of fatty acid acyl coenzyme A 
with a-glycerophosphate, dephosphorylation of the 
phosphatidic acid formed, followed by the conden- 
sation of a fatty acid acyl CoA with the diglyceride. 
Lecithins are formed by the transfer of the phos- 
phorylcholine moiety from cytidine diphosphocho- 
line to a diglyceride. Cephalins are formed by an 
analogous reaction utilizing cytidine diphospho- 
ethanolamine. 

The degradation of triglycerides occurs by way 
of a lipase-catalyzed hydrolysis to glycerol and 
fatty acids. The fatty acids are converted to acetyl 
CoA as shown in Fig. 10. 

There are two periods in the life cycle of certain 
higher plants when fat metabolism dominates other 
biochemical events. In the oil-bearing species there 
is a brief period during the formation of the seed 
in which the oil content of the seed increases ten- 
to thirtyfold. During this period the respiratory 
quotient of the seed increases to values as high as 
1.5, indicating that the triglyceride synthesis oc- 
curs in the sned itself from a more highly oxidized 
substrate, such as carbohydrate. During the germi- 
nation of oil-bearing seeds there is. a rapid conver- 
sion of triglycerides to carbohydrates which are 
then translocated to the growing portions of the 
seedling. This conversion is manifest by low respir- 
atory quotients (down to 0*3). In germinating 
seeds the rapid metabolism of fats is accompeniod 
by the synthesis of enzymes that are required for 
this rapid metabolism. See Lino metabolism. 
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PRINCIPAL FATTY ACIDS OF PLANTS 

Formula 
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NITROOPM Un-ARAI Iftii 

Amino acids, amides, and proteins. The princi 
pal nitrogenous constituents of plants are proteins. 
Although there are many kinds of protein in plants, 
they, like all proteins, are made up of a relatively 
small number of different kinds of amino acids con- 
densed together through the elimination of a mole- 
cule of -water between the carboxyl group of one 
amino acid and the amino group of another^With 
two exceptions, proline and hydroxyproline, all of 
the amino acids which have been obtained from 
protein hydrolyzates are ar-amino acids. The a-car- 
bon atom is a center of asymmetry so that two 
optically active isomeric forms are possible for 
each amino acid. Only the L-amino acids have been 
found in protein moleeules. In addition to the pro- 
tein amino adds, maiiv other amino acids occur 


free or in simple organic compounds. Althougli 
some D-amino acids are known in biological mate 
rials, the different kinds and quantities are roucli 
more limited than for the L-amino acids. 

The carbon, hydrogen, and oxygen for the forma 
tion of amino acids in plants comes from carbor 
dioxide and water, by way of photosynthesis. 

Soil nitrate is the principal source of nitrogcr 
for higher plants (see Nitrogen cycle). The 0^ 
currence of nitrate in soil is the result of ^ 
microbial nitrification of the ammonia produced m 
the degradation of plant and animal residu^*^ 
Nitrate is absorbed into the roots of plants and « 
most species is translocated as such to the aeriB 
portions of the plant, where m reduced to am 
monia. Root cells also are |l||ttii>le of redocinfi 
nitrate to ammonia and in plants ® 

fraction of the nitrogen translocated out w 
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AMINO ACIDS PRESENT IN PLANT PROTEINS 
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loots IS in the form of amino nitrogen. The path- 
way of reduction of nitrate is through a series of 
two electron transfers. 

NO3- -4 NOa- -> NOH -4 H2N— OH NH3 
Nitrate Nitrite "Ni- Hydrox- Ammonia 
troxyl” ylamine 

Nitrate reductase, the enzyme catalyzing the first 
''tep, has been obtained from Neurospora and from 
the tissues of many higher plants. It is a molybdo- 
Havoprotein which transfers electrons from TPNH 
to nitrate. 

NOg- -h TPNH -h H+ -4 NOa^" + TPN+ + HaO 

The discovery that the enzyme requires molybdate 
^nion as an activator provides a biochemical expla- 
ttation for the requirement of plants for malybdate. 
Although nitrite reductase and hydroxylamine re- 
^luctaie activities have been observed in plant 
®*tract8, these enzymes require further characteriza- 
tion with respect to coenzyme and metal ion re- 
^Wfifoments. 


Significant quantities of nitrogen gas from the 
air are reduced to ammonia by free-living bacteria 
in the soil and by the Rhizohia which grow in 
symbiosis with the leguminous plants. See Leg- 
ume; Soil microbiology. 

Ammonia is incorporated into the organic nitro- 
gen compounds of plants through the amination of 
a-ketoglutarate, oxalacetate, and pyruvate, to form 
glutamic acid, aspartic acid, and alanine, respec- 
tively. Experiments with N^^-labeled ammonia 
have shown that the amino acids and proteins of 
plants undergo constant breakdown and resyntbe- 
818. In such experiments glutamate and aspartate 
are the f^st amino acids to become labeled with 
N^^. The principal reaction for incorporating am- 
monia into amino groups appears to be that cata* 
lyzed by glutamic dehydrogenase. 

The amino acids formed by direct amination of 
a-keto acids can transfer their amino groups by 
transamination reactions to other cv-keto acidls to 
form the coiresponding amino acids. There are 
many different transamini^e enzymes, all of which 
require pyridoxal phosphate as a coenzyme. 
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line and hydroxyproline cannot be formed by 
transamination reactions. Proline is formed from 
glutamic' acid by way of glutamic acid semialde- 
hyde and pyrroline carboxylic acid. Hydroxypro- 
line is formed by oxidation of proline. Higher 
plants are able to synthesize all the amino acids 
which they utilize in their metabolism. Some of the 
lower plants and some bacteria are not able to syn- 
thesize all the amino acids which they require and 
are therefore dependent upon plant and animal 
residues to supply these preformed. 

Although ammonia is an intermediate in the me- 
tabolism of living cells, ammonium salts are ex- 
tremely toxic if allowed to accumulate in the cell. 
Living organisms prevent the accumulation of am- 
monia by excreting it or by combining it into some 
innocuous compound. Higher plants incorporate 
ammonia into the amides glutamine and asparagine. 
Glutamine is synthesized by the following reaction: 
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The exact manner in which asparagine is formed is 
not known. See Asparagine. 

In seedlings, especially etiolated seedlings, a 
dominant feature of nitrogen metabolism is the 
formation of glutamine, asparagine, or both. This 
synthesis of amides is a result of the high level of 
ammonia produced during the enzymatic hydrolysis 
of the seed proteins and the utilization of the amino 
acids to supply energy and carbon skeletons for the 
synthesis of new cells in the seedling. As the seed- 
lings develop and the level of ammonia drops, the 
amides -gradually disappear as their nitrogen is 
utilized in the synthesis of other amino acids to be 
used in protein synthesis. 

The prominent feature of the nitrogen metabo- 
lism of any growing cell is the synthesis of the 
cellular proteins. Because there may be as many as 
several thousand different kinds of proteins in a 
cell, it is obvious that protein synthesis in a rapidly 
growing cell is a result of very complex processes. 
Proteins may differ from one another in amino acid 
composition, in amino acid sequence, and in the 
three-dimensional folding of the long polypeptide 
chains. These characteristics are, of course, under 


genetic control (see Genetics). Some of the most 
interesting developments in biology in this centur 
center around the discovery that the genetic mate 
rial of cells consists of nucleic acids and of nucleo- 
proteins, and that the biosynthesis of proteins and 
nucleic acids is interdependent and simultaneous 

Proteins appear to be synthesized directly from 
amino acids, by an energy-dependent (ATP) series 
of reactions. The first step in this series of reac- 
tions is the activation of the amino acids. There k 
probably a separate activating enzyme for each 
amino acid: 

Amino acid -f ATP ^ Amino acid-AMP -f pp, 

in which PP, indicates inorganic pyrophosphate. 
In subsequent steps the activate^ amino acid is 
transferred to an acceptor or carrier which further 
transfers the activated amino acid into the poly- 
peptide chain that is to become the finished protein 
molecule. Although it is not yet possible to state 
exactly the point of interdependence of this series 
of reactions with nucleic acid synthesis, it is under 
investigation in many laboratories throughout the 
world. The proteins which are enzymatically active 
are presumably synthesized by the same pathway as 
other proteins. However, special interest attaches 
to the synthesis of enzymes because of the interest- 
ing problem of the amino acid sequence and the 
configuration of the polypeptide chain at the active 
site of the protein. 

In most tissues the bulk of the protein consists 
of the enzymatically active proteins which catalv/e 
the reactions characlleristic of living cells. In seeds, 
however, the bulk of the proteins present appears 
to serve the function of storage proteins to he 
utilized as a .^f>urce of amino acids bv the young 
seedling before it becomes established in the soil 
See Seed (botany). These reserve proteins are 
hydrolyzed by the action of proteolytic enzymes 
present in the seeds. In many seeds there is a inan\- 
fold increase in this proteolytic activity during 
germination (see Plant growth; Reproduction, 
plant). As mentioned earlier, this rapid degra- 
dation of proteins to amino acids leads to the 
production of large quantities of ammonia which 
become incorporated into glutamine and aspara- 
gine. See Amide, acid; Amino acids. 

An interesting observation relates to the protein 
metabolism of excised leaves. The total protein con- 
tent of a mature leaf remains constant or declines 
slowly as the leaf ages. After the excision of the 
leaf, there is a rapid decline of the protein leyel. 
This decline is checked by the induction of ad* 
ventitious roots on the leaf. See Leaf (botany). 
These experiments suggest that the protein me- 
tabolism of leaves is partially under the control of 
some factor or factors produced by root cells. See 
Root (botany). Such observations are of gcnewl 
interest because of the possible connection with me 
normal decline and senescence of mature leaves 
and fruit. ^ t 

The infection of and multiplication of virus ^ 
plants is a special case of protein synthesis 
trinsic interest. In tobacco leaves infected with^a- 



Ibacco mtts**® virus there is a rapid synthesis of 
tirus protein. This is a dc novo synthesis from 
jfft amino acids rather than from preexisting leaf 
roieins- Once the virus protein is formed it does 
undergo turnover; that is, there is no degrada- 
i,on and resynthesis of virus proteins. See Plant 

Purines, pyrimidines, and nucleic acids. Pu- 

pnps and pyrimidines are of importance because 
of their universal occurrence in living cells as com- 
ptnents of coenzymes and nucleic acids. 

The purines, adenine and guanine, are well- 
Uov^n constituents of nucleic acids and of nucleo- 
tide cofactors, such as adenosinetriphosphate, 
adenosinediphosphate, DPN, TPN, CoA guanosine- 
tniihospliate, and guanosinediphosphate. Other pii- 
rIne‘^ (hyproxanthine, xanthine, and uric acid) 
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in plants have no established function. The 
Pyrimidines (uracil, cytosine, S-methylcytosine, 
thymine) also occur as nucleotide cofactors, 
example, uridinediphosphate, uridinetriphos- 
and uridinediphosphoglucose, as well as 
|tt^cleic acids. The biogenesis of the purine ring 
|**Mze8 nitrogen from the amide group of gluta- 
fi-om glycine, and from aspartatic acid, and 
^®rbon from ^ycine, formate, and carbon dioxide. 

ring biogenesis also results from the 
of simple precursors (aspartate, carbon 
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dioxide, and ammonia) in a series of enzymatic 
reactions. 

The occurrence of the purine and pyrimidine 
bases as nucleotide units in nucleic acids is of 
great importance because the nucleic acids as such, 
or combined with proteins to form nucleoproteins, 
are the carriers of genetic information. Nucleic 
acids are high-molecular-weight substances con- 
taining many nucleotide units linked as shown. 

/ 

Purine-ribose-phosphate 


Pyrimidine-rihose-^osphate 

Ribonucleic acids (RNA) contain rihose and are 
characteristically found in the cell cytoplasm, 
whereas deoxyribonucleic acids (DNA) contain 
deoxyrihose and are found only in the nucleus 
(acc Ch I NiTf lexis; Cyioplasm). The nucleotides 
of adenine, guanine, cytosine, and uracil are found 
in RNA, whereas those of adenine, guanine, cyto- 
sine, thymine, and 5-methylcytosine are found in 
DNA. Examination of »he hydrolysis products of 
DNA has shown that the molar ratio of adenine to 
thymine is unity, and that the molar ratio of gua- 
nine to cytosine -h 5-methvlcytosine is unity. This 
apparent pairing of the purine and pyrimidine 
nufleotides, along with the x-ray diffraction pat- 
terns of DNA, has Jed to the important concept that 
the nucleotide chains of DNA are coiled in a double 
helical stuicture The sequence of purine and pyri- 
midine bases along the DNA molecule are thought 
to he of significance in relation to the genetic prop- 
ertu of the molecule. Mitotic division clearly re- 
quires some mechanism for the exact rcpJic-ation of 
those DNA molecules which carry hereditary traits 
(spe MiTOsrs). The synthesis of both DNA and 
RNA is intimately linked to protein synthesis. The 
determination of the exact manner of these syn- 
theses and their interrelation is a major problem 
of biological research. See Heterocyclic com- 
pounds; Nucleic acid. 

Alkaloids. Of the alkaloids or nitrogenous bases 
which have a widespread occurrence in the plant 
kingdom, only the purines and pyrimidines have 
recognized functions. The others are thought to 
represent end products of nitrogen metabolism. 
Historically, man’s knowledge of and interest in the 
alkaloids stems from their physiological effect on 
animals. Nicotine and nornicotine of tobacco; atro- 
pine of Atropa, Datura, and Hyoscyamus; the ergot 
alkaloids frojm the fungus Claviceps purpurea; and 
reserpine from Rauwolfia are examples of alkaloids 
that have been useful as pharmacological agents. 
In the tobacco plant nicotine and nornicotine (Fig. 
11) are synthesized by roots and transported to 
leaves. Ornithine is the precursor of the pyrrolidine 
ring of nicotine. The pyridine ring is derived frotn 
nicotinic acid. The methyl group may come from 
methionine or from the )9-carbon of serine. Atip- 
pine also appears to be synthesized in the roots of 
the plants in which it occur$ although it accuimt- 
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Fig. 11. Structural formulas of nicotino and nornico- 
tine. 

lates in the leaves. Very little is known of the bio- 
genesis of the many other alkaloids. The determi- 
nation of the manner of their synthesis, of the 
conditions under which they arise, and of their pos- 
sible function in plants would be a significant con- 
tribution to plant metabolism. See Alkaloid. 

TERRENE METABOLISM 

Oils, resins, and carotenoids. The terpenes and 
their derivatives may all be considered as being 
derived from isoprene. This group of substances 
includes essential oils, resins, the carotenoid pig- 
ments, phytol, and rubber. Probably all plants are 
able to synthesize some of the carotenoid pigments 

H20=CH--C==CH2 

Isoprene 

"~“CH a — CH=C — CH a — 



Repeating unit of isoprenoids 

and phytol (the C 20 alcohol present in chloro- 
phyll). The ability to produce significant quantities 
of essential oils and resins, however, is much more 
restricted in the plant kingdom, perhaps to 2000 
of 400,000 species. The oils and resins are pro- 
duced by specialized cells or groups of cells and 
may either accumulate in these cells or be secreted 
into resin ducts. See Secretory structures, plant. 

Carotenoids, deposited as plastid pigments, oc- 
cur in roots, stems, leaves, flowers, and fruit. In 
green leaves, the carotenoids are associated with 
chlorophyll in the chloroplasts {see Carotenoid; 
Chlorophyll). The carotenoids are synthesized 
in the tissue in which they are found and transport 
does not seem to occur. Acetate, as acetyl CoA, 
appears to be the precursor of all the isoprenoid 
compounds. The intermediate steps probably in- 
volve first the formation of acetoacetyl CoA, then 
the formation of the 6-carbon compound )8-methyl- 
jS-hydroxy glutaryl CoA which is converted into a 
5-carbon compound that can react with itself to 
form compounds containing 10, 15, 20, 30, 6r 40 
carbon atoms. See Fat and oil, edible; Fat and 
OIL, NONEDIBLE; ReSIN. 

Rubbor. Rubber occurs in hundreds of species 
of plants and may constitute up to 20% of the dry 
weight of the plant. It occurs as small particles 
auapended in an aqueous serum. This suspension, 
or latex, ocoiirs in and is formed in specialized 


cells or vessels. The latex which is obtained by t 
ping the Hevea tree contains all of the enzymtt 
apparatus necessary for incorporating radiotcur 
acetate into rubber. The repeating unit in th| 
chemical structure of rubber is isoprene. ^ 

Although the deposit of large quantities of rub- 
her in the latex vessels of plants represents a pos. 
sible source of energy for the plant, there is no 
evidence that it does actually function as a reserve 
food. See Rubber. 

OTHER METABOLITES 

Tannins. The tannins are a group of astringeni 
substances apparently formed by the condensatior 
of phloroglucinol and its derivatives, or by th» 
condensation of gallic acid, m-^allic acid, ellagu 
acid, caffeic acid, and quinic acid. Although th( 
tannins have become useful items of commerce 
for example, in leather tanning, little is known m 
their biogenesis, and their function in plant metah 
olism 18 unknown. See Tannin. 

Anthocyanins and flavones. The water-solnbli 
pigments of plants consist almost entirely of antho 
cyanins and flavones. These pigments occur largeli 
as glycosides and yield, on hydrolysis, a sugar anr 
a 2-phenylbenzopyrilylium derivative (anthocyani 
din), or a sugar and a 2-phenylbenzopyrone (fla 
vone) derivative. A great variety of anthocyanidin* 
exist. These differ from one another by the dcgr(« 
of substitution on the j8-ring, by the total numbei 
of hydroxyl groups, by the degree of methylatiot 
of these hydroxy^rgroups, and by the number ( 
and 2) and kinds of sugar residues linked to th( 
anthocyanidin by the glycosidic linkage. SimilarK 
a wide variety of flavone pigments occurs in plants 
These pigments (Fig. 12) are generally produrec 


0 

2'Phenylbenzopyrilium anion 2-PhenylbenzopyToiK‘ 

(anthocyanidin) (flavone) 

Fig. 12. Structural formulas of 2-phenylb«nzopyrllt«" 
anion and 2-phenylbenzopyrone. 

by plants under high light intensity and lo'' 
nitrogen and phosphorus supply. In some cases 
however, pigment production is independent 0 
light, and may occur in roots or in etiolated seed 
lings. Although the chemistry of these pigments i' 
understood, little is known of their biogcnesfei a*** 
nothing of their metabolic function. See Antho 
cyanin; Flavone; Glucoside; see also P^^^' 
physiology. 
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Plant morphogenesis 

A biological science concerned with the origin and 
development of the form and structure of plants, 
ft deals with those phenomena, both internal and 
external, by which form is determined. Other names 
sometimes given to morphogenesis are experimental 
morphology, causal morphology, experimental em- 
bryology, and Entwicklungsmechanik, 

Form is the result of the orderly growth of vari- 
ou*' dimensions. The form of the body and of such 
structures as leaves, flowers, hairs, and cells are 
examples of this controlled development. Form and 
structure in living things are visible expressions of 
the organizing character of life at every level. 

Correlation. This is a general term for the re- 
lationship among the parts of an organism, espe- 
nallv during its development. Most bodily parts 
grow at about the same rate; thus, form does not 
alter greatly during development. In some cases, 
however, one part grows faster than other parts, or 
one dimension faster than another. Even here the 
reldlionship among growth rates remains fairly 
(onstant so that form changes in a regular and 
predictable fashion. Sometimes the physical basis 
of (orrelation is evident. For example, a terminal 
bud may inhibit or greatly retard the growth of 
buds below it. 

Polarity. In almost all organisms an axis ap- 
pears during development and its two ends become 
different, as root and shoot in higher plants. This 
niav be seen very early, even in the fertilized egg it- 
"^^If li is evident in regeneration. Polarity also ap- 
jiears in physiological processes. In many cases, 
there is a descending gradient in rate of metabolic 
processes from one end of the axis to the other. 
Movement of substances may also be polar. It has 
been suggested that bioelectrical factors are in- 
volved in polarity. In some cases rearrangement of 
materials by Centrifugation has been found to 
‘hangp the polar axis, and it may he reversed by 
other means. 

Symmetry. The arrangement of lateral struc- 
tures around the main polar axis is not irregular, 
but shows patterns of symmetry of various sorts. 
Most plant axes are vertical, and the distribution of 
leaves around them (phyllotaxy) is radial and 
Pr^^cise. The points of attachment of leaves may be 
•opposite, whorled, or dispersed in a spiral (alter- 
nate). Such spirals fall into definite classes 
’^hirh have simple arithmetical relationships to 
one another. 

Where the axis is horizontal, the upper and 
lower sides are usually different (dorsiventrality). 

structures on the right and left sides are usually 
niirror images of each other (bilateral symmetry), 
^^■ganic symmetry is far less precise than that of 
•^^ystals, to wnich it has sometimes been compared* 
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Differentiatioil. A conspicuous fact of develop- 
ment is that during its course the parts of the or- 
ganism become different from one another* An ex- 
ample of such differentiation is that between the 
two ends of the polar axis. Development in higher 
plants is accompanied by the progressive appear- 
ance of distinct organs — roots, stems, leaves, flow- 
ers, fruits, and seeds— the outward sign of division 
of labor within the plant. Growth and differentia- 
tion generally proceed together but there are cases 
where one occurs without the other. In the course 
of the life cycle of an organism, differential changes 
occur in a definite series of stages. 

Internal differences that arise among tissues and 
among cells during development are as marked as 
is external form. Sometimes such a difference can 
he traced to a particular cell division in which the 
two daughter cells are unlike. In more primitive 
organisms differentiation proceeds as a series of 
such divisions, hut in most cases the precise point 
of origin of these differences is hard to locate. Par- 
ticular patterns of internal structural differences 
have an hereditary basis, but are often modified by 
factors in the internal or external environment. 
Even within a single cell there is often a consider- 
able degree of differentiation among its parts. The 
fact that cells usually have the same number of 
chromosomes as the fertilized egg (or a simple 
multiple of these) sui^gests that the genetic con- 
stitution of every cell is like that of all others. Why 
differences should arise among them, therefore, 
seems to be due either to different exposure to ex- 
ternal factors or to changes in the cytoplasm of the 
cells. 

Phvsiological differences between parts of the 
plant are common. Cells of the root are unable to 
synthesize sugar and certain other necessary sub- 
stances and must get them from the shoots. Many 
localized physiological differences are maintained 
because of the impermeability of the cell mem- 
branes to substances produced in the cells. 

Regeneration. The ability of many organisms, 
especially during their early developmental stages, 
to replace lost parts is a distinctive phenomenon 
of morphogenesis. Cuttings from the stems of many 
plants will *produce roots if placed in a favorable 
environment. 

Though this potency becomes progressively re- 
stricted in animals as the individual matures, it may 
remain almost indefinitely in plants. In many cases 
mature plant cells which have been induced by 
chemical means to divide again will then give rise 
to small growing points from which a whole plant 
may be formed. Some plants naturally reprt^uce 
themselvM by small plantlets produced from mar- 
ginal leaf cells. 

Atypical growth. The organizing control imder 
which a plant develops may sometimes break down, 
resulting in the production of galls, tumors, careers, 
and other abnormal forme. Of particular morpho- 
genetic interest are galls formed on plants in reao 
don to certain insect stimulation, especially ?(r)em 
the cynipid wasps. These gaUs are usitdly of a very 
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specific shape and internal structure, which vary 
with the particular insect and the plant species. 
Substances introduced by the insect or formed from 
the larva hatching from its egg evidently have a 
very definite morphogenetic effect. Certain rather 
formless plant galls, the “crown galls,’* produced 
by the attack of various bacteria, have some resem- 
blance to animal cancers. 

The most extreme case of disorganization occurs 
in tissue cultures, where single cells or formless 
masses of tissue continue to grow without develop- 
ing into an organism. 

Ecological factors* Various factors, in the or- 
ganism itself or in its environment, have been 
found to be important in the determination of its 
form and structure. Since most plants are station- 
ary, they are in general more susceptible to en- 
vironmental influences than are animals, which 
can move from unfavorable to favorable surround- 
ings. Some of the more important external and in- 
ternal factors are discussed in the following para- 
graphs. 

Water, This is of special importance in plants. 
In relatively dry soil, the cuticle of a particular 
species tends to be heavier and the tissues more 
woody and made up of smaller cells. This is now 
thought to be a direct effect of water shortage on 
differentiation. In plants which can grow with their 
shoots either in air or submersed in water, the dif- 
ferences in development and structure under the 
two environments are very marked. 

Temperature, An important effect of tempera- 
ture on plants has been found in the early growth 
of the seedling. If sprouting seeds of grains and 
some other plants are exposed to relatively low 
temperatures, the early developmental stages are 
passed through rapidly. Seeds thus treated, when 
placed under normal conditions, produce the final 
mature state of the plant much earlier than un- 
treated ones. By this process, called vernalization, 
winter wheat will grow to maturity as soon as 
spring wheat. 

Light, This factor is of particular morphogenetic 
importance in plants. Vegetative development is 
affected by intensity of light, low intensities in 
some cases producing spindly or etiolated growth. 
The quality of light is also influential. The red end 
of the spectrum tends in many cases to stimulate 
growth of reproductive structures and the blue end, 
differentiation and vegetative growth. 

Important in the production of flora] organs is 
the duration of exposure to light, or the photo- 
period. Where this is relatively long in relation to 
the dark interval, flowering is stimulated in “long- 
day” plants. In “short-day” species, however, flow- 
ering occurs only when the daily photoperiocf-'is 
relatively short and alternates with a long uninter- 
rupted dark period. The factors involved in the 
transformation of the vegetative to the flowering 
state are not all well understood, but the pro- 
duction and transfer of specific substances which 
influence differentiation are probably involved. 


Mechanical factors. Stresses and strains of vi^. 
ous sorts have some importance in developmei^t. 
Gravity, through its effect on the distribution of 
substances affecting form, influences various geo> 
tropic orientations in plants. A tree swayed by air 
currents tends to have its widest diameter in the 
plane of sway. A tree guyed firmly by cables will 
not grow in diameter as fast as one that is unsup. 
ported. 

Chemical .substances. Chemical factors of many 
kinds affect development. Sometimes the result is 
very specific and radical, as when a teazel plant, 
grown in soil of high nitrate content, develops a 
much twisted stalk instead of the straight one 
formed in ordinary soil. The relative amount of 
substances may also be important^ Thus plants in 
which the ratio of carbohydrates to nitrogen is high 
will lend to produce flowers and fruits, but such 
plants will usually form only vegetative organs 
when this ratio is low. 

Hormones and growth substances. Certain more 
complex chemical substances, especially the “chem- 
ical messengers” or hormones, profoundly affect 
development in plants. Various substances have 
been found in plants which control development. 
Must notable is auxin, indoleacetic acid, which has 
various effects. It stimulates or influences cell wall 
elongation, particularly in the early stages of de- 
velopment, and thus plays a role in most of the 
bendings or Iropisms of plants made in response to 
gravity and light. It stimulates loot development 
cambial activity, and the growth of seedless fniiN. 
It may inhibit the fdfmation of the corky (abscis- 
sion) layer that causes leaves and fruits to drop 
off. Auxin in a terminal bud prevents or retards the 
growth of buds below it for a certain distance from 
the apex, and thus affects the branch system of the 
plant. It is involved in the formation of crown-gall 
tumors. Many of these effects may also be produced 
by various synthetic substances, chiefly other or- 
ganic acids. 

Grafts and cMmeras. In plant chimeras the 
tissues of two individuals may be intimately com- 
bined, either naturally or artifically. The two outer 
cell layers of a plant may be derived from tomato, 
for example, and the remainder from nightshade, 
or vice versa. These are related but quite dissimilar 
species, and the contribution of each to the form of 
leaf, flower, and fruit may thus be determined. No 
genetic union is produced, and the sex cells formed 
by the chimera will be identical with those of the 
species that provides the layer of cells just under 
the epidermis. 

Hereditary factors. Many single genes have 
been found that control the form of the body or of 
its parts. The shape of leaves, flowers, and fruits in 
many plants are examples of form that are g^ne* 
controlled. Such genes evidently control the rela- 
tive rates of growth in. Where 

form changes with size, size will evidently 

have an indirect effect oO wm. Genes that check 
growth at particular embryological stages will have 
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giost pronounced effects on those structures that 
grc most rapidly developing at those sUges. They 
^ay disturb the correlative effects between struc- 
jy,.^ 9 or alter hormone distribution. 

Chromosomes influence development apart from 
jlif genes they carry. In members of a polyploid 
series in plants, for example, the size of the organ- 
ism, its parts, and its cells is often proportional to 
(|je number of chromosome sets, from 4n down to 
In. The larger the number of sets, also, the shorter 
the polar diameter of leaves and fruits tends to he 
as compared to the equatorial diameter. See 
Photoperiodism in plants; Plant growth; 
Plant hormones. [e.w.s.] 

Bibliography: J. T. Bonner, Morphogenesis, 
1 Q 52 ; K. Goebel, Einleitung in die experiment elle 
Morphologic der Pflanzen, 1908 ; D. W. Thompson, 
On Growth and Form, 2 vols., 1952; C. W. Ward- 
law. Morphogenesis in Plants, 1952. 

Plant movements 

Movements of attached members of nonmotile 
plants are divided into two categories: those 
v^hich are responses to external stimuli and those 
\^hich result from stimuli of internal origin. If 
responses to external stimuli are mediated by 
growth, they are known either as tropic or nastic 
movements. 

In the tropic respon.ses the direction of the cur- 
vature or movement is dependent on the orienta- 
tion of the stimulus. The fundamental feature of 
tropic stimulation is the space distribution of the 
fncrgy which is applied. The tropic curvatures are 
brought about by unequal elongation (growth) 
ralc<; on opposite sides of the plant organ, which, 
jn iiirn, are dependent upon the unequal distribu- 
tion of growth substances called auxins {see 
\rxiN). Tropic curvatures are either toward 
I positive tropism) or away from (negative tro- 
the source of stimulation. 

In contrast to the tropisms, growth movements 
of plants in which the plant component response is 
(l<*termined by the internal structure but without 
reference to the orientation of the stimulation en- 
ergy, are defined as nastic movements. Responses of 
attached members of nonmotile plants to stimuli 
of internal origin may be dependent or independent 
of growth. Elongation, tropisms, nutations, and cer- 
tain nastic responses are dependent on growth, 
'vhereas various specialized pulvinar movements 
(fccussed later under turgor movements) are me- 
diated by mechanisms other than growth. See 
f-EAF (botany). 

Id addition, movements of motile organisms or 
free plant parts in response to external stimuli are 
^nown as tactic movements. These are distinguished 
from movements of similar organisms in response 
^0 stimuli of internal origin, which are sometimes 
termed autonomic locomotions. 

Plant movements will be discussed in the 
blowing order: phototropism, geotropism, elec- 
Nropigm, tfaigmotropism, haptotropism, traumatot- 



Fig. 1. Positive phototropism. (o) Apex of a sunflower 
plant with its stem marked at equal intervals, (b) Same 
plant after having been illuminated on one side. Bend- 
ing occurs in the region of elongation. (From G. M. 
Smith ef al., A Textbook of General Botany, 5th ed., 
Macmillan, 1953) 

ropism, hydrotropism, chemotropism, nastic move- 
ments, tactic movements, nutation, and turgor 
movements. 

Phototropism. The bending of plant organs me- 
diated by unequal growth rates of the opposite 
sides and directed toward or away from the source 
of visible light is called phototropism (Fig. 1). 
Ordinarily, stems and other aerial organs are posi- 
tively pholotropic, whereas roots and similar struc- 
tures respond negatively. Sec Root (botany); 
Stem (botany). This generalization, however, has 
a number of exceptions. It is known that some 
.stems are negatively phototropic; some roots are 
positively phototropic; others are nonphototropic. 
Some structures, such as the A vena coleoptile (a 
widely used material for the study of tropisms), 
are either positively or negatively phototropic, de- 
pending upon the amount of incident energy. Low 
dosage.s of light (100 meter-candle-.seconds) induce 
positive bending, which is known as the first posi- 
tive curvature. Much higher dosages of light may 
cause either positive or negative tropism. However, 
little is known about negative phototropic curva- 
ture of stems. 

In A vena coleopliles and certain other stems and 
roots, the extreme apex is the most sensitive to 
light. Removal of the tip results in a sudden loss or 
diminution of phototropic sen.sitivity. Because pri- 
marily the af>ical cells are concerned with the 
production of auxin, there is apparently a close 
relationship between auxin production and photo- 
tropic sensitivity. 

Unilateral light falling on the sensitive organ is 
absorbed by a pigment, and a light gradient is es- 
tablished across the organ. The photoreceptor is 
a yellow pigment, but its specific identification has 
not been made. The best evidence indicates that 
either riboflavin or carotene absorbs the radiant 
energy, which mediates the first positive curva- 
ture (see Carotenoid; Riboflavin). After the 
radiant energy has been absorbed, it must in some 
way mediate an excess of auxin on the shaded side 
of the coleoptile. It seems that physical continuity 
between the illuminated and shaded side is essmi- 
tial for maximum curvature to develop, and that 
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some means of amplification is necessary to ac- 
count for the differences in auxin concentration. 
Three possible mechanisms could be involved in the 
attainment of the asymmetry of auxin distribution. 

The first mechanism requires the more effective 
photodestruction of auxin on the lighted side. Ac- 
cording to the original observation made by F. W. 
Went, dosages of light which induced the first posi- 
tive phototropic curvature caused the total auxin 
production to be lowered from 100 to 84%. (Photo- 
destruction of auxin in vitro also has been demon- 
strated.) The auxin content of the lighted side ap- 
parently is lowered to 27% (compared with 50% 
in a dark control ) , whereas in the shaded side the 
content apparently increased to 57%. In other ex- 
periments the ratio has been reported to be as low 
as 11 to 89. Thus, although it is apparent that 
photodestruction of auxin may be involved in pho- 
totropic curvature to some extent, differential de- 
struction of auxin by light presumably does not 
function as an amplification mechanism. It still re- 
mains important to explain how lateral transport 
of auxin can be effected. 

The transport of auxin against a concentration 
gradient requires an oriented force. Because auxin 
is an acid which will migrate toward the positive 
pole in an electrical field, the possibility of such 
functional electrical polarity has been proposed. It 
is known that unilateral illumination by white 
light causes the extreme apex of the Avena cole- 
optile to establish a transverse electrical polarity 
such that the lighted aide becomes electronegative 
to the shaded side. Such polarity would cause the 
auxin to be transported to the positive and shaded 
side. It has been shown that transversely applied 
direct current can induce lateral transport of auxin. 
In po.sitive phototropiam this viewpoint is further 
supported by the fact that externally applied elec- 
trical fields can increase or decrease light-induced 
bending, depending upon the polarity of the elec- 
trical stimulation. Lateral transport of auxin, 
caused by the photoinduced transverse electrical 
polarities, remains as a possible, but not the only, 
explanation of positive phototropic curvature. 

It is reasonably well established that visible light 
alters auxin synthesis in various plants. The ex- 
treme apex of the coleoptile is the site of auxin 
synthesis. Thus, it is possible that the unequal dis- 
tribution of auxin is brought about by an asym- 
metric auxin synthesis. All that is required is more 
effective destruction or inhibition of an enzyme or 
cofaotor required for the synthesis of auxin in the 
illuminated side (see Enzyme). This would allow 
the auxin precursor to accumulate on the lighted 
side to such an extent that it would rapidly diffuse 
to the shaded side where it could be converted to 
active auxin. Such a sequence would decrease the 
auxin concentration on the illuminated side and 
increase the auxin concentration on the shaded 
side, resulting in positive curvature. The evidence 
which supports this concept also is indirect. 

Because roots normally grow beneath the surface 
of the soil, there is very little functional signifi- 



Fig. 2. Positive and negative geotropism. (a) A bear 
seedling whose primary root has been marked a 
equal intervals and placed in a horizontal position ir 
a moist chamber, (b) Same seedling 24 hours later 
Bending occurs in the region of elongation, (c) A plan 
of /resene in an upright position, id) A plant whici 
has been turned on its side, in /resene the negatm 
geotropic response to stimulus of gravity consists pnn 
cipally in upward curvature of the younger nodes 
(From G. M. Smith et aL, A Textbook of General Bof 
any, 5th ed„ Macmillan, 1953) 

cance of the phototropic responses of these organs 
It seems reasonably certain that an asymmptiK 
distribution of auxin is essential for phototropj^^ir 
of roots, but it L^not clear how such lateral db 
tribution is brou^t about. Furthermore, the auxin 
to-growth linkage remains relatively ob.scure. 

Geotropism. The curvature response of plani 
components when they are placed in the horizontal 
position is called geotropism. Primary roots bend 
toward the force of gravity, hence are positiveh 
geotropic (Fig. 2). Shoots or stems bend upward 
and away from the force of gravity, and thus arf 
negatively geotropic. Geotropic curvatures are 
brought about by unequal rates of elongation in 
the upper and lower halves of the organ. As in 
phototropism, these unequal rates of growth are in 
turn dependent upon asymmetrical distribution of 
auxin. Because a direct chemical effect of a change 
in the direction of the force of gravity is most un- 
likely, the problem of lateral transport has oc- 
cupied the major share of attention. 

In negative geotropism, most of the available 
information indicates that transverse movement of 
auxin is indeed accomplished. A sample of sucll 
data is shown in Fig. 3. Only fragmentary evi- 
dence contradicts this viewpoint. Elucidation of the 
mechanism required for the lateral transport ot 
auxin again has paramount significance. Several 
possibilities have been suggested. 

Structures which are negatively geotropic cstab* 
lish a transverse eH^trical polarity when they 
placed in the horizontal position. The lower side 
becomes electropontive to the upper side- 
polarity is established before the unequal di^uribu' 
tion is possible, the polarity appears long 
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Pig 3 Comparative percentages of auxin in upper 
and lower sides of young stem tips. 


initiation of upward curvature, and development 
of the polarity is independent of auxin concentra- 
tion Also, these inherent bioelectrical polarities 
(an be reversibly shunted by the use of various 
dilute solutions of electrolytes Such treatment also 
inhibits geotropic curvature. 

Another view is that gravity causes the displace- 
ment of a statolith, such as a starch granule, which, 
in turn, by some mechanism which has not been re- 
vealed. eventually brings about the auxin transloca- 
tion A statolith could conceivably function within 
indiiidiial cells, but it is difficult to understand how 
II might be involved in the transport of auxin from 
one cell to the next. 

The standard explanation of positive geotropism 

based on the premise that total auxin concentra- 
tion of the roots is above the optimum for growth 
stimulation. The implication is that any subsequent 
increase in auxin concentration causes inhibition 
of growth. Thus, an increase in auxin in the lower 
half of the root induced by geotropic stimulation 
inhibits growth of this half. Similarly, a decrease 
in auxin content of the upper half causes an in- 
crease in the rate of elongation. The combination 
of these changed elongation rates results in down- 
ward curvature. 

It is generally accepted that auxin moves from 
the upper to the lower half of the root tip itself 
when the root is placed in the horizontal position. 
In this way the supply of auxin to the elongating 
cells decreases in the upper half and increases in 
the lower. The mechanism which is responsible for 
the auxin movement in the tip has not been eluci- 
<Iated. There is limited evidence pointing to the 
possibility that geotropic stimulation alters the 
tate of auxin synthesis, and the production of an 
endogenous inhibitor of growth in the lower half 
of the root has been suggested. However, the funda- 
*oontal significance of these processes in positive 
^ropism has not been extensively evaluated. 


Plagiotropic structures, such as lateral stems 
and secondary roots, have their long axis inclined 
obliquely away from the vertical axis of the plant. 
The term diageotropic is applied to such struc- 
tures as rhizomes when the angle formed with the 
vertical axis is a right angle. The position main- 
tained by these various organs very likely is a 
manifestation of a composite response to a number 
of stimuli, including geotropic stimulation. 

Elactfotropisin. This is a growth curvature re- 
sponse to transversely applied direct current or 
electrical fields. In the Avena coleoptile, the 
initial apical bending is toward the electroposi- 
tive pole of the stimulating circuit. Figure 4 shows 
electrotropic curvatures at the indicated times after 
stimulation when current was applied 5 mm below 
the apex. In the range of 5-30 jma applied for 2 
min the magnitude of curvature is dependent upon 
the current strength. Decapitated and auxin-de- 
pleted coleoptiles do not respond to direct current. 
Additional indirect evidence indicates that electro- 
tropic curvatures of stems are mediated by growth 
merhanisms which require auxin. 

Auxin-depleted coleoptiles which have 3-indole- 
acetic acid (lAA) applied to the apical ends will 
respond electrotropically in much the same way as 
intact seedlings The magnitude of curvature is di- 
rectly dependent on lAA concentrations to a maxi- 
mum of 0.8 mg/liter. It has been demonstrated that 
electrotropic curvatures are mediated by the asym* 
metric distribution of lAA which is brought about 
by lateral transport. A state of polarity in the plant 
tissue, rather than the flow of externally applied 
current, is directly responsible for the transloca- 
tion of the lAA. It is not apparent why the lAA 
should be transported toward the side that was 
made electronegative by the applied current, 

Thigmotropism. A curvature response to me- 
chanical '^stimulation is called a thigmotropism. 
When Avena coleoptiles or etiolated seedlings or 
tendrils are stroked or lightly tapped on one side, 
they respond by bending toward the stimulated 
side. Because such responses do not occur in co- 
leoptiles depleted of auxin, these curvatures ap- 
parently involve differential growth rates caused 
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by auxin. It is known that mechanical stimulation 
can inhibit or prevent negative geotropism and 
positive phototropism and that such stimulation 
induces a transverse electrical polarity in the 
Avena coleoptile. The stimulated side becomes 
electropositive to the opposite side. Thus the as- 
sumption is that an asymmetric distribution of 
auxin is implicated in thigmotropism and that 
such distribution is mediated by lateral transport 
to the electronegative side. Neither of these as- 
sumptions has been verified. See Taxis. 

HaptotfOpism. Some plants classified as non- 
climbers' have ordinary structures such as the pet- 
iole, leaf tip, or specialized tentacles that are sensi- 
tive to contact stimulation. It appears that growth 
of the cells on the contacted side is inhibited, 
whereas the cells on the opposite side continue to 
grow. This combination results in a sharp curvature 
and the plant structures grow around the object 
which was contacted. Curvatures of this type are 
defined as haptotropism. 

Traumatotropism. The curvature of plant or- 
gans toward or away from a wound or an injured 
area is known as traumatotropism. Most curva- 
tures of this type are positive; the direction of 
bending is toward the wound. These responses in 
stems and roots are commonly explained as being 
induced, to a large extent, by interference with 
the mechanisms for distribution of auxin. Addi- 
tional factors, which probably are involved to a 
lesser extent, are the interference of the upward 
translocation of food factors and the possible de- 
struction of auxin by substances released from the 
wounded cells. 

Hydrotropism. The growing of roots toward 
wetter regions in the soil is called hydrotropism. 
This type of response can be demonstrated by 
growing the roots of certain plants in a moist 
porous material in a shallow tray with a wire mesh 
bottom. The roots first grow downward and through 
the wire mesh. They then bend back, away from the 
dry air below, and toward the moist air. In order 
for this to happen, the hydrotropic stimulus must 
overcome the effects of the geotropic stimulus. 

Chemotropism. The growth response of plant 
structures to chemical compounds in the environ- 
ment is defined as chemotropism. The tubes of 
some pollen grains, when allowed to germinate on 
nutrient agar in which pieces of pistil have been 
embedded, will grow toward the pieces of pistil. 
It is presumed that substances which attract the 
pollen tubes are diffusing from the pistils. 

Nastic movamants. Curvatures or movements 
caused by external forces, but whose direction is 
determined by the internal structure of the re- 
sponding plant system, are called nastic move- 
ments. 

Epinasty. In epinasty the leaves and stems al- 
ways tend to curve downward regardless of the 
orientation of the stimulus. For example, in the 
stems of Tradescantia^ when the lateral branches 
are in the vertical position, auxin is transported 
tmly along the dorsal side. When the branches are 


in the horizontal position, auxin is also transpoited 
along the ventral side. Thus epinastic curvature 
appears to be due to the action of gravity, which 
causes the asymmetrical transport of auxin. This 
response is comparable to geotropism, except that 
the auxin accumulates on the morphologically de- 
termined upper side. The horizontal position of 
lateral branches is attained as an equilibrium posi. 
tion when the geotropic auxin distribution is equal 
and opposite to the plagiotropic distribution. 

Nyctinasty, Nyctinastic movements are those in- 
duced by changes in temperature and illumination. 
This combination of stimuli, both of which are 
more intense during the daytime, causes some 
flowers to open in the morning and close again 
at night. The “sleep” movementli;. of certain leave*; 
are generally included in this category. Most likely 
such movements of flowers are caused by unequal 
growth rates on opposite sides of the petal, but the 
movements of leaves are dependent on change*? of 
turgor (water pressure) in the pulvini (enlarged 
areas at the base of some kinds of leaves and 
leaflets). Frequently it is difficult to determine 
which form of energy is the primary stimulus, but 
in some instances the individual causative factors 
can be implicated. For example, before the petals 
of crocus or tulip are completely expanded (ma 
ture) they will open when illuminated and close 
again when darkened, even when kept at constant 
temperature. This type of response is defined as 
photonastic curvature. Similarly, at constant light 
intensity these petals will manifest thermonasly: 
that is, they will dpen in warm air and close in 
cold air. 

Haptonasty. The movement of marginal tentacle!? 
of the leaves of sundew plants in response to con- 
tact by an insect are known as haptonastic curva- 
tures {see Insectivorous plants). The insect i*^ 
hereby brought into contact with the smaller cen- 
tral tentacles and ultimately trapped. Similarh. 
in the Venus’ flytrap, contact stimulation cause® the 
leaf blade to fold at about the midrib and to come 
together to trap the inaect. Haptonastic movement" 
are also shown by stamens of some species in the 
plant families Berberidaceae and Compositac, and 
by stigmas of the genera Mimalus and Strobi^ 
lanthes. 

Tactic movements. Movements of motile or- 
ganisms and free parts of nonmotile plants in re- 
sponse to external stimuli are called tactic move- 


ments. 

Phototaxis, These are oriented responses of 
plants or plant parts as gametes, spores, algae, and 
fungi to stimulation by directional illumination 
(phototactic movements). Generally these forms 
swim by the use of their flagella and move towar 
light of low intensity {see Algae; Fungi). This 
positive phototaxis. When the light intensity is very 
high, however, the movement frequently is 
away from the light (negative phototaxis). The 
plasmodia of slimfr' molds (Myxtoyeetes) 
away from light by means pscudopodic ac- 

tion. See Myxomycetes. if . 
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Chemotaxis. Cheraotactic movements are those 
in which free plants or plant parts migrate toward 
(positive) or away from (negative) a specific 
ihemical substance. Chemotactic movements are 
exhibited by some gametes and such forms as the 
myxameba of the Acrasiales. 

Nutations, Rhythmical or periodic movements 
! ihat are exhibited by shoot apexes of plants are 
I < ailed nutations. These autonomic movements are 
the consequence of internally induced variations of 
growth rates in different parts of the structure. The 
amplest nutations are the nodding motions of ac- 
tively growing apexes of such components as the 
epicotyis of beans. See Sefd (botany). These 
motions are mediated by alterations in growth 
rates on opposite sides of the epicotyl. Tn a slightly 
more involved nutation known as circumnutation, 
the plant tip appears to be growing upward in a 
•straight line when observed with the unaided eye. 
However, slight magnification reveals that the tip 
actually describes an irregular or spiral path as the 
ipex grows. These movements are also induced by 
\ariations in growth rates in different regions of 
ihe responding structure. Twining may be viewed 
an exaggerated form of circumnutation. Stem 
tip«) of twining plants, such as morning-glory and 
bindweed, are generally long, slender, and without 
leaves Because supporting tissue is not well de- 
veloped, the tips of twining plants frequently bend 
over to approximate the horizontal position. As in 
ppotropisin, auxin apparently accumulates in the 
lower half of the stem (perhaps partly as a result 
of geotropic stimulation). More rapid growth in 
the lower and outer portions of the stem causes an 
upward spiraling movement of the tip and results 
in a twisted stem. 

Turgor movements. A few plants which belong 
to such families as the Leguminosae have special 
'Structures called pulvini located at the base of the 
leaves and petioles {see Legume). When stimu- 
lated, the pulvini change their shapes as the result 
of turgor variation and thereby induce rapid move- 
ments of the petioles and leaves. The rate of trans- 
mission of the impulse in sensitive plants from the 
point of stimulation to the pulvinus ranges from 
about 2 to 15 mm/scc. Some evidence indicates 
^bat hormone mechanisms are functional in im- 
pulse conduction (Fig. 5) . 

In Mimosa there is a central vascular bundle in 
oach pulvinus of the leaf and the spaces between 
ibe surrounding parenchymatous cells are large 
Parenchyma). The cell walls of the paren- 
obymous layer are thicker in the upper half than 
the lower half of the pulvini. It is known that 
o<*riain tensions arc present in pulvini prior to 
^^ttnulaiion. Stimulation of Mimosa, the so-called 
^^nsitive plant, causes water to escape into the 
•ntercellular spaces so that the loss of turgor is 
greater in the lower half of the pulvinus which, in 
combination with the tension in the upper half of 
pulvinus, results in a change in shape of the 
PtJlvinug, This change in pulvinar shape is the 
cause of the movement of the attached petiole or 



Fig. 5. Turgor movements, (a) Mimosa pudica, one of 
the sensitive plants, (h) Plant of Mimosa after leaflets 
and leaves have responded to a mechanical stimulus. 

(c) Leaf of Mimosa showing the pulvini at base of the 
petiole and of each primary and secondary leaflet. 

(d) Lengthwise section of pulvinus of Mimosa, diagram- 
matic. (From G. M. Smith ef al., A Textbook of General 
Botany, 5th ed., Macmillan, 1953) 

leaf. See Plant growth; Plant hormone; Plant 
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Plant names 

There are two types of plant names: the common, 
or vernacular, used in the localities where the 
plants grow; and the scientific, or Latin, used by 
botanists universally. Since common names for the 
same plants often vary in different localities, and 
since many plants have no common names while 
others have too many, common names are unsatis- 
factory for scientific purposes. 

Many of the scientific names originated as com- 
mon names used widely in the days of the ancient 
Roman Emitire, for example, Salix (willow), Quer- 
cus (oak), Rosa (rose), and Viola (violet). These 
names were carried over directly into botanical 
writings of the sixteenth and seventeenth centuries. 
Some inconvenience was experienced when a single 
Latin name designated several species of plants^ 
for instance^ numerous species of oaks, of roses, or 
of violets. In such cases it wgs necessary to add ad- 
jectives to designate the different species. Some- 



times to indicate a species precisely, several adjec- 
tives were necessary and thus the name of the plant 
became a long and cumbersome descriptive phrase. 
For greater convenience, later writers attempted to 
shorten these names. Finally in 1753, Carolus Lin- 
naeus, in his celebrated Species plantarum^ estab- 
lished the practice of binomial nomenclature — the 
use of only one descriptive word with the Latin 
name. This usage proved so convenient that it was 
at once adopted by botanists. Therefore, the date 
1753 is regarded as the beginning of our modem 
system of taxonomic nomenclature. A binomial is 
thus composed of the noun, or name of the genus, 
followed by a word designating the particular spe- 
cies. The generic name is always spelled with a 
capital letter; most specific words (by some bota- 
nists all specific words) are spelled with small let- 
ters; for example, Quercus alba, white oak. 

The generic name, as noted above, in many cases 
was the exact name of the plant used by the ancient 
Romans. The vast majority of members of the plant 
kingdom were, of course, outside the bounds of the 
ancient world, and, not being known to the Romans, 
had no Latin names. To give the system universal 
application. Latinized generic names for such 
plants had to be invented. Such names as Fuchsia, 
in honor of Leonhart Fuchs, a distinguished bota- 
nist, originated in this way. 

Authority for plant names. It is customary to 
indicate the name of the botanist who first applied 
a particular scientific name to a given plant. This 
botanist is said to be the author and his name (of- 
ten abbreviated for convenience) is placed after 
the scientific name of the plant or group; this is 
the citation. An example is Trillium erectum L., a 
plant named by Carolus Linnaeus. The better 
known the author, the shorter is the abbreviation of 
his name. Linnaeus, a name which is very familiar, 
is abbreviated to L., but few others can be so 
greatly shortened. 

Intemationai botanical congresses. As the ex- 
ploration of the earth’s surface was extended, thou- 
sands of new plants were discovered and given 
scientific names. In the application of these names, 
discrepancies in practice became apparent. Per- 
sona] and national jealousies complicated the situ- 
ation, and the need for an international accord be- 
came evident. The First International Botanical 
Congress, called by the Swiss botanist Alphonse de 
Candolle, convened in Paris in 1867. Other con- 
gresses were held at Vienna (1905), Brussels 
(1910), Ithaca, N.Y. (1926), Cambridge, England 
(1930), Amsterdam (1935), Stockholm (1950), 
Paris (1954), and Montreal, Canada (1959). These 
congresses have resulted in the codification <(01 the 
Intemationai Rules of Botanical Nomenclature. 

bitemational rules of botanical nomenclature. 
These rules govern the application of scientific 
names under varying situations. For example, no 
plant should have more than one scientific name; 
AouM more than one, by error, have been applied, 
the earliest, in general, has priority; all others are 
synonyms, tikevriae, two plants cannot have the 


same name. If the same name has been app^ej ^ 
two or more plants, the duplicate names are callei 
homonyms, and the later homonym must be rc 
placed by a new name. Where a plant is first de 
scribed in one genus and later transferred to an 
other, the original epithet must be retained, unles 
the same epithet already exists in the new genus 
If a conflict such as this develops, a new name mus 
be adopted. These are only a few of a very larg 
number of items covered by the Internationa 
Rules. In each new congress, the rules become mor 
complicated. See Plant classification ; Plan 

KINGDOM. [E.L.r 
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Plant organs 

Plant parts having rather distinct form, structun 
and function. Organs, however, are interrelate 
through both evolution and development and ar 
similar in many ways. 

Roots, stems, and leaves are vegetative, or ase? 
ual, plant organs. They do not produce sex cells o 
play a direct role in sexual reproduction. In man 
species, nevertheless, these organs, or parts of ther 
(cuttings), may produce new plants asexuall 
(vegetative reproduction). Sex organs are forme 
during the reproductive stage of plant devclo| 
ment. In flowering plants, sex cells are produced i 
certain floral organs. The flower as a whole is som< 
times called an organ, although it is more appropr 
ate to consider it an assemblage of organs. .S^ 
Reproduction, pjant. 

Root. The root is usually the underground pai 
of the plant axis. It may consist of a dominant pr 
mary seedling root (taproot) with subordinai 
branch roots, as in carrots and beets ; or it may fc 
composed, as in grasses, of numerous branche 
roots of similar dimensions (fibrous roots). Co 
lectively, all the roots of a plant are known as 
root system. Roots anchor the plant, absorb wate 
and mineral salts in solution from the soil, an 
conduct these to the stem. Organic food and growl 
substances received from the stem move to th 
areas of growth and storage in the roots. 

Stem and leaves. The stem is usually the aern 
part of the plant axis and bears leaves. The stei 
and leaves together constitute the shoot. In som 
species the major portion of the stem grows hor 
zontally beneath the surface of the soil, and thus i 
called a rhizome, or underground stem. The stci 
conducts water and minerals from the roots to a 
parts of the shoot, and food materials and growt 
substances from the shoot to the root. The stei 
may also serve as a storage organ for water an 
food. Green leaves containing chlorophyll^ 
exposed to light and air, carry on photosynthcsi 
As a by-product of this process, oxygen is returna 
to the atmosphere. leaves also return la^l 
amounts of water vapor to the air through trsnap 
ration (evaporatipn). Some leaflike structure® 
protective (bud scales), others ai^ fleshy type® > 
which food and water accumulate. ^ 
leaves on a seed plant are called ootyledonik 



Flonwr, fruH, aiHl SMd. The flower is often in- 
terpreted as a modified shoot bearing floral organs 
uijtead of leaves. These organs are the sepals, pet- 
jg, stamens, and carpels. The sepals and petals are 
sterile leaflike appendages. Sepals, like leaves, are 
commonly green. Petals, containing little or no 
chlorophyll, are usually white or have some color 
other than green. The sepals collectively constitute 
the calyx, the petals the corolla. The calyx and co- 
rolla form the perianth or floral envelope. The sta- 
mens and carpels are the reproductive floral organs 
and produce sex cells. A stamen is usually com- 
posed of a slender stalk, called the filament, at the 
tip of which is an anther. The anther is divided 
into four or fewer pollen sacs in which pollen 
prams develop. When mature, the pollen sacs open, 
and the pollen is transferred by wind, water, in- 
sects, or man to the tips of the carpels, a process 
I ailed pollination. The assemblage of stamens is 
called the androecium, a term implying the male 
nature of this part of the flower. The carpel assem- 
blage is called the gynoecium to indicate its female 
nature Pistil is another term used to designate the 
female part of the flower. A single carpel may form 
a pistil, or two or more may be combined into a 
(ompoiind pistil. The pistil generally consists of an 
enlarged basal part called the ovary. The apex of 
the ovary usually narrows into a stalk, called the 
•Jivle that terminates in a sticky surface, the 
‘'tigma The ovary contains one or more ovules. The 
egg cell produced in each ovule becomes fertilized 
1)> the sperm brought to the ovule by the pollen 
lube The latter is an outgrowth of a pollen grain 
that became attached to and germinated on the 
stitfma. The pollen tube grows through the style to 
the ovule where it discharges the sperm. After the 
»gg IS fertilized by a sperm, the ovary, sometimes 
together with other floral parts, develops into a 
fruit The ovules become seeds. 

See separate articles for detailed discussion of 
the various plant organs. See Plant physiology ; 
Plant tissue systems. [k.e.] 

^bibliography: see Plant anatomy. 


Plant physiology 

The branch of botany which comprises knowledge 
the processes which occur in plants. It is a fun- 
tlamental tenet of physiology as a science that the 
ttsually complex processes occurring in living or- 
ganigms can be resolved into the relatively simpler 
processes of physics and chemistry. The field of 
plant physiology therefore grades imperceptibly 
into the fields of plant biochemistry and plant bio- 
Pnysics. Much progress in elucidating the detailed 
mechanisms of the physiological processes that oc- 
in plants has been achieved by using physical 
jntl chemical methods as tools of experimentation, 
n exception has ever been found in which plant 
Processes do not operate in accordance with the 
nndaineQtal principles of physios and chemistry, 
^11 processes occurring in plants arc subject to 
! ^ control of the genetic factors inherent 
[ the plant and the envirosnnental factors lo 
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which it is subjected. The study of the effects of 
vironmental factors upon physiological processes 
therefore often comes within the purview of plant 
physiology. In this area of knowledge plant physiol- 
ogy overlaps with the field of plant ecology in a 
borderline domain of knowledge which is often 
called physiological ecology. 

The effects of genetic factors upon the physiology 
of plants are under implied consideration whenever 
the same process is studied comparatively for two 
different species of plants, or even different varie* 
ties of the same species. Differences in physiology 
between species are as much a reflection of their 
genetic differences as are their more obvious differ- 
ences in external morphology. Genetic differences 
in physiology are often much more subtle than 
morphological differences; varieties of the same 
species, indistinguishable morphologically or nearly 
so, often differ to a marked degree in their physi- 
ology. 

Investigations of the mechanism whereby specific 
genetic factors — the genes of the chromosomes — 
influence physiological processes involves precise 
probing into the metabolic pathways within cells 
and into the patterns of enzymatic activity which 
control such pathways. This subdivision of biology 
is often called physiological genetics. No sharp 
boundary can be drawn, however, between this 
realm of knowledge and the realm of plant physiol- 
ogy. 

An intimate relation exists between the cellular 
structure of a plant and the processes which occur 
in it. This relationship is a dual one. The organs 
and tissues of a plant originate as a result of 
gr«>wth, which is itself a complex of coordinated 
physiological processes. Once materialized, how- 
ever, the organization of a cell or the cellular 
structure of a given tissue or organ may have 
marked effects on the manner in which continuing 
physiological processes proceed within it. Process 
and structure are inseparable facets of the phenom- 
enon of growth in plants. See Photosynthesis; 
Plant, mineral nutrition of; Plant, water re- 
lations of; Plant growth; Plant hormones; 
Plant metabolism; Plant respiration, [b.s.m.] 

Plant respiration 

A chemical process whereby living protoplasm 
breaks down certain organic substances with the re- 
lease of energy which is used in various metabolic 
activities. In contrast to photosynthesis, in which 
light (radiant) energy is changed to chemical 
energy that is bound in organic molecules, respira- 
tion consists of a series of transitions in which a 
part or all of the bound energy is released from 
organic molecules. For example, sugar is gradually 
broken down in a series of reactions which involve 
the release of energy and which may ultimately 
result in the formation of carbon dioxide (CO|) 
and water (HxO). 5ee Photosynthesis. 

For these reactions to occur, cel) catalysts called 
enzymes must be present to serve a twofold pt|r- 
pose. First, they are instrumental In sfdit^g ^ 
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more complex organic molecules into simpler ones. 
Second^ and perhaps more important, these enzymes 
facilitate the transfer of energy to energy-rich 
phosphate bonds in organic phosphate molecules. 
See Enzyme. 

Mtecbanism of respiration. For an understand- 
ing of the many integrated reactions in respira- 
tion, it is first necessary to establish that the living 
cells of some species of plants have respiratory re- 
actions which do not require utilization of free 
oxygen. An example of such a species is yeast, in 
which the following respiratory reaction occurs : 

C«Hi 206 -» 2C2H5OH + 2CO2 

The end products of this anaerobic reaction are 
ethyl alcohol and carbon dioxide, whereas in the 
utilization of free oxygen in respiration, carbon 
dioxide and water are the end products {see Plant 
fermentation). Many living cells have both aero- 
bic and anaerobic respiratory systems. Conse- 
quently, the kind of respiratory reaction that oc- 
curs is generally dependent on whether free oxy- 
gen is present. Some species of bacteria cannot 
live in the presence of free oxygen and are known 
as obligate anaerobes. In both aerobic and ana- 
erobic respiration, the end products are formed 
only after a number of intermediate reactions. 
The intermediate reactions common to both aero- 
bic and anaerobic respiration are called glycolysis 
and do not utilize or require free oxygen. See Bac- 
terial METABOLISM. 

Glycolysis. The central feature of the initial 
breakdown by glycolysis is the conversion of hexose 
sugar to pyruvic acid through a series of reactions 
which involve phosphorylated derivatives of hexose 
sugar or other carbohydrates. Each step involves 
the action of a specific phosphorylase enzyme; 
these steps may be summarized as follows (enzyme 
names are shown beside the arrows) ; 

Glucose 

iHexokinase -f- ATP 

Gliicose- 6 -phosphate H- ADP 

I PhosphohexoiBomoraae 

Fructose - 6 -phosphate 

I^Phoaphohexokinaae + ATP 

Fructose- 1 , 6 ,-diphosphate -f- ADP 

Aldolase 

S-Phosphoglyceraldehyde -H Dihydroxyacetone 

phosphate 

|Trio8ephosphate dehydrogenase -f DPN 

3 -Pho 8 phoglyceric acid + DPN H2 

^ Phosphogly oeromu tase 

2 -Phosphoglyceric acid 

lEnolase 

Phosphoenolpyruvic acid + H2O 

I Phosphotransferase ADP 

Pyruvic acid + ATP 

With the formation of pyruvic acid, the initial 
and immnediate steps common to aerobic and 
anaerobic reepiration end. The fate of pyruvic acid 
is different in the two kinds of respiration. In one 


type of anaerobic respiration the following 
tions occur: 


Pyruvic acid Acetaldehyde -h CO* 


Acetaldehyde -H DPN H2 


Alcohol 

dehydrogenase 


Ethyl alcohol -f DPN 


Krebs cycle. In aerobic respiration pyruvic and 
is* converted to CO2 + H2O by a series of reactions 
known collectively as the Krebs cycle. This cycle 
involves two kinds of enzyme, dehydrogenase<; 
which remove hydrogen, and carboxylases which 
remove CO2. The dehydrogenases, in turn, release 
the hydrogen to the terminal oxidases, which com- 
bine the hydrogen with free^oxygen in forming 
H2O. Thus the end products of aerobic respiration 
(H2O and CO2) are the final products of pyruvic 
acid oxidation. 

The Krebs cycle may be summarized by the fol 
lowing steps : 
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By the addition of the pyruvate ( 3 -carbon com- 
pound) to oxaloacetate ( 4 -carbon compound) a" 
by passage through the Krebs cycle, three ino® 
cules of CO2 are split off from different inter 
mediates and sufficient hydrogen is transferred 0 
oxygen to yield H2O. In the formation of citric sci 
( 6 -carbon compound) from oxaloacetate pit** 
vate, one molecule of CO2 is liberated. The ^ 
acid is then degraded viH the Krebs cycle 
loss of two additional molecules of COs- 



suits in the regeneration of the 4-carbon compound, 
oxaloacetate. The cycle is then repeated by adding 
another molecule of pyruvate. During the cycle, in 
addition to the CO 2 formed, some of the inter- 
mediate compounds are oxidized by the removal of 
hydrogen. The hydrogen may react with oxygen by 
means of certain enzyme systems to form H 2 O. 

All the molecules of pyruvate that result from 
glycolysis are not decarboxylated and oxidized to 
CO 2 and H 2 O. Some of the pyruvate molecules may 
(1) participate in the formation of high phosphate 
bond energy enzymes; (2) be intermediate com- 
pounds in amino acid synthesis; (3) be precursors, 
via acetyl coenzyme A, for the synthesis of fatty 
acids; and (4) be other precursors for the bio- 
^vntheses of assimilation products. 

[Tnlcss some of the pyruvate molecules are 
utilized in the above-mentioned metabolic path- 
ways. the integrated metabolism that is the basis for 
life would cease. As far as is known this holds true 
for most living cells. 

The formation of L-malate from pyruvate by the 
addition of CO 2 that is accompanied by the oxidixa- 
lioii of TI*NH 2 is known as carbon dioxide fixation 
or tarboxylation. This mechanism is similar to. hut 
distinct from, CO 2 fixation in photosynthesis. The 
priiK ipal difference appears to be the specific kind 
of organic molecule that acts as the COii acceptoi. 
\prol)ic respiration can be summarized in its en- 
liro reactions as follows: 


(Tiucose 
(1 molecule) 

I Phoephorylases 

Fructose diphosphate 
(1 molecule) 


I 


hosphoclyceric acid 


I ^ehydrojRonase 


[2 mol 


ecules) 


Pyruvic acid 
(2 molecules) 

fiPaO - 

6CO2 


4H + Carrier O 2 

i 

r. . ^ 2 H 2 O 

DehydroK<‘na8e 

20H -}- Carrier — SOj 

i 

IOH 2 O 


Energy transfer. In the above series of reactions 
the respiratory process, sugar is broken down by 
>*'eans of a step-by-step oxidation resulting in a loss 
of energy at each step. Some of this energy is dis- 
sipated, for example, as heat energy. More im- 
portant, however, is the energy which is transferred 
to the phosphate enzymes and which is subsequently 
released in various biosyntheses or which is the 
source of energy for these reactions. This transfer 
ol energy is not shown in the previously discussed 
reactions because such energy transfer involves 
additional reactions. 

The key phosphate enzymes are the two adenine 
derivatives. The adenine derivatives are molecules 
I of adenine* ribose* and phosphate groups. 
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The phosphate groups contain the stored energy. 
Adenosine is produced from the reaction of ribose 
and adenine. Adenosinediphosphate (ADP) has two 
phosphate groups, whereas adenosinetriphosphate 
(ATP) ha.M three groups. Each phosphate group 
has 12,000 calories of energy per mole. It is only 
recently that the mechanism of the adenosine for- 
mation has been understood in its relationship to 
respiration. For example, during glycolysis, ADP 
and ATP are formed when phosphoglyceraldehyde 
is converted to S-phosphoglyceric acid. This may 
be shown as follows: 


3-Phosphoglyceraldehyde 

I Phosphate 

1,3-lJiphosphoglyceraldehyde 

i 

l,3-Dipho8phogly ceric acid 


3-PhoRphogj 


Knergy 


Ad -Ph-^Ph 


transfer ^(1— Ph~Ph~Ph 
yceric acid 


(ADP) 

(ATP) 


The above transfer of energy-rich phosphate 
bonds (Ph/*^Ph) can account for only a small por- 
tion of the energy which is stored as such bonds. 
Research has shown that the complete oxidation of 
1 mole of hexose to CO 2 and HjO should release 
680,000 cal. Actual measurements show that ap- 
proximately 290,000 cal are not released hut are 
stored in the form of phospheate bond energy. It is 
not entirely clear how the remaining energy is 
transferred to storage, but it is thought that ATP 
is generated during the Krebs cycle or pyruvic acid 
oxidation. Biochemists now are of the opinion that, 
during the splitting off of hydrogen and carbon 
dioxide, these reactions involve the taking up of 
phosphate and the formation of organic phosphate 
intermediates which, in turn, release the energy- 
rich phosphate bonds to ATP. The transfer of 
energy can occur at any of the steps in the Krebs 
cycle and may be illustrated at the pyruvic to 
acetic acid step as follows: 


CH3COCOOH -h H3PO4 + DPN 

CHaCO H2PO4 + DPN Ha + CO2 
Pyruvic acid Phosphate Col 

Acetyl phosphate Reduced Col 

i 

Acetic acid -f Ad — Ph^Ph^Ph (ATP) 

A summary of these reactions is given in Table 
1 with the numbers of phosphate high-energy bonds 
yielded. The 16 bonds yield 184,(X)0 cal out of the 


Table 1. ^tnmary of reactions In Krebs citric acid cycle 

Number of 

ReactionB energy-rich bonda 


Pyruvic — > Acetic 4 

Isocitric a-Ketoglutarlc 3 

a-Ketoglutaric — ♦ Succinic 4 

Succinic — » Fumaric 2 

Malic — ► Oxaloacetic ^ 

Total 16 



274»000 C 9 i released by oxidation of pyruvic acid, 
or an energy capture of 67%. 

In die preceding discussion, it has been demon- 
strated how energy is captured in respiration. Now 
it becomes important to show how a respiratory 
intermediate product is synthesized into a cellular 
constituent. This is the second important function 
of respiration in terms of metabolism, because CO2, 
H2O, and dissipated energy are useless. a-Ketoglu- 
taric acid, a respiratory intermediate, is the raw 
material from which the amino acid, glutamic acid, 
is synthesized. This synthesis occurs as follows: 


a-Ketoglu taric acid + NH3 


DPN-Ht 


Glutamic 

dehydrogenase 


Glutamic acid -f H2O -f- DPN 


Factors affecting respiration. From the previous 
discussion on the nature of the respiratory mecha- 
nism, it is evident that respiration involves an 
extremely complicated series of biochemical reac- 
tions which are intimately related to all living 
processes. If this were not true, methods used for 
the measurement of respiration would be far more 
accurate than they are at present. Respiration 
usually has been measured by the gas-exchange 
technique. In investigation of the rate of aerobic 
respiration as it is affected by a certain factor, the 
oxygen used or carbon dioxide evolved is measured 
per weight of tissue. The gas-exchange technique 
thus operates on the assumption that respiration 
is a complete oxidation of sugar in which one 
hexose molecule is oxidized by six O2 molecules, 
and six CO2 molecules are released. Hence the 
ratio of the volume of CO2 evolved to the volume of 
O2 used is equal to unity. This ratio is called the 
respiratory quotient (CO2 /02). But as the respira- 
tory mechanism indicates, every molecule of hexose 
sugar does not always end up as C02 and H2O. 
Therefore the rate of respiration as measured by 
CO2 evolution may be far from completely accurate 
as an index of the respiratory intensity. However, 


Table 2. Rates of respiration of various plant species* 


Species 

Description 

Tem- 

perature. 

»C 

Intensity of 
respiration, 
ml Os /(hr) 
(g fresh wt) 

Cactus (Gereus) 

Herbaceous 

12 

3.00 

Ecuador cholla 

perennial 

Herbaceous 

13 

6.80 

Prickly pear 

perennial 

Herbaceous 

13 

11.40 

{OpufUia) 

Stone crop 

perennial 

Herbaceous 

13 

16.60 

Norway spruce 

perennial 

Tree 

15 

44.10 

Common snow- 

Perennial 

13 

77.60 

drop 

Broad bean 

bulb 

Herbaceous 

12 

96.60 

Four-o*dook 

annual 

Hefhaoeous 

15 

120.00 

Wheat 

perennial 

Annual 

13 

291.00 


* W. 9l{las, An fnitwtueiian lo the Prineiplee ef Pkmi 
Mel^uan, 1950. 


Table 3. Ratae of raaplratlon of varloiia plant 

Respiratory intonsity. 

Speoiee _ /(tir)(g fresh w|) 



ature, 

Sepala 

Petala 

Stamena 

PfMil 


Mullein 

Beard- 

23.0 

0.747 

0.177 

0.761 

0.815 

0 382 

tongue 

23 5 

0.571 

0.398 

0.602 

0 689 

0 300 

Poppy 

Tree- 

22 0 

0.390 

0.367 

1.041 

0.690 

0 332 

mallow 

22 0 

0.615 

0.303 

0.576 

0.894 

0 394 


* From W. Stiles and W Leeoh, ReapiraiUm in PlanU, Methuen 
1952 

in the development of the present knowledge of 
factors which affect the rate of respiration, it was 
necessary to evaluate respiration by gas exchange 
because better methods were n^ available to the 
investigators who obtained the data. Such data do 
not therefore constitute an absolute indicator of 
respiratory intensity, but rather indicate an ap- 
proximation or what might be called an apparent 
respiration rate. 

The rate of respiration is influenced by a com- 
plex of interrelated factors; that is, respiration 
intensity is dependent both on conditions within 
the living cell and on environmental factors. The 
role of the living cell in regulating respiratory 
intensity is illustrated by differences in rate of 
respiration between species of plants, between 
organs of the same species, and by age of the 
organ. Such differences are comparable only if 
environmental factors are the same. These differ 
ences are substantmted by experimental data pre 
sented in Tables 2*and 3. These data show that, at 
approximately equal temperatures, respiratory in- 
tensity varies with species of plant and with varioii'^ 
plant organs or parts of plant organs of the samp 
species. 

Concentration of substrate. The discussion turns 
now to the question of why differences in respira 
tion intensity occur. Excluding environmental fac- 
tors, the answer is found in the intracellular factors 
which control the many reactions of respiration 
These are concentration of substrate such as sugar, 
concentration of enzymes, enzyme activators, and 
enzyme inhibitors; and degree of cell hydration 
For example, it has been shown that as sugar sub- 
strates are exhausted, the rate of respiration de 
creases (as measured by CO2 evolution). Likewise, 
decreasing cellular water content in soybean seed 
results in a reduced rate of respiration (Fig- D 

Time factor. Research on fruit has demonstrated 
that time is an important factor in respiratory in- 
tensity. The time effect as related to age of fruit 
illustrated by the data on several varieties of appj®* 
(Fig. 2). These data show that as the 
reach maturity, the rate of respiration is incrcas^* 
Other data show that this peak of respiratory ij*' 
tensity (climacteric) does not continue, but rapiui^ 
falls off to a steady state. j 

Environmental factors. The major environm^nta 
factors which affect the rate of reapiration 
temperature, oxygen concentration, carbon oioxi 
concentration, and light, Reapiration ia a ^*f**^®. ^ 
reaction and thus temperature shoukl incre^ ^ 
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1 The association of the rote of respirotion os 
measured by CO2 evolution with the moisture content 
of soybean seed (From P. E. Ramsfad and W. F. Ged~ 
des The Respiration and Storage Behavior of Soy- 
beans, Mmn Agr Exp. Sta. Tech. Bull. 156, 1942) 



effect of age of fruit (os denote^ by hor- 
^ate) on fiie rote of respiration os meosured by 
I U ’ of several varieties of apples. (From 

Smock and C. R, Grou, CbrneJI Unlv. Agr. Exp. 
® ^em. 297, 1950) 


three times for each lO-degree (centi- 
lae ^ temperature. This rate of increase of 

is expressed by the symbol Qio and is 
'" C klf cocflicient. Between 0 and 

' ^ (?io for most kinds of plant tissue is 2.0- 
Above 35 the rate of respiration can be 
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shown to increase for short periods of time; but 
from 40 to 45® C, the rate rapidly falls to less than 
rates at 30®C. This is thought to be due to enzyme 
inactivation and failure to maintain a supply of 
substrate. At 35®C, however, time may affect the 
respiratory intensity of some kinds of plant organs. 
The effects of temperature and time on the rate of 
respiration of plums are graphically presented in 
Fig. 3. 

The considerations relative to factors affecting 
respiratory intensity are applicable to both aerobic 
and anaerobic respiration. As previously indicated, 
the rate of aerobic respiration is affected by the 
concentiation of oxygen as well as by other fac- 
tors. In closed chambers containing plant material 
on which respiration is being determined, unless 
the oxygen used is replaced, the air in the chambers 
becomes progressively lower in oxygen and higher 
in carbon dioxide. The rate of lespiration is de- 
creased under such conditions. It is difficult to 
determine from the data whether such a decrease is 
the result of CO 2 toxicity or lack of O 2 . The direct 
effect of oxygen concentration can be determined 
only under experimental conditions where oxygen 
is the variable and CO 2 is kept at the normal atmos- 
pheric level. L. L. Claypool and F. W. Allen studied 
the effect of oxygen concentration on plum fruit 
respiration under such experimental conditions, 
and the data obtained at 86®F are presented in 
Fig. 4. These data show that with increasing oxy- 
gen concentrations from 1 to 50%, accelerated rates 
of respiration were obtained which maintained a 
fairly constant rate with time. At oxygen concen- 
trations above 50%, respiratory intensity is acccl- 
eratc>^ for a short period of time but then falls off. 

The direct inhibitory effect of increasing con- 
centrations of carbon dioxide on respiration has 
been demonstrated by germinating mustard seed. 
However, increasing CO 2 concentration does not 
always have a direct inhibiting effect on respira- 
tion. Leaves in light placed in higher concentra- 



plums. (From 1. L Cfqypp^l and f . W. Aihn, HUgardld 
2?(5)il29-I50, WT> 
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Time in days 

Fig. 4. The effect of oxygen concentration on the rate 
of respirotion as measured by CO^ evolution of Wick- 
son plums. (From L. L Claypool and F. W. Allen, Hil~ 
gardia 27 (6):7 29-160, 1951) 


tions of CO 2 have higher rates of respiration be- 
cause the increased photosynthetic rate results in 
more sugar substrate for respiration. 

Food production and food use. When food pro- 
duction is compared to food use, the maximum rate 
of photosynthesis occurs at lower temperatures 
than the maximum rate of respiration (Fig. 5). 
This means that during extremely hot daylight 
hours of summer, the rate at which food is made by 
photosynthesis may barely equal the rate at which 
food is used in respiration. Respiration goes on 
continuously day and night and photosynthesis 
occurs only during the hours of daylight; thus it 
is evident that, if such conditions persisted for a 
very long period, use (respiratory decomposition) 



Fig. 5. Relative rates of photosynthesis and respira- 
tion in pototo leaves during 10-minute exposures to 
different temperatures In shade and in full sunlight. 
Recalculated from data by H. S. Lundegardh. (From 
E. Ni TronseoMi, C. Sampson, and L H. Tiffany, Text- 
book of Botany, Harper, 1953) 


would greatly exceed the production of food, growth 
would cease, and the plant would succumb. 

Respiration and agriculture. Data from respira 
tory research have enabled scientists to recommend 
methods whereby various food products may 
transported and stored with a minimum loss of 
quality. Fruit and vegetables are kept at high 
quality for shipment and storage by refrigeration 
The reason for refrigeration is that low tempera- 
ture causes respiration rate to be at a minimum 
Deterioration in quality occurs at the higher tern 
peratures because of factors associated with high 
rates of respiration. Deterioration is also held to a 
minimum by the maintenance of high CO2 con- 
centrations and low oxygen ^ncentrations in stor- 
age structures, but refrigeration is the most wideK 
used method. 

Unlike fruits and vegetables, seeds which are lo 
be stored for food or planting purposes can be kept 
at high germinability with little deterioration hv 
removal of moisture from the seeds to a level where 
the rate of respiration is at a minimum. Mainte 
nance of germinability with prevention of los*? ,n 
quality of stored seeds is now being carried out on 
a large scale by removal of moisture from seeds to 
a moisture content which is safe for storage. Mob 
ture removal is accomplished either by naliirdll 
curing in environments of high evaporation or 1%] 
artificial drying in humid environments. The ^affl 
storage moisture contents of several kinds of 
are shown in Table 4. A considerable variarioii 
exists in safe st^age moisture contents among llu 
different kinds of seeds, because safe storage m(M^ 
ture content for a seed is the moisture content] 
which will be in equilibrium with relative hiimidi 
ties of less than 75% so as to prevent or rhedv 
microbial deterioration. The equilibrium nioivtiiri* 
of a particular kind of seed at relative humidities 
of less than 75% will depend upon the chemiral 
constituents of the seed. Seeds high in hydrophiln 
colloids (proteins and starches) will have higher 
safe storage moisture contents than seeds which 

Table 4. Safe storage moisture contents of various 
kinds of seeds for maintenance of high germinability 
and low deterioration 


Safe storage 


Kind of seed moisture content, %* 

Barley 12.0 

Buckwheat 12.5 

Blue lupine 11. Of 

Corn 12.0 

Crimson clover lO.Ot 

Flaxseed 7.9 

OaU 11.8 

Peanuts 6.0t 

Rice 12.5 

Rye 12.2 

Sericea lespedeza 8.5t 

Sgrghum 11.9 

Soybeans 9.3 

Watermelon 8.4t 

Wheat - 12.0 _ 


* On a basis of wet weight, 
t Determined by Agricultural 
Alabama Polytechnic Institute. 


Experime^vS*?*^ 

1 




jje low in hydrophilic colloids (oil seeds). The 
sam^ principles are also applicable to the storage 
of hay crops. 

In the discussion of temperature effects on the 
rate of respiration, the interrelationship between 
photosynthesis and respiration as influenced by 
temperature was mentioned. This interrelationship 
is important in crop yields. The light intensity at 
which the rates of respiration and photosynthesis 
are equal is called the compensation point. If light 
intensities are sufficient to increase photosynthesis 
rates as rapidly as increases in temperature cause 
arceleration in respiration, the compensation point 
(hanges. However, before growth can occur in plant 
parts such as stems, roots, bulbs, fruits, and seeds, 
the rale of photosynthesis must exceed the rate of 
respiration so that sufficient sugar remains for leaf 
respiration at night and for translocation to storage 
organs. Thus two considerations are involved, 
(1) amount of sugar not used in light, and (2) rate 
of night respiration, which is generally controlled 
1)\ night temperatures. A well-known example il- 
lustrating these considerations has to do with the 
size of Irish potato tubers under different condi- 
tions. Warm nights, by causing a comparatively 
high rate of respiration, leave too little sugar for 
g^o\^th oi the tubers and small potatoes result. On 
the other hand, cool nights facilitate yields of large 
potatoes. Thus in open habitats night temperatures 
are very important in the growth and development 
of storage organs. See Plant growth; Plant 
METABOLISM. fj.F.F.l 

Bibliography: J. Bonner, Plant Biochemistry ^ 
1%0: J. F. Ferry and H. S. Ward, Fundamentals 
of Plant Physiology y 1959; D. R. Goddard and 
J. D Meeuse, Respiration of higher plants, Ann, 
Rrv. Plant PhysioL, 1:207-232, 1950; B. S. Meyer 
and n. B. Anderson, Plant Physiology, 2d ed., 1952; 
W. Stiles and W. Leach, Respiration in Plants, 3d 
ed.. 19,S2. 


Plant societies 

Assemblages of plants which constitute structural 
parts of plant communities. They may be compo- 
nents in spatial arrangement such as layers, life- 
form groups, or seasonally or locally prominent 
populations of plants. There is no agreement as to 
the precise usage of the term beyond the generally 
^ecepted notion that it should be used for structural 
'vegetation elements of a rank below or within the 
plant community as a whole. A hierarchy of pro- 
gressively larger units in vegetation structure with 
example is as follows: 


Individual plant — ► clump of similar individuals — p 

(rose) (clone ot roee bushes) 


society — > community 

/shrub society \ / oak-Wokory, \ 

Vinoluding roses/ ( forest community I 
\ or association / 


biome 



btochore 

U forest bioohore \ 
forest formations/ 
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Societies can be defined on the basis of structure, 
dominance, season, and life form. 

Structural sociatias. These societies are groups 
of plants within a community, which attain approx- 
imately the same height and which bear their foli- 
age at about the same level above ground. They are 
also known as layer societies or unions. Such socie- 
ties may form a more or less continuous layer 
throughout the area occupied by the community. In 
a forest, for example, there is the canopy society of 
tall trees, low-tree society, shrub society, herb so- 
ciety, and ground-layer society. These may he re- 
fined further if necessary. .Some authors have im- 
plied or stated that there is a certain cohesion 
among the component species of a layer society, 
giving it the status of a community within a com- 
munity. However, since there is also often a strong 
interdependence between members of different 
layer societies, as in the influence of the canopy 
upon the density of lower vegetation in a forest, 
such societies should not be regarded as independ- 
ent entities. A useful set of symbols for the record- 
ing of spatial arrangement of vegetation has been 
proposed by P. Dansereau. 

Dominance societies. These societies have been 
defined by J. Weaver and F. Clements as aspect so- 
cieties or series of stands clearly belonging to a 
certain community. In addition to the characteris- 
tic dominants, these societies possess certain sub- 
dominants or codominants of another life form or 
aspect than the dominant elements of the commu- 
nity. The concept is useful especially in grasslands, 
marshes, heaths, and other vegetation types in 
which dominance is an important feature. For in- 
stance, prairie communities may be defined on the 
basis of grass species. Within these communities, 
certain conspicuous, broadleaved herbs form local 
aspect societies. The extent and development of 
such societres have been used as indicators of the 
recent history of grassland stands, especially with 
regard to climatic fluctuations. 

Seasonal societies. Weaver and Clements also 
applied the term society more precisely to groups 
of plants which determine the seasonal aspects of 
plant communities. Examples of such seasonal so- 
cieties are the carpet of trillium, bloodroot, dog- 
tooth violet and spring beauty in deciduou.s forests 
in the spring, the asters and goldenrods of aban- 
doned pastures in late summer, and the masses of 
short-lived annuals which suddenly develop after 
spring rains in the western deserts. Such societies 
are structural units by virtue of the uniform timing 
of phenologic response of the plant species in- 
volved. • 

Within a community there may be a progression 
of seasonal societies as prevernal — > vernal — > 
estival — ^ serotinal — » autumnal ^ hiemal. Each so- 
ciety makes its own demand upon the resources of 
the habitat* Therefore, a full understanding of a 
community requires observation of all its seasonal 
aspects. 

Lifo-fonH sOchitiM. Plants in a oommunity 
which have their permanent vegetative axes nnd 




Analyst of a hqwthorn-crabapple community In term 
of life forms (with seasonal correlations). With each 
ttoeiety a dloQram on the left shows overwintering 
structure (arrow pointing to bud), (a) Society of low 


deciduous trees, (b) Society of sod-forming graminoids 
(c) Society of rosette-forming hemicryptophytes. (d) So- 
ciety of stoloniferous chamaephytes. (e) Society of 
rosette biennials, (f) Structure of the entire community 


buds at the same level in or above the soil, consti- 
tute life-form societies or synusiae. Members of 
such societies are therefore subject to similar 
growth conditions and frequently develop accord- 
ing to a similar pattern. The illustration shows how 
a plant community may be analyzed structurally 
using life forms as a criterion to distinguish socie- 
ties, such as the following: (1) society of clumped, 
low, deciduous trees (hawthorn); (2) society of 
Bod-^forming graminoids flowering in midsummer 
(bluegrass. redtop, and so forth); (3) society of 
short-rhizomatous hemicryptophytes with winter 
rosettes and autumnal flowering period (golden- 
rod, aster) ; (4) stoloniferous chamaephytes with 
winter rosettes, flowering in early summer (pussy- 
toes, cinquefoil, strawberry) ; and (5) society of 
biennial rosette plants (wild carrot, thistle, mul- 
len). 

Such divisions into societies are useful because 
they demonstrate the arrangement in space of the 
gerial and underground parts of the species in the 
community as well as the timing of their vegetative 
and reproductive cycles, 


From the enumeration of criteria it is evident 
(1) that all types of societies, regardless of the 
criteria used to define them, have certain common 
features; and (2) that there is a lack of agreement 
regarding the precise meaning and definition 
of the term “society.” Pending a definitive, inter- 
nationally acceptable vocabulary for ecology, t e 
word society should be used only with a qualifying 
adjective, as seasonal society or structural society- 
Where another term with a more specific meaning 
is available, as union for structural society, or 
synusia for life- form society, the word shoul 
avoided. . 

The society concept remains useful to ecology 
in the analysis of vegeution, as a general term o 

. . , ■ . iy n- 

[K.LE.] 
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Plant taxonomic literature 

Taxonomy is basically descriptive, and its liters* 
ture is voluminous. It is found in all sorts of publi- 
rations, from large volumes to small pamphlets, 
from single works to articles in periodicals. To fur* 
ther complicate the situation, every nation has had 
Its taxonomists and the literature has appeared in 
many languages. Therefore, great dependence must 
l)e placed upon significant indexes to taxonomic 
literature, floras, and general works of a broad 
scope. 

Indexes. One of the most helpful indexes in 
plant taxonomic literature provides references to 
scientific names of seed plants. This is the Index 
Kewensis plantarum phanerogamarum^ inspired 
and made financially possible by a gift from 
Charles Darwin to the Kew Botanical Cardens in 
England. The original work, published in 1893- 
189S, consisted of an alphabetical list of genera 
published from 1753, the date of Carolus Lin- 
naeus’ Species plantarum (see Plant names) 
down to 1885 Under each generic name was given, 
in alphabetical order, every specific epithet known 
to have been published in that genus, each entry 
being followed by the name of the author, the place 
of publication, and the native country of the plant. 
Eleven supplements were published up to 1953, and 
the work has become an indispensable reference 
for all plant taxonomists. 

Other indexes. Genera siphonogamarum, pub- 
Ii'^hed m Berlin in 1907, is a list by C. G. Dalla 
Torre and H Harms which gives orders, families, 
and genera of seed plants, arranged systematically ; 
the genera are numbered consecutively from 1, 
( )rfis to %29, Thamnoseris, and these numbers are 
ii‘»cd bv some curators as a basis for filing herbar- 
ium material (aee Herbarium). 

Thesaurus literaturae botanicae, second edition 
prepared by C. A. Pritzel, Leipzig, 1872, gives a 
list of important titles of botanical works up to the 
dale of its publication. 

General works of a broad scope. No single 
work treats of every plant species on earth. Numer- 
»us contributions, however, deal with significant 
•^giTirmts of the plant kingdom. Some of these are: 

Prodromus systematis naturalis regni vegetabilis, 
17 volumes and 4 index volumes, Paris, 1824^1873. 
This work attempts to account for all species of 
dicotyledons. The first seven volumes ^were written 
h Augustin Pyramus dc Candolle; the remainder 
edited by his son, Alphonse, and written by 
some thirty-five monographers, including Casimir 
de Candolle, son of Alphonse. 

Ole naturlichen Pflanzenfamilien^ A. Engler and 
^ Prantl, editors, Leipzig, 1887-1915. A 23-volume 
including keys, descriptions, and illustrations 
families and genera of all plants except bac- 
Summaries are given of information Obncern- 
‘"R embryology, morphology, anatomy, taxonomy, 
paleobotany of each group, with references to 
'‘elected bibliography. 
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Das Pflanzenreich^ Leipzig, 1900 . A work of 

over 100 volumes, begun by A. En^d^r, deals widi 
genera and species of vascular plants of the world. 

Floras. A descriptive manual, or flora, is a sys- 
tematic treatment of the species of a given area, 
with identification keys and descriptions of the wild 
plants of the region (see Plant keys). There are 
no reference works covering in detail all plants 
known to exist; even if such reference works were 
available, they would be too cumbersome for ordi- 
nary use. Regional floras, however, make available 
the details of the plant life of the world, region by 
region. 

In some parts of the world, local vegetation has 
been studied carefully for many years and few, if 
any, new species are likely to be found. But in 
many other regions, manuals are either unavailable 
or are so antiquated or incomplete as to be of little 
value. This is especially true of Africa, Asia, and 
South America, but some parts of Europe, North 
America, and Australia still lack carefully pre- 
pared floras. 

Most parts of the United States are covered by 
regional manuals. For the northeastern states 
Gray’s Manual of Botany has been the standard ref- 
erence work for a century. The 8th edition, edited 
by M. L. Fcrnald, appeared in 1950. Another north- 
eastern flora is N. L. Britton and A. Brown’s Illus- 
trated Floray a 3-volume work ; the third edition, by 
H. A. Gleason, appeared in 1952. For the south- 
eastern states the principal work is J. K. Small’s 
Manual of the Southeastern Flora, published in 
1933. 

The most extensive flora of the central states 
is P. A. Rydberg’s Flora of the Prairies and Plains, 
published in 1932. For the Rocky Mountain region 
the most extensive flora is Rydberg’s Flora of the 
Rocky Mountains and Adjacent Plains; the 2d edi- 
tion appeared in 1922. The Pacific states are cov- 
ered by a comprehensive work, An Illustrated Flora 
of the Pacific States, by L. Abrams and others; the 
work will include 4 volumes, published in 1923, 
1944, and 1951, with the final volume still in prepa- 
ration. 

For southeastern Canada the standard work is 
Marie-Victorin’s Flore laurentienne, published in 
1935. See Plant classification ; Plant kingdom. 

[E.L.C.] 

Plant taxonomy 

The systematic classification and arrangement of 
plants. Plant taxonomy requires a knowledge of 
categorical concepts such as species, genus, and 
family, of the rules of both artificial and natural 
systems of ^classification, and of international riiles 
of nomencleture controlling specifically the o¥{[|dn 
and use of a single and universally recognized Zei- 
entific name. It also includes the making and )ttse 
of plant manuals, keys, and other clasaificalioit 
procures, together witb the employment of ap- 
proved methods for collecting, systeixiatieally^ re- 
cording, and preservmg plant spocimens, Tagon- 
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omy involves the application of all other branches 
of plant science, particularly genetics, evolution, 
morphology, anatomy, physiology, and ecology. 

Modern plant taxonomy is the outgrowth of a 
long trial and error experience with methods of 
classification and arrangement. The first scientific 
botanical writings were produced by the Greek 
philosopher, Aristotle (384-322 b.c.), and his pu- 
pil, Theophrastus (372-287 b.c.). Theophrastus, 
who is called the Father of Botany, listed the names 
of nearly 500 plants, and some of these still stand 
as generic names in modern taxonomy. These early 
Creek scholars arranged plants in three groups: 
herbs, shrubs, and trees. Little botanical knowledge 
was added during the next 1500 years. 

In the fifteenth century, men again became curi- 
ous about plants. During the Middle Ages, plants 
were classified according to their uses, such as me- 
dicinal plants, edible plants, and poisonous plants. 
About this time there appeared printed botanical 
books called herbals, which contained the descrip- 
tions of plants considered to have medical value. In 
addition to the descriptions, several herbals were 
illustrated with woodcuts. Some illustrations were 
so accurate that today botanists <*aii readily recog- 
nize the plants as they were originally pictured. 
This period, sometimes called the Age of the Herb- 
als, lasted for about two hundred years (1470- 
1670). During these years botany made the most 
steady, rapid, and consistent advance recorded up 
to that time. This period, however, also produced 
odd and unscientific interpretations, some of which 
still persist in certain quarters. One of these, the 
Doctrine of Signatures, maintained that often the 
medicinal plant was stamped with some clear indi- 
cation (signature) of its specific remedial power. 
For example, plants with yellow sap were said to 
cure jaundice. 

As the development of herbals continued, botany 
advanced from a status of dependence on medicine 
to that of an independent scienc’e. From the <-lassi- 
fication of plants according to their usefulness to 
man, there gradually developed an interest in clas- 
sifying them according to their own natural rela- 
tionships. Also there arose a growing interest in a 
more precise system of naming jdants so that there 
might be much less confusion. The publication of 
Species plantanim (1753) by Carolus Linnaeus, a 
Swedish botanist, marked the end of the old era in 
plant taxonomy and the beginning of a new epoch. 
Linnaeus developed a method of classification 
based primarily on the number of stamens in the 
flowers. He consistently used the binomial nomen- 
clature introduced by Caspar Bauhin (1560-1624). 
Linnaeus organized the work of his predecessors 
and fashioned it into a system by which the average 
person could identify and name an unfamiliar 
plant. He recognized natural relationships but be- 
lieved that only through an arbitrary arrangement 
could the vast numlier of known species be pre- 
sented in a serviceable manner. All these artificial 
systems of classification were predicated upon ob- 
vious superficial characteristics. 

However* even before the close of the seventeenth 


century, botanists had begun to improve plant tax- 
onomy by making more clear and complete their 
descriptions of plants, by defining categories more 
sharply, and especially by attempting to discover a 
natural basis of classification. The efforts to pro- 
duce an acceptable natural system were spurred 
vigorously by the appearance of Charles Darwin's 
Origin of Species (1859) which focused attention 
upon evolution as a basis for natural relationships. 

In 1866, Ernst H. Haeckel coined the term, phy- 
logeny, to designate the genealogical development 
in phyla of plants and animals. Despite much at- 
tention, phylogenetic taxonomy still remains in its 
early stages because of insufficient information con- 
cerning the evolutionary origin and development of 
the plant kingdom. The true genealogy of plants is 
not known since this record is buried in the past 
ages. Hence no scheme of natural classification re- 
veals the complete relationship of all plants. Tax- 
onomists try to place the primitive plants at the 
bottom and the most advanced plants at the top of 
the scheme, using morphological similarities and 
differences as the principal criteria. As investiga- 
tion brings more and better information, classifica- 
tion methodology should improve, resulting in 
greater refinement of existing procedures. See 
Plant classification; Plant kingdom. 

[p. D. strausbaugh I 
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Plant tissue systems 

Most plants are compoBid of coherent masses of 
cells called tissues. La^ge units of tissues having 
some features in common are called tissue systems. 
In actual usage, however, the terms tissue and tis- 
sue system are not strictly separated. A given tis- 
sue or a combination of tissues may be continuous 
throughout the plant or large parts of it. 

Although classification of tissue systems may 
based on structure or function, the two aspects usU' 
ally are combined. Plant tissues are primary or sec- 
ondary in origin. The primary arise from apical 
meristems, the perennially embryonic tissues at the 
tips of roots and shoots (see illustration). Th® 
primary tissues include the surface layer, or epi- 
dermis; the primary vascular tissues, xylem anti 
phloem, which conduct water and food respec- 
tively ; and the ground tissues. The latter are paren- 
chyma (chiefly concerned with manufacture and 
storage of food) and collenchyn and sclerea- 
chyma (the two supporting tissues). In the 
and root, the vascular tissues and some associl^ 




cross section of dicotyledon stem 
showing primary and secondary tissues 

Primary and secondary plant tissue systems. 


finumd tissue are often treated as a unit, the stele. 
^'I'oiind tissue may he present in the center of the 
Mo (pith) and on its periphery (pericycle). The 
r>fiund tissue system enclosing the stele on the out- 
vie is the cortex. It may have a hypoderrnis periph- 
erally and an endodermis next to the stele. 

The secondary tissues arise from lateral ineri- 
and their formation is mainly responsible 
the growth in thickness of stems and roots, 
comprise secondary vascular tissues and the 
protective tissue called periderm. Secondary 
growth may build up a massive core of wood, but 
outer tissue system, the bark, remains relatively 
because its outer or older part becomes com- 
pressed and, in many species, is continuously 
"^'^ughed off. 

The production of flowers instead of vegetative 
'Hoots results from physiological and morphologi- 
changes in the apical meristem, which then be- 
die flower meristem. The latter, however, 
’ *^*^^ces tissue systems fundanaentally similar to 
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those in the vegetative body of the plant. See sepa- 
rate articles for detailed discussion of the varioiia; 
plant tissue systems. [k. ESMt] 

Bibliography: See Plant anatomy. 

Plant translocation (organic solutes) 

That phase of plant metabolism involving the trans- 
port of organic compounds through the vascular tis- 
sues (see Phloem; Xylem) of the plant over dis- 
tances of considerable magnitude relative to the 
size of the plant, for example, from leaves to roots. 
Ser Leak (botany); Root (botany). In arbores- 
cent (treelike) species, translocation distances of- 
ten exceed 100 ft. 

Large quantities of organic solutes are translo- 
cated in planls. For example, in a single apple tree 
under favorable conditions, about 150 kg of organic 
solutes is translocated to the fruit during the 
«*ourse of the growing season. See Fruit (botany). 
Ill addition, large quantities are translocated from 
the leaves lo the growing shoot tips and roots, as 
well as significant quantities from the roots to the 
stems and leaves. See Meristem. apical; Stem 
(botany). A< c‘ordingly, many of the details of the 
translocation process entail problems of significant 
concern lo plant physiologists and agriculturists 
from both theoretical and practical viewpoints. 

Importance of conductive tissues. The relative 
importance of phloem and xylem tissues as conduct- 
ing elements in organic translocation varies with 
the different kinds of organic compounds and, more 
significantly, with the site of origin or synthesis of 
the compounds in the plants. Quantitatively, the 
most important compounds translocated in plants 
are sucrose and certain closely related oligosac- 
charides. principally raffinose (see Oltcosaccha- 
RiDK). Sucdi compounds are translocated predomi- 
nantly in the phloem, both basipetally and acrop- 
etally, that is. in the direction of the root and shoot 
tips, respectively. During translocation in the 
stems, a considerable fraction of the sugars in 
transit may move radially from the phloem into the 
cortex, xylem, or other .stem tissues, and accumu- 
late as starch or other condensed polymers, par- 
ticularly in the ray cells and in parenchymatous 
cells immediately adjacent to the tracheae, the 
main water-eSnducting vessels (see Plant tissue 
systems ; Polymer) . 

Despite the proximity of these carbohydrate re- 
serves to the active water-conducting cells in the 
xylem, only negligible quantities of sugars appear 
in the sap extracted from the tracheal elements dur- 
ing a major portion of the growing season. Also, 
numerous ringing experiments, in which the con- 
tinuity of ihe phloem tissue is interrupted by the 
removal of « narrow annular hand of tissues exter- 
nal to the xylem, confirm the fact that the xylem 
tissue plays no significant role in«the conduction of 
sugars. During the dormant sea^^on, when the flow 
of water in the xylem conduits practically ceases, 
sugars often accumulate in the xylem sap in read- 
ily detectable amounts (see Plant, water rela- 
tions of) ; however, the average maximal concen- 
trations seldom exceed 0.05% for most species. 
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allhottgii a eonoentration aa high as 8% has been re- 
ported for the sugar maple, Acer saccharum. Even 
with this species, ringing the stem in close prox- 
imity to a terminal bud results in such a severe re- 
stricticHi in the supply of organic nutrients to the 
emergent shoot that growth is greatly inhibited (see 
Plant growth). It is evident, therefore, that even 
at the beginning of the growth period, when the 
sugar content of the xylem sap is maximal for the 
season, the importance of the xylem as a trans- 
locatory system for sugar is negligible, at least for 
the species that have been investigated in this re- 
spect. 

Less data are presently available on the relative 
importance of xylem and phloem in the transport 
of nitrogenous compounds, either in inorganic or 
organic combinations. Chromatographic analyses of 
the xylem sap of many different species have been 
reported, and reveal the occurrence of a large num- 
ber of amino acids, especially aspartic and glutamic 
acids and the corresponding amides, also occasion- 
ally urea and certain related ureides, and alkaloids 
(see Alkaloid; Amidf, acid; Aspartu acid; 
Chromatography; Glutamic a(io: IJRfA). The 
relative quantities of these compounds vary widely 
with species. Inorganic forms of nitrogen, espe- 
cially nitrate-N, occur usually in trace quantities 
only, -or are absent altogether. The ( oncentration of 
the nitrogenous constituents in the xylem sap, un- 
like that of soluble carbohydrates, remains mod- 
erately high throughout the major portion of the 
growing season, at an average concentration of 
about 0.03 M glutamine-equivalent in apple, for ex- 
ample. Conversely, the concentration of nitrogenous 
constituents in the exudate from sieve tubes of the 
phloem (this exudate is readily collected hv mak- 
ing an incision in the bark to the depth of the ac- 
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yuhtogiR IneMgn imxcfg at the level X-X in the bark of 
Ac# Rgguiide. (Photograph by K, L. Webb 


tive phloem, as shown in Fig. 1) is usaaHy very 
low, of the order of 0.001 Af. These data provi^ 
presumptive evidence that the xylem is the predom- 
inant channel of transport for nitrogenous com 
pounds, especially from the roots to the leaves, 
fruits, and stems. On the other hand, data obtained 
from a number of experiments in which conven- 
tional ringing techniques were employed Strong]) 
suggest that the phloem is the major transport syg. 
tern. For the present, these and other controversial 
data bearing on this problem can only be reconciled 
on the basis that the relative importance of the 
xylem and phloem in the translocation of nitroge 
nous compounds varies with species, the ontoge 
netic (life history) stage of the plant, and various 
environmental conditions. Redistribution of nitroge 
nous compounds from the leaves to other parts of 
the plant is generally considered to occur mainly 
in the phloem. 

The increasing use of systemic spray compounds 
as insecticides, fungicides, bactericides, and herbi 
cides on plants has centered considerable interest 
in the study of molecular modifications which in 
crease the absorbability and translocatakility of 
these compounds (see Antibacii-rial agfnts 
Fungistat and funcicidl; Herbicide; Insfcti 
riDf ) Many ( arbaniates, for example, have giowth 
modifying and herbicidal effects, but are not read 
ily translocated when applied to mature leaves (^rt 
Urethane). However, by incorporating the lactu 
acid group 
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into the molecule, as in lactic acid A-phenylcar 

hamate or a-carbodocecoxyethyl-A^-phenylcarbain 

ate, the translocatability of the molecules is greatlv 
increased. Closely related derivatives without the 
lactic acid group are not translocatable. Much work 
remains to be done on the general problem of mo 
lecular structure in relation to translocatabihtv 
Glucose and fructose, although frequently abundani 
throughout the plant, are much less translocatable 
than sucrose (aee Fructose; Glucosf; Sucrosi^ 
Chromatographic analyses of the sieve-tube exudate 
from a considerable number of different tree spe 
cies have revealed the consistent absence of hexose 
sugars, except for the occurrence in ash (F raxinusi 
of mannitol, the alcohol derivative of mannose 
Carbohydrate) . Of true sugars, only the nonreduc 
ing oligosaccharides of the raffinose family nave 
been found, namely, sucrose, raffinose, stachynsc 
and possibly verbascose. These sugars constitute an 
ascending series of di-, tri-, tetra-, and pentasacena 
rides, differing from each other only in the nuinbeT 
of included galactose residues (sucrose none, ra 
nose one, stachyose two, and verbascose three) » ^ 
crose is the dominant constituei^t in the 
exudate of all species thus far analyied^^ 
ash in which stachyose occurs in the 
centration. The total stachyose coitcoiUWrAtiiWaa 




Fig. 2. Stalactites of sugar crystallized from sieve- 
tube sap exuding from incisions made in the bark of 
ash trees. (From fi. Huber, Ber, deuf. bofan. Ges., 
66{9h340--346, 1953) 


fiom 10 to 25%, varying with species and individ- 
ual trees and fluctuating diurnally and seasonally. 
In Sicily, this sugar is harvested from various spe- 
fics of ash trees, especially Fraxinus ornus, by 
tapping the sieve tubes, as shown in Fig. 2. The 
t rystallized exudate forms small stalactites, or sug- 
ar-Hticks, which may be harvested at convenience. 

Wliether the sieve-tube sap can be considered 
with certainty to constitute a valid sample of the 
'>rKanic solutes in transit is not known, but similar 
<‘nn< ln»ions regarding the relative translocatability 
of sucrose and hexoses have been reached from data 
^^ased on radiochemical assays (^ee Radiochemis- 
try). 

Requirements for organic nutrients. The spe- 
requirements of fruit for organic nutrients or 
outrient precursors translocated to it from other 
parts of the plant seem to be relatively few and 
Excised pollinated ovularies or ovaries of 
Ae tomato and gherkin can grow in vitro and form 
Iniiu which may occasionally even produce viable 
on a culture medium containing only sucrose, 
fite usual complement of inorganic ions (nitrates, 
phosphates, sulfates, calcium, magnesitim, and so 
and water. See Flower (botany) ; Plant, 
NUTRITION OF; SeKD (BOTANY ). Although 
'^Igaificant diSerenoes in thte chemical composition 
variety may be expected when 
onto various stock varieties, the actual dif- 
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ferences in some cases appear to be quite neg- 
ligible (see Crafting of plants). For example, 
grafting young sour lemon fruits, without the scion 
leaves, on to a sweet lemon tree, or vice versa, does 
not materially change the organic acid composition 
of the respective fruits when mature (Fig. 3). 

This is not to imply, however, that the rootstock 
has no effect on the chemical composition and qual- 
ity of the fruit. Consistent differences have been 
found, for example, in the bitterness of the juice 
of the Washington Navel orange relatable to the 
type of rootstock used. Stock-scion relationships 
are also important in many indirect ways, such as 
disease resistance and cold hardiness. See Plant 

DISEASE CONTROL. 

In view of the fact that the preponderance of or- 
ganic solutes are translocated through the phloem 
cells, considerable research has been directed to- 
ward a clearer elucidation of the physiology of 
these cells in order that a better understanding may 
be gained of the mechanism of translocation and of 
the factors, both environmental and internal, which 
influence this process. The technological impor- 
tance of these studies derives from the fact that 
many crop management practices are, in their final 
analysis, efforts on the part of the agriculturist to 
control the rate and direction of translocation of 
organic compounds from donor to acceptor areas 
within the plant, as from leaves to roots, or leaves 
to fruits. See Agricultural science (plant). 



Fig. 3. lemon friiB grolted Moy 4 «fid phofogrofirfied 
May 29. Fruit wo$ 51.4 mm In cUaftteter when gre^d 
and 65.2 mm when mature >an DMmiber II, g^g 
o colculoted Mcreoie In volme trf 63%. (From k C 
Cr}clc5on/Srienee/l25(3255)i994, 19530 . 
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Mechaiiiim 0f translocation. Any mechanism 
which is proposed to explain the translocation of 
Bolutea in the phloem must take into account the 
following facts: 

1. Living cells are essential. Unlike the transport 
of water and inorganic solutes in the xylem, trans- 
port of organic solutes in the phloem can occur 
only through living cells. Killing the cells in a lo- 
calized zone of the stem, for example, with steam, 
boiling water, or hot wax, is as effective a barrier 
to the transport of phloem- limited solutes as is < om- 
plete removal of the phloem by ringing. However, 
the specific cellb in the phloem through which the 
majoi fraction of the solutes is considered to be 
translocated, namely, the sieve tubes and other 
sieve elements, are enucleated cells, and on the ba- 
sis of various cytohistochemical observations, it is 
commonly held that the protoplasm of these cells 
Is relatively inactive metabolic ally compared to that 
of the other tissues (see Cyioiogy, Profopi asm) 
Nevertheless, it is apparent that a certain minimum 
level of metabolic ac*tivity is essential (see Pi ant 
mitabolism), 

2. Rate of translocation is rapid The rate of dry 
weight incTease in fruits, tubers, and fleshy roots 
reflects the rate of organic translocation, and this 
quantity varies for different species and environ- 
mental conditions from about 0 03 g/hour to in 
excess of 2 g/hour when averaged over the entire 
growing season (flowering to harvest ) The veloc itv 
recfuired to account for these known rates of trans- 
location is ahcMJt 1 2 <m/inin, based on the assump- 
tion that the entire cross-sectional area of the sieve 
tubes (exclusive of the walls) is available for trans- 
port. Direct measurements of the velocilv of trans- 
location of radioactively labeled compounds ihroitgh 
stems provide comparable values. It has been esti 
mated that the rate of translocation is 10.000-100,- 
000 times faster than can be accounted for by dif- 
fusion 

3. Translocation is frequently polarized Growing 
regions on the plant, especially rapidly developing 
fruits, exert a strong monopolizing effect on the 
distribution pattern of organic solutes translocated 
from the leaves and other areas of synthesis or stor- 
age. This polarizing action of fruit is established 
during the early stages of embryo development, and 
does not develop in the absence of pollination in 
nonparthenocarpic fruits. In apple trees, it has 
been shown that, for a constant ratio of 30 leaves 
per fruit, the leaves and fruit can be separated bv 
distances up to 10 ft (the maximal distance vary- 
ing with plant variety) without any loss in the size 
and quality of the fruit. 

None of the current theories which have ^een 
proposed to explain the mechanism of solute trans^ 
location in the phloem is capable of reconciling all 
of the known facts regarding this process. The the- 
ory that has received the most general acceptance, 
despite a number of admitted limitations, is that 
developod principally by E. Munch about 1930, and 
known as the Druckstrom, or pressure-flow mecha- 
nism. According to this theory, modified to take 


into account newer information and concepts, 
is a flow of solution within the sieve tubes in 
direction of a positive turgor pressure or hydraulic 
pressure gradient, that is, from a region of higher 
to a region of lower turgor pressure within the sieve 
tube. This pressure gradient is established 
maintained osmotically as a result of the metabolic 
entry and removal of translocatory solutes, prinri 
pally sucrose, into and from the sieve tubes. The 
entry of sucrose into the sieve tube at donor ske^j 
and its removal at acceptor sites appears to be m 
many cases against a concentration gradient, and 
hence must be a metabolically actuated process. It 
is known that the process of translocation is sensi 
lively influenced by the physiological status of the 
donor and acceptor organs. X 

Other theories on phloem translocation, for ex 
ample, the cytoplasmic streaming hypothesis, at 
tribute a more active role to the individual cells 
or “elements” of the sieve tube. In brief, however, 
the present status of the overall problem mainl) 
favors the view that the sieve-tube protoplasm does 
not possesb per se any metabolic machinery capa 
ble of driving the translocation process, except 
for metabolically activated transfer systems whnh 
move solutes across limiting membranes at the site*^ 
of entry and exit, into and from the sieve tube^ 
Throughout the major portion of the transport dis 
tanc e, it appears that the solutes are simplv snept 
along at different rates bv solvent drag forces re 
suiting from the osmotically actuated flow of water 
through the sieve tubes f c A sw ] 

fiihliography O ^ Curtis, The T r ansi oration oj 
Solutes in Plants, 1935, B S. Meyer and D B An 
derson. Plant Physiology, 2d ed., 1952; E. Mumh 
Du Staff beu^egungen in der Pfianze, 1930, F C 
Steward (ed ), Plant PhysiologM A Treati'^f 
vol 2, 1959 

Plant virus 

Viruses attack many higher flowering plants, but 
with the exception of the viruses which attack bac 
tena or actinomyeetes, none has been definitel> 
shown to infect lower forms in the plant kingdom 
such as ferns, mosses, or algae Some viruses attack 
many species of plants in many genera and faflt 
ilies; others appear to be limited to a single fam 
ily. 

Virus symptoms. Symptoms may occur in any 
part of the plant, including the roots. The mo&t 
common symptom is mosaic, that is, patterns of 
light and dark green areas in leaves (Fig. 
most virus diseases, mosaic or other symptoms are 
preceded by clearing of veins in the leaves of 
growth. Some of the older leaves may show pr>' 
mary lesions, for example, yellow spots at poin^ 
where the virus was introduced. Sometimes there is 
a mosaic pattern on the stems or fruits as well a® 
on the leaves, or the flower petals may be varie 
gated. The earliest records of plant viruses are 
Dutch paintings of’*8ymptoms in tulip flowers. 

Typ08 of virus disoasos. There are various 
of virus diseases. One causes a general f 




Piq 1 Tobacco mosaic symptoms m a tobacco leaf 
The mosaic effect results from the distribution of the 
light and dark green areas The white area is due to 
local, exclusive occupation of the tissues in this spot 
hy a mutant of the virus. {Photograph from L. O 
Kunlcel) 

^chlorophyll in new growth, excessive bramhing, 
ftreening of flower petals, and other symptoms 
l^ig 2). Still other viruses cause galls or tumors, 
streaks, and internal killing of specific tissues 
3). Individual plant cells may be reduced in 
killed, or stimulated to enlarge or divide Cell 
'^'■ganelles may show symptoms, and inclusions of 
'various kinds may occur in the cytoplasm or nu- 
(see Cell nucleus; Cytoplasm). Some of 
these are crystals of virus (Fig. 4). All tissues 
be affected, or the virus may have preferential 
affinity for parenchyma, phloem, or xylem (see 
t^ARENCHYMA; Phloem; Xylem). 

l^lant virus symptoms are markedly influenced by 
^tivironmental conditions such as temperature, 
tgkt, and mineral nutrition. When infections are 
inapparent in the ordinary environment, the plant 
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involved is referred to as a symptomless carrier; 
and cultivated plants, weeds, or other wild plants 
of this sort may be among the important reservoir 
sources of virus for a particular disease. 

Transmission of virusos. Fortunately, few vi- 
ruses are transmitted through seeds or pollen of 
plants. However, because of the usual systemic na- 
ture of the infection, most viruses are perpetuated 
in plants which are propagated vegetatively by 
such means as cuttings, bulbs, roots, and grafted 
shoots (sec Grafting of plants; Reproduction, 
plant), a great many cultivated plants, for exam- 
ple, potatoes and sugar cane, are propagated 
vegetatively, and it is in these that viruses cause 
the greatest losses 

Almost all plant viruses can be transmitted by 
grafting a portion of a diseased plant onto a sus- 
ceptible healthy plant This is one of the most sen- 
sitive methods of ascertaining whether a virus 
may be involved in a disease A few viruses are 
transmitted by any action releasing a minute 
amount of sap from a diseased cell and introducing 
It into a healthy cell, for example, wind rubbing 
leaves together, fingers or tools touching plants. 
Some are transmitted by mites and some by soil 
nematodes (see Acarina; Nimatoda). However, 
most plant viiiises are transmitted by insects, a 
few by biting insei ts such as beetles, but most by 
sucking insects, such as aphids and leafhoppers. 
Almost all of them are transmitted by only one kind 
of insert ( see Entomoi UCY, economic; lNS^^TA). 

There are several kinds of relationships between 
the viruses and their insect earners. In one relation- 
ship, the insect acquires virus on the tip of its 
minute sucking tubes during a probe of a diseased 
plant, and transmits it while making similar probes 
of healthy plants. In another type, the virus is 
taken into the body of the insect carrier and only 
after it multiplies there for 1-2 weeks does the in- 
sect begin to transmit it. For the rest of its life 
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Fig. 2. Proliferating shoots, with little or no chloro- 
phyll, arising neor the leof bases pf an oster plant 
infected by aster yellows virus. The flower parts at 
the tips are transformed to leaflike structures almost 
devoid of pigment. The older leaves ore yellowed; 
the more moture the leaf when the diseose first de- 
velops, the less the effect. 







be chemically changed in the test tube tn inudiice 
mutants of the virus. These discoveries have son- 
tributed to our basic understanding of heredity (see 
Mutation; Nucleic acid; Vibus). 

Mutations of most plant viruses occur 8|Hnltttl^ 
ously and are readily isolated in the laboratory 
In nature such mutations also occur but here 
strains showing greater differences from each 
other are also found which^ for their development, 
probably require evolutionary intervals not availa- 
ble in the laboratory. 

When a virus is introduced into a plant, the pro- 
tein apparently separates from the nucleic acid 
Freshly formed free nucleic acid and protein sub- 
units appear in the cells before the completed virus 
particles. 

The infective agent is assumed to spread 
through the microscopic protoplasmic strands 
(plasmodesmata) connecting one cell with an 
other through the cellulose walls (see Cell struc 
tubes). Passage through the parenchyma cells is 
slow but transport through the vascular elements 
(food- and water-conducting cells) is rapid. 

Economic importance. Losses from plant viruses 
vary from the destruction between 1936 and 1946 
of 7,000,000 orange trees by tristeza disease in the 
state of Sao Paulo, Brazil, to the insidious annual 
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Fig. 3 Tumors scattered over the roots and massed 
at the crown of a sorrel plant infected by wound- 
tumor virus. 

the insect may continue to transmit the virus. Some 
of these insects are known to be diseased by the 
virus and pass it to their young through the egg. 
However, none of the plant viruses is known to at- 
Uck higher animals. 

Structura and chemical composition. Viruses 
have various shapes — rods, flexuous filaments, 
polyhedra, spheres, or other fonn^all of which 
are too small to be seen with the light microscope 
but have been resolved by the electron microscope 



(Fig. 5). The principal components of viruses^ are 
protein and nucleic acid, the latter carrying the 
hereditary determinants. The single strand of nu- 
cleic acid occurring in each tobacco mosaic virus 
panicle, if separated from the protein without be- 
ing broken, is infectious, whereas the protein is 
not The nucleic add strands and subunits of the 
protein can be recombined in the test tube to re- 
coneftilutta vims particles. The nucleic acid can also 


Fig. 4. (o) Crystolhne Inclusion bodies of 

sale virus photographed In a living ceil of a 
plont. (b) The same cell and crystalline Inclusion utt 
freeze-drying, (c) The frozen-dried crystal remo 
from th. wll. (d) A portlolly dl»olvwl 
th. tom. inelution dMIotlng that H eonrirtt of ttw 
mosaic virus particles. (Phofopraphs fiwi L 
ond R. C. wmtem) 




P,g 5 Four forms of plant viruses, approximately 
the same magnification, (a) Tobacco mosaic virus, a 
straight rod. The infectious particles are probobly close 
to a standard length (photograph from J. Brandos), 
(h) Beet yellows virus, a flexible filament, not related 
to aster yellows virus (photograph from J. Brandos). 
(c) Wound-tumor virus. Examination suggests that the 
particles ore polyhedral. The large particle is a latex 
sphere (photograph from M. K. Brakke, A. E. Vatter, 
and L M. Black), (d) Under the electron microscope, 
potato yellow-dwarf virus assumes various shapes ap- 
proximating balls, sausages, and deflated balloons 
(electron photograph from M. K. Brakke and A. E. Vat- 
fer) 

loss caused in certain potato varieties that are in- 
fected by one or more viruses producing no no- 
ticeable symptoms. Control measures include quar- 
antines, breeding for disease resistance, killing 
weeds and insect carriers, inspection services, cer- 
tified seed, and many other practices that have 
been of vital importance in maintaining crop yields 
and quality. See Plant disea.se; Plant disease 
CONTROL. [l.M.B.I 

Bibliography: F. C. Bawden, Plant Viruses and 
yirus Diseases, 3d ed., 1950; K. M. Smith and 
M. A. Lauffer (eds.), Advances in Virus Research, 
voU. 1-8, 1953-1961. 

Ptantaginales 

A small order of the plant subclass Dicotyledoneae 
leaving a single family with 3 genera and 200 spe- 
cies of cosmopolitan range. The plants are herba- 
ceous. The leaves are in rosettes, the inflorescence 
is scapose, capitate or spicate, and the fruit is a 
circumscissile capsule, meaning that it opens along 
® regular, transverse^ girdling line. Most of the spe- 
cies arc weeds, but the fleawort {Plantago psyllium) 
is cultivated in Spain and France for psyllium seeds 
used as a laxative. See Dicotyledoneae ; Embryo- 
rHYTA; Plant kingdom. [p*d.s.] 

Plasma physics 

field of physic, which relates to the study of 
^ghly ionized gases. A gas wliich is composed of a 
equal number of positive and negative free 
charges (positive ions and electrons) is called a 
P^sma after the original deflnition by L Lan|pimix« 
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Because it is composed of charged particles, a 
plasma exhibits many phenomena not encountered 
in ordinary gases. In addition to their importance 
in many new areas of applied science, these effects 
are evident in astrophysical phenomena (most of 
the matter in our universe exists in the plasma 
state), both in stellar atmospheres and in inter- 
stellar space. Plasma phenomena have also been 
observed in the tenuous ionized gases of the earth^s 
outer atmosphere. See Cosmic electrodynamics. 

Practical interest in plasma physics arises from 
various applications of gas discharges, from the 
study of electron beams in electron tubes, and from 
the new research fields of ultra-high-temperature 
processes and controlled fusion (.sec Fusion, nu- 
clear; Pinch effect). In these latter experi- 
ments millions or even hundreds of millions of de- 
grees kinetic temperature are required (kinetic 
temperature is defined later). To obtain a compre- 
hensive physical picture of plasma it is necessary 
to consider its behavior from two different aspects: 

1. The microscopic picture, relating to its par- 
ticlelike properties, such as the effects of inter- 
particle collisions in producing diffusion and other 
transport phenomena, ionization, x-radiation, and 
other particulate processes. In this picture a plasma 
exhibits properties some of which are much like 
those of any gas. 

2. The macroscopic picture, where the collective 
or fluidlike properties are most evident. These 
properties include conduction of electricity, propa- 
gation of various kinds of waves, and ability to 
support classes of unstable and turbulent behavior 
peculiar to conducting fluids. Many of the macro- 
scopic behavioral properties of plasma are related 
to the genera] field of magnetohydrodynamics (see 
Macnetohydrodynamics) . 

The charged particles of a plasma interact with 
each other through the electrostatic or Coulomb 
field with which each is surrounded. On the micro- 
scopic scale, these electrostatic fields give rise to 
localized attractive or repulsive forces between 
the particles as they pass near to each other, re- 
sulting in mutual deflection. On the macroscopic 
scale, the summation of the many infinitesimal 
electrostatic itpd magnetic fields produced by the 
moving plasma particles results in a smeared-out or 
averaged electromagnetic field. The plasma then 
reacts collectively, that is, as a conducting fluid, 
to the total electromagnetic field in which it is 
immersed. This field consists of the combination 
of the plasma electromagnetic field and any ex- 
ternally imposed fields. The coupled nature of the 
plasma motion and the electromagnetic field bt 
which it moves is the source of most of the cotn- 
plexity of plasma behavior. 

CRITERION rOR PLASMA PHENOMENA 

A length scale which approximately divides tibe 
microscopic domain from the macroscopic domiin 
in a plasma is the so-called Debye screening dis- 
tance kik- It can be shown that as long as the dis- 
tance between two passing particles is apprecii^^ 
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less than A/j, normal Coulomb attrarlion or repul- 
sion will exist and one can define the encounter as a 
simple collision, to which the ordinary laws of 
particle dynamics apply {see CoLUsroN). How- 
ever, if the minimum distance of approach of two 
particles is greater than A/j, the collective motions 
of the surrounding plasma electrons induced by 
the passage of the particle will be such as to screen 
the test particle from feeling the influence of the 
other particle (or any others beyond the distance 
Ao ) . 

The length Ad depends on the density and the 
kinetic temperature of the plasma electrons. It 
is usually defined through the relationship 

A/> =a VAT, /47rn^c- cm (cgs units) (1) 

where e is the charge on the electron and k is 
Boltzmann’s constant. 

Values of Ad for typical plasma densities and 
electron kinetic temperatures of interest in labora- 
tory experiments are listed in the table. Kinetic 
temperature refers to a measure of temperature in 
terms of the kinetic energy of random motion of the 
particles of gas. In a maxwellian gas the mean 
kinetic energy IT ^ % kT^ where T is the absolute 
temperature in degrees Kelvin [see Kinetic theory 
OF matter), a convenient measure of W is the 
electron volt, so that kinetic temperature is often 
measured in electron volts: 1 ev kinetic tempera- 
ture = AT 11,600®K = % F, 

In the last column of the table, the approximate 
mean particle separation d = is given 

for comparison. Except at the highest densities. 
Ad Is seen to be substantially larger than cor- 
responding to the fact that many particles are 
contained within a Debye sphere, so that each 
particle lies within collision range of many other 
particles at any given time. This is of importance 
to the understanding of certain collision effects in 
a plasma. 

The numerical value of Ad provides an impor- 
tant criterion by which to decide whether in a 
plasma of given size collective phenomena are to 
be expected. Certainly, if the over-all dimensions of 
a region containing plasma are small compared 
to Ad> only simple collisional or single- particle be- 
havior is to be expected, the plasma will behave 
a« an ordinary low*<density gas, and collective 
processes will not be important. Conversely, if the 


dimensions of a plasma region are very much larger 
than Ad, the possibility exists for a>llective plasma 
phenomena. Thus, as seen from tne table, in tlie 
laboratory, where dimensions are measured in 
centimeters, plasmas with electron densities le^s 
than about cm would not be expected to 

exhibit collective behavior. These are partidt^ 
densities which are typically encountered in cfin 
ventional particle accelerators. On the other hand 
in the earth’s upper atmosphere. Ad would be niiidi 
.smaller than other typical dimensions for all clr( 
Iron densities higher than a few electrons per cm 
In such cases collective effects could be expected 
to be possible even at the lowest particle deii**) 
ties encountered. 

The condition just given admits of another ^irn 
pie and useful physical interpretation. Consider a 
sphere of plasma with radius A/), and assume that 
nearly all of the electrons of the plasma aie re 
moved to infinity from this region. The reiiioval ol 
these electrons will leave an uncanceled positive 
charge and a resulting radial electric field. From 
the definition of Ad it i'' then easily shown that in 
this case the energy necessary to remove the addi 
tional electrons from the plasma is (within a fac- 
tor of two) equal to their mean kinetic energ\. h 
follows that if Ad « the plasma dimensions, anv 
influence which tends to separate the bulk of the 
plasma charges by a distance greater than Ad >vill 
give rise to strong electrostatic restoring forces 
which will prevent any further separation. Con- 
versely, if Ad » the plasma dimensions, the electro- 
static forces arising from even a complete separa- 
tion of charge will have little influence on the 
motions of the individual charges so that collective 
effects will be unimportant. 

CREATION OF A PLASMA 

To create a plasma in the laboratory it is usualh 
necessary to start with an ordinary gas, at a snaall 
fraction of atmospheric pressure, and then to 
it by electrical or other means until the mean 
kinetic energy of the gas particles becomes com- 
parable to the ionization potential of the gas 
Ionization potential). Mutual collisions of tbe 
gas particles will then result in a cascading ioiit^* 
lion of the gas. Sii\ce ionization potentials arc a* 
ways several volts, such effects arc only 
at kinetic temperatures of several dectixwl 
so that the threshold temperature for roost 


tperimentation is 50,000-100,000® K, and ranges 
^jptolenb or hundreds of millions of degrees 
Dptiirning to the question of producing the 
lamna b> ionization of a gas, one recalls that such 
occur in ordinary gaseous discharges, 
for example, m fluorescent lamps However, m such 
disi harges, the ions and electrons of the plasma are 
ontinually and rapidly being cooled and recom 
hined bv contact with the chamber walls, so that 
the temperature is low and the state of ionization is 
>nlv partial and can be maintained only bv a large 
,ntinuous input of energy A necessary alternative 
, to find sonic means of electromagnetic c online 
jjjpyil of the plasma, one e created, so that Us par 
tides cannot touch the chamber walls Effective 
onhnement is the prime obiective of high-tem- 
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Fig 2 Stellarator The figure-8 shape prevents cer- 
tain transverse drifts of the plasma 


direction of current 



^'9 1 Pinch effects Closed rings oround plasma rap- 
^®^nt mognatic tines of force. 


perature plasma research and is the basis for hopes 
ol achieving controlled nuclear power from nuclear 
fusion reactions in a hot plasma Without such 
means a high temperature plasma, even if it c ould 
be i reated, would have only a fleeting existence, 
typically less than a millionth of a second 

Magnetic confinement. The pinch effect repre- 
sents the simplest example of magnetic confine- 
ment If a strong electric current is passed through 
the body of the plasma, a self-magnetic field con- 
figuration of closed rings (as shown in Fig 1) is 
created Parallel current elements attract, that is, 
the body fc^rte J X B (J = current density, B = 
magnetic field strength) is always inwardly di- 
rected thus constricting the plasma From another 
point of view, the magnetic lines of force, be- 
having as elastic bonds, surround the plasma col 
umn ind provide a hoop stress which resists the 
outwardly directed kinetic pressure of the plasma 
The current / required to balance the plasma pres- 
sure is given I'y the Bennett relationship 

P = 2 NkT (2) 

where / is in amperes, N is the total number of 
particles per lineal centimeter of the pinch, k is 
Boltzmann’s constant, and T is the kinetic tempera- 
ture of the plasma 

Confinement of a plasma by externally generated 
magnetic fields is also possible Two generic cases 
are distinguishable • 

1 The Stellarator (invented by L. Spitzer, Jr.) 
exemplifies confinement in an endless tube of 
modified toroidal form (Fig 2) In the Stellarator 
a strong magnetic field parallel to the tube walls, 
generated by external coils, prevents the plasma 
from touching the chamber walls. Since a longi- 
tudinal magnetic field has little influence on plasma 
motion along the lines of force, it is necessary to 
close the tube on itself To avoid pertain transverse 
drifts of the plasma which would be present if the 
Stellarator were constructed as a simple torus, the 
field lines are given a helical twist, either by means 
of special auxiliary colls, or, as in the first Stellata* 
tors, by making the tube in the form of a figure 8. 
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field configuration 



Fig. 3. Magnetic mirror. The helix in the upper part 
represents the path of a particle in the plasma. The 
curve below represents the magnetic field strength B 
olong the path u in the tube. 


where Bo is the strength of the magnetic field just 
outside the plasma. There exist an infinite number 
of allowed solutions to this equation, so that other 
circumstances, such as diffusion, will dictate the 
actual equilibrium solution in any given physicaj 
case. 

It is clear from Eq. (4) that the plasma pres, 
sure can never exceed This value corre 

spends to a complete diamagnetic exclusion of the 
magnetic field from the plasma. Other circum 
stances, such as plasma instabilities, may impose 
additional limitations on the plasma pressure, lead- 
ing to values less than Bo^/Stt. A convenient repre- 
sentation of Eq. (4) can be given in terms of a 
parameter /3, which is defined as the ratio of plasma 
pressure to externally applied magt^tic pressure- 

^ ” BoVBtt 

In terms of Eq. (4) becomes 


2. The “mirror machine” (invented by R. F. 
Post) allows confinement in a tube with ends 
“plugged” by magnetic mirrors (Fig. 3). A mag- 
netic mirror is merely a localized region where 
the magnetic field is made much stionger than 
average, so that charged particles tend to be re- 
flected as they approach the mirror. The magnetic 
mirror effect is well known from cosmic-ray 
physics, where it is encountered in the reflection of 
cosmic-ray particles by the earth’s magnetic field. 
It has more recently been identified as the explana- 
tion of the trapped particle or Van Allen radiation 
belts of the upper atmosphere, where the earth’s 
dipole magnetic field creates a natural mirror 
machine. See Cosmic rays; Van Allen radiation. 

Pressure balance and diamagnetism. The mag- 
netic confinement of a plasma can be identified 
with a diamagnetic effect associated with the 
plasma; that is, the introduction of a plasma into 
a region containing a magnetic field tends to 
weaken the magnetic field in that region (see 
Diamagnetism). This effect is readily seen in the 
pressure balance relationship for a confined plasma. 
If a (usually) small effect arising from the curva- 
ture of magnetic lines is neglected, this relation- 
ship is 


The parameter measures the effect which the 
plasma can have on the applied field. If « 1 
the applied field will be only slightly affected b> 
the presence of the plasma. 

The diamagnetic effect of a plasma arises from 
peisistent electric currents flowing throughout il‘' 
volume. In fact, the magnetic confining force i*- 
just the body force J x B. But the existeme 
of currents in the plasma must imply a dissipation 
of energy. Thus, unless maintained, the confining 
currents will decay with time, so that plasma and 
magnetic field will gradually intermingle, leading 
to eventual escape of the plasma. Magnetic con 
finement of a plasma is therefore necessarily a 
transient process, with a time scale set by the elec 
trical conductivity of the plasma. This situation is 
analogous to the slow penetration of a suddcnlv 
applied magnetic fidld into a large metallic con 
ductor. The application of the field induces eddy 
currents in the surface of the conductor which de- 
cay with time, leading to the eventual penetration 
of the field. 

The effectiveness of a magnetic field in confining 
a hot plasma for a long time depends on the elec- 
trical resistivity of the plasma. This is given theo- 
retically by the approximate expression 


where p is the local value of the component of ^e 

plasma pressure perpendicular to the lines of where Z is the mean ionic charge. Theoretically p 

force, and B is the local field strength. This expres- is independent of density, a result which cannot 

Sion, which shows the consUncy of the sum of the be expected to hold at very low plasma densities, 

plasma pressure and the magnetic pressure, can be Note also tfiat plasma has a negative temperatow 

integrated to yield coefiicient of resistivity. At 10^ ®K, a hydrogenW 

plasma has a theoretical resistivte^bout as low ai 
„ . .5* _ _ Bo* . pure copper at room temperatufl^lhd at tempers- 

p, -fgjj;- const (4) r„,„^,iSsoKorhigheritiBmul3lss. 



PARTICU ' DYNAMICS IN PLASMAS 

Magnetic confinement, diffusion of a plasma 
across a magnetic field, and other characteristics of 
plasma can be better understood by returning to the 
microscopic picture. Each charged particle of the 
plasma moves in the smoothed-out electromagnetic 
field arising from the combination of the external 
applied fields and the electric and magnetic fields 
produced by the plasma itself. In many cases colli- 
are infrequent and the fields are well enough 
l^novMi to allow prediction of the particle motions 
bv relatively simple techniques. 

The equation of motion of a charged particle of 
mass M, velocity v, and charge e in an arbitrary 
elediK and magnetic field is 

F ^ ^ c ^ units) (7) 

where r is the velocity of light. 

in many cases of practical intere.st E « B, and 
B will be relatively slowly varying in time and 
‘.pue In such cases the solutions to Eq. (7) repre* 
orbits which are approximate helices (coil- 
sprin^-’^haped), corresponding to a rotation of the 
particle around a line of force superposed on a 
translational motion along the lines of force (par- 
illel or antiparallel to the direction of i?). For the 
loniponenl of motion perpendicular to the direc- 
tion of H, Eq. (7) reduces simply to a centrifugal 
[one equation 
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that IS, a rotation at the cyclotron angular fre- 
i|ijpn( V 


V eB 

Te Me 


( 9 ) 


This frequency is clearly much higher for electrons 
•han for positive ions. 

Corresponding to these frequencies of rotation, 
the radius of curvature of the orbit is also given 
h> solving Eq. (8) for Tc as 


where 


Mc2Wj^ 1 2W^ 


( 10 ) 

f'or the same W fc is much smaller for elec- 
trons of mass m than for ions, corresponding to a 
value of 


Tee - cm 

(W <5C TOC* 511 kev, W in cv) 

ions 


re. - cm 

^Here A is the mass of the ioil in atomic mass units. 

To take an example, if >4 — Z * 1 (protons), 
^ i ^ 10^ ev, and B «» 10^ gauss, then Tci « 1.45 
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cm. At the same energy and field sD’ength, fee 
only 0.34 mm. In this case ft>H ^ ^*5 X 10^ rad/sec 
and<oc, ** 1.75 X 10'* rad/sec. 

Returning to the equation of motion, Eq. (7), 
one may now precisely define the conditions under 
which simple solutions are obtained. It is only re- 
quired that B should vary slowly in time com- 
pared with ((tfi,)”^ and by a small amount, per- 
centagewise, over an orbit radius r^, that is 


1 , . 

Bar) 

(11) 

-1 aB\-' 

Jar) ™ 

(12) 


These are the so-called conditions of adiabaticity 
for the particle motion. 

If these conditions are satisfied, some very im- 
portant consequences follow. These aie (i) that the 
motion of any charged particle can be well repre- 
sented bv following the motion of its instantaneous 
center of rotation or guiding renter, (ii) that the 
guiding centers will move about with respect to the 
magnetic lines with slow drift velocities predictable 
from simple laws, and (iii) that many of the salient 
features of the motion can be prescribed in terms 
of nearly constant quantities known as adiabatic 
invariants. 

Drift velocities. Assumptions (11) and (12) can 
he used to calculate drift velocities. The simplest 
and most important of these velocities follows by 
inspection of Eq. (7). If the plasma particles 
move in an electric field with a component trans- 
verse to B, then the guiding center of each particle 
will drift in a direction perpendicular both to E 
and to B. with a velocity v,, which is independent 
of the charge, mass, or energy of the particle. This 
velocity is given by 


Vo « c cm/sec (13) 

The derivation of Eq. (13) from Eq. (7) fol- 
lows immediately if it is noted that in a frame of 
reference moving at velocity Vr„ the motional elec- 
tric field just cancels the applied electric field and 
the particle nH>tions are again helices. It is con- 
cluded that an electric field component perpendic- 
ular to B causes the plasma to move and distort 
locally so as always to make the electric field van- 
ish in the plasma’s own frame of reference. This is 
just the behavior which would be expected for a 
compressible, highly conducting gas. Further anal- 
ysis shows that this property is also identifiable 
with a strong tendency for the plasma to preserve 
constant ma^etic flux through each of its volume 
elements as it moves from place to place or is sub- 
jected to slowly varying magnetic fields. 

The drift velocity Vo is also related to the para- 
doxical situation whereby a jet of plasma can cross 
through an evacuated region containing a strong 
transverse magnetic field. If a plasma jet is Im- 
pelled at velocity v into such a region, a vtiry 
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Fig. 4. Schematic illustration of drift of a plasma 
across a magnetic field in vacuum. 


slight separation of charges (Fig. 4) is all that is 
required to generate an internal polarization elec- 
tric field in the plasma which maintains the veloc- 
ity. However, if the plasma passes into a strongly 
conducting region (another plasma) the polariza- 
tion fields would not persist, and the motion would 
stop, the momentum being taken up by the mag- 
netic field or converted into rotation. 

In another case, if a plasma is immersed in a 
magnetic field which is then increased slowly, in- 
duction electric fields will appear which will cause 
the plasma to be compressed toward the magnetic 
symmetry axis of the system (where E *= 0). In a 
uniform magnetic field of circular cross section 
this would result in a uniform radial compression 
of the plasma. Throughout the process, the flux 
through the plasma would remain constant (ignor- 
ing diffusion effects). 

These illustrations point up the importance of 
the £ X B drift velocity. Any situation in which 
electric fields appear in the plasma because of in- 
duction effects or separation will produce this drift. 
In some cases drifts of this kind can be self-per- 
petuating (charge separation leading to a drift, 
leading to more charge separation, and so on), so 
that a plasma instability results. In other cases the 
£ K B drift is accompanied by plasma heating, as 
in the example of the magnetic compression given 
earlier. 

If the magnetic field in which the plasma par- 
ticles move is inhomogeneous, other drift motions 
occur. If there is a gradient of the magnetic field 
strength perpendicular to the direction of the field, 
the radius of curvature of each particle will clearly 
be smaller on the high field side of its orbit than 
on the low field side, and a slow transverse drift 
perpendicular to the directions of both V B and B 
will occur. Since oppositely charged particles 
spiral in opposite directions, this drift will be op- 
positely directed for electrons and positive ions, so 
that it produces a tendency for charge separation 
to occur. The magnitude of the drift is given by 


As the charged particles move in helical patk 
along the magnetic lines of force they may ^ 
counter regions where the flux tubes (bundle^ of 
magnetic lines) are curved. While the particles are 
being guided around these curves by the magnetic 
field, centrifugal forces will arise which will pro 
duce a drift. The centrifugal drift is also oppositely 
directed for ions and electrons and has the magni- 
tude 

= V{-/Ro>r (15) 

where is the velocity of motion of the particle 
along the lines of force and R is the local radius of 
curvature of the magnetic lines. 

The centrifugal drift Vc is an example of a more 
general gyroscopic kind of drift that can be ex- 
pected to arise in situations where the plasma 
particles are subjected to a forc^ which is per- 
pendicular to the local field direction. Another 
example is the drift velocity Vg which will occur in 
the presence of a gravitational field. The magni- 
tude of this drift velocity is 

M (16) 

where gj^is the component of gravity perpendicular 
to the magnetic field. In strong magnetic fields t,, 
is very small, but it may play a role in geophysical 
phenomena in the upper atmosphere. 

It is essentially impossible to study a confined 
plasma in the laboratory without encountering 
magnetic field gradients and therefore stimulatinp 
the drifts vi, or v,. Since either of these drifts can 
give rise to charge separation effects, unless care 
is taken in choice of field configuration electro- 
static fields within the plasma can be set up which 
will cause the £ x B drift v,, to occur, leading to 
a rapid escape of the plasma. A classic example 
the simple torus with magnetic field lines parallel 
to the torus walls, as shown in Fig. 5. This geom 
etry, the forerunner of the Stellarator, is charac- 
terized by a magnetic gradient which is everywhere 
inwardly directed (the field at the inner wall of a 
simple torus is always stronger than at the outer 
wall, since the line integral ^B • dl is the same 
for all paths taken around the inside of the torus) 
Thus, if a plasma is confined in a .simple torus, up- 
ward and downward drift motions will tend to oc- 
cur, as predicted by producing a vertically directed 
electric field and a subsequent common outward 
drift of the plasma toward the outer wall, that 



Fig. 5, Magnetic field* lines in simple torus 


the region of weakest magnetic field. In 
the Stellarators, this drift was canceled, on the 
average, by twisting the torus into a figure 8. Thus, 
like the famous Mobius strip of mathematics, the 
inside wall on one curve becomes the outside wall 
at the opposite curve, so that no net drift results. 

Adiabatic invariants. Under the adiabatic condi- 
tions defined by Eqs. (11) and (12) there arc some 
quantities which are approximate constants of the 
motion, the so-called adiabatic invariants alluded to 
earlier. These invariants are useful in predicting 
many of the details of plasma behavior and have 
been used as a starting point for erudite theoretical 
analyses. The simplest of these invariants is fx, the 
magnetic moment associated with the rotation of 
anv charged particle in a magnetic field (see 
Magnkton). a moving charge represents a current, 
and a circling charge therefore represents a cir- 
(Milar current element, with which is associated a 
dipolelike magnetic field similar to that of a simple 
loop current. By analogy to Lenz’s law, this current 
loop is always diamagnetic; that is, it tends to 
depress infinitesimally the field strength inside the 
loop, so that an assembly of charged particles, a 
plasma, usually exhibits a bulk diamagnetic effect 
arising from the vector summation of the individual 
particle diamagnetic effects. 

The magnitude of fi is given by the expression 

/u. = W ^/B ergs /gauss (17) 

The magnetic moment /u may he expected to he a 
constant provided the adiabatic conditions (11) and 
(12) are fulfilled. More specifically, examination 
of some theoretical work suggests that, except for 
the effect of collisions, the maximum fluctuations 
in occurring as a particle moves back and forth 
in a varying magnetic field should be roughly 
reptesentable by the expression 


M 


ac 


bit 


(18) 


where a and b are constants of order 1, and € is 
either 2rp /A for spatially varying fields or l/wfT 
for time-varying fields. It is clear that if c is 0.1 or 
the fluctuations in /x should be very small. One 
f'oncludes that there are many plasma situations 
where the constancy of /x between particle collisions 
diould be a valid assumption. 

The value of /x in plasma calculations can be 
illustrated by using it to calculate the condition for 
reflection of a charged particle by a magnetic 
mirror. Suppose that a spiraling particle ap- 
proaches a magnetic mirror from a region where 
field is Bq, and is to be reflected when it 
J^aches the point M where the field intensity is Bu^ 
from (17), it is seen that 


(19) 

^ Bo Bm Bm 

last pftrt of the equation follows since the en- 
energy resides in rotational motion at the point 
reflection. It follows that the condition for re- 
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flection at a point where the field is Bu is 


WAO) Bp 1 

W ^ Bm^ R 

where R is called the mirror ratio. Thus, since 


(20) 


^AO) 

w 



(21) 


6 being the pitch angle of the helix at S = Bo% 
the condition that a particle be reflected at or be- 
fore it penetrates to M is just that the pitch angle 
should be greater than a critical angle do where 


sin Be * 2 (22) 

This condition is independent of charge, mass, or 
total energy of the reflected particle, except as 
limited by the requirements of the adiabatic as- 
sumptions. It is equally easy to show that in the 
general case, the pitch angle 0 transforms in 
accordance with the relationship: 

sin e(u) = [/2(u) )'/= sin 6(0) (23) 

where /?(«) =* (a) /B(0) . Equation (22) follows 

by setting 6iu) = tt/2 (reflection). Equation (23) 
resembles Snell’s law of optics, with R^^^ playing 
the role of the index of refraction. 

Returning to the question of magnetic mirror 
reflection, it is apparent that if two magnetic mir- 
rors are used, one at each end of a weaker central 
field, the charged particles of a plasma can be 
trapped in the “magnetic bottle” between the two 
mirrors, provided the particles satisfy the pitch 
angle requirements. This is the mirror machine. If 
a plasma containing particles with randomly ori- 
ented pitch angles were to be suddenly thrust into 
su^ h a magnetic bottle, all particles with pitch 
angles less than dr would immediately escape. The 
remainder of the particles would be trapped, how- 
ever, independent of their charge, mass, or energy, 
and could escape only as mutual collisions de- 
flected them into unfavorable pitch angles. At high 
temperatures this process is predicted to be quite 
slow. 

Another consequence of the constancy of /x re- 
lates to plasma heating by magnetic compression. 
It has already been pointed out that an increasing 
magnetic field will compress a plasma, which tends 
to maintain constant flux through its volume. This 
property is also true for the flux threading each 
orbit. Since ^ ^ W ^ /B ^ constant, and 
(\/B) W this implies that Brc^ ^ W^/B ^ 
constant, that is, the flux through the orbit circle 
area irre^B is a constant. The heating effect follows 
simply by noting that since /x is constant. W ^ must 
increase in direct proportion to B, This is the 
process of adiabatic compression heating often 
alluded to in the literature. 

To complete the list of adiabatic invariants of 
plasma motion, two more will be mentioned. Sup- 
pose that the plasma particles are trapped in a 
magnetic bottle and move in a periodic way back 
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and lordt between limits (as in the mirror ma- 
chine). It can then be shown that the so-called 
action integral is an adiabatic invariant. The inte- 
gral is just the line integral of the momentum com- 
ponent parallel to the direction of the field, taken 
along tiM path of the guiding center, that is, 

du ^ A const (24) 

The action integral has the dimensions of an 
area in Pf^,u (phase) space. Its constancy implies 
that this area is a constant. Physically, it simply 
means that as a trapped particle moves about in 
the confinement volume, its guiding center motion 
must always be such as to keep the phase spare 
area constant (Liouville's theorem; see Statistical 
mechanics). If axial compression occurs, this im- 
plies that the axial momentum must increase cor- 
respondingly (see Fig. 6). One of the important 
results of adiabatic theory is to show that the 
constancy of A implies that, in the absence of col- 
lisions, and for slowly varying fields, the drift mo- 
tion of trapped particles in a magnetic bottle (such 
as the earth’s magnetic field ) is such as to generate 
an imaginary fixed closed surface for each trapped 
particle, to which it would be forever bound. The 
now-famous Argus experiment provided a sub- 
stantial degree of confirmation of these ideas. 

The last adiabatic invariant to be mentioned has 
already been hinted at. It has been demonstrated 
that the magnetic flux enclosed by the aforemen- 
tioned surfaces which are generated as a conse- 
quence of the constancy of A is also an adiabatic 
invariant. This fact is very useful in analyzing 
novel or complicated magnetic confinement geom- 
etries. 

In summary of the particle dynamics of plasmas, 
it has been shown that plasma particles in a 
strong magnetic field are generally constrained to 
move in helical orbits. In the presence of field 
gradients and other perturbations they tend to drift 
from line of force to line of force, tracing out 
closed surfaces as they move about. Throughout 
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intogrob (24)- 


the motion of the plasma particles, the coUecti^ 
motion will be constrained to be such as to preserve 
near equality of total positive and negative charge 
since any departure from neutrality gives rise to 
strong electric restoring forces. 

Confinement criteria. With these facts in mind, 
the problem of magnetic confinement may now be 
stated in detail : 

1. To immerse an electrically neutral plasma in 
a magnetic field sufiiciently strong that all particle 
orbits have diameters small compared with the 
dimensions of the confinement chamber. This en 
sures that the particles cannot at once touch the 
chamber walls. 

2. To find a configuration of magnetic fields 
which prevents the rapid escape of the plasma 
along the magnetic lines and yet do%s not introduce 
uncanceled drift motions which would cause it to 
strike the chamber wall. This requires either that 
the lines of force shall close on themselves (as in 
the pinch effect or the Stellarator) or that s<une* 
thing akin to the magnetic mirror effect be used. 

3. To ensure that the plasma can be sustained 
in a state of stable pressure equilibrium by the 
magnetic field, either by use of very strong fields 
special field configurations, or special plasma con 
ditions. 

The last-mentioned problem is potentially the 
most difficult one and will be referred to again in 
the discussion of plasma instabilities. 

WAVES AND INSTABILITIES IN PLASMAS 

Because of the couuled nature of the motion of 
plasma and its electromagnetic field envir6nmenl 
it can support unusual oscillatory or wave motions 
both stable and unstable. 

Stable wave motions. A rough subdivision of 
the stable wave motions is possible in terms of four 
characteristic “frequencies” or periods of a plasma 
assumed immersed in a magnetic field. In man\ 
typical cases these characteristic frequencies occur 
in the following order: (i) Interparticle collision 
frequencies (lowest); (ii) Ion cyclotron fre- 
quency; (iii) Electron cyclotron frequency; (iv) 
The “plasma frequency,” o)p = \/^TTne^/m (high 
est). Only a few of the features of wave propaga- 
tion will be sketched, the details of plasma wave 
propagation being remarkably complicated. The 
reader is referred to the now-voluminous literature 
on the subject for further details. 

At frequencies below (i) a plasma would behave 
as an ordinary gas and propagate a simple elastic 
wave. Such waves would be important only for high 
density, low temperature, or large plasmas. 

At frequencies between (i) and (ii) a chaw^^^*"' 
istic plasma wave, the hydromagnetic or Alfyen 
wave, is possible. This wave 4 |iq(^emb]es that which 
would be propagated by a t&gded elastic string- 
Here the “strings” are the magnetic lines of force, 
loaded by the plasma mass (that is, primarily the 
ions). Satisfying the. ^adiabatic criteria, particles 
and field distort together (field^^ines “stick”' to the 
plasma and vice versa) providing a Waded elastic 



um tor ** waves. The Alfvea wave velodty is 
^i^enbytheexpressi oo 

- VB®/47rp cm/sec (25) 

nhere p is the plasma density. 

Xh<- expression is valid only for frequencies 
^<(6) and for values of B and p such that c; 
that is, (magnetic energy density 

Hinall compared with one-half the mass energy 
aen-^ity). 

At frequencies in the vicinity of (ii), resonance 
of the wave motion with the ion cyclotron fre- 
quency occurs and the waves become highly dis- 

per‘‘ive. 

At frequencies between (ii) and (iv), wave prop- 
igation is allowed only for special directions of 
propagation with respect to the magnetic field, and 
type'* of waves are propagated which resemble the 
ordinary and extraordinary light wave in a hire- 
frmgent c rystal. See Crystal optics. 

Above frequency (iv), the plasma propagates 
simple electromagnetic waves with a phase velocity 
greater than c; that is, it behaves like a medium 
with an index of refraction less than unity. The in- 
dex of refraction v is given by 

V = \/l (<!);;/ 0))“ to > <Op (26) 

Thi«i properly of a plasma can be used to deter- 
mine Its electron density. By measuring the phase 
shift in the transmission of a microwave beam prop- 
agated through the plasma the mean index of re- 
fraction can he determined, and from this the den- 
Htv. through use of Eq. (26). The numerical value 
of the plasma frequency is given by 

/p = 2; = 9X 10»(n,)''* (27) 

Foi d density of 10^ eleclrons/cm'*, /p = 9 X 
10’“ cpv, corresponding to a free-space wavelength 
of 3 3 mm. 

The plasma frequency itself represents a clas- 
••ic example of cooperative effects in a plasma. It 
represents a natural frequency of oscillation of the 
electrons of the plasma, occurring even in the ab- 
'*ence of any magnetic field. It arises from the fact 
that any net displacement of the plasma electrons 
"Jth respect to the ions produces a polarization 
electric field which acts as a restoring force. Thus, 
•f such a displacement occurs, volume oscillations 
of thp electrons about the position of -t'harge neu- 
trality will result. The ions, being much more mas- 
sive, will remain essentially stationary, like plums 
to a pudding. If a more detailed analysis is per- 
formed, it can be shown that the effect of the ther- 
toal velocity of the electrons is to modify slightly 
allowed frequency of these electrostatic plasma 
Oscillations, so that a dispersion relation results; 
. t is, a frequency-wavelength relationship, show- 
toi5 that such oscillations can occur over abhut an 
octave, bounded on the low frequency side by a>p. 
^Instabilities. The instabilities exhibited in a 
P>a^ma are perhaps its most recondite property. 

0 isotropic isothermal plasma with a maxwdlisn 
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particle distribution could not exhibit any ineta^ 
bility. However, all plasmas created in the labora- 
tory differ in some respect from such an ideal 
plasma, possessing a higher degree of order and 
thus a lower state of entropy. This difference in 
entropy makes it thermodynamically possible for 
instability or turbulence to occur, which increases 
the entropy by introducing a greater degree of dis- 
order. In a magnetically confined plasma, instabil- 
ities usually result in the rapid escape of the plasma. 
A simple rule for the theoretical growth time of 
many plasma instabilities is simply to divide the 
over-all dimensions of the plasma by the thermal 
velocity of the ions. This is usually a very short 
time for a hot plasma, being of the order of a 
few microseconds. Understanding and controlling 
plasma instabilities is clearly a prime target of 
high-temperature plasma research. 

One now distinguishes two general classes of 
plasma instabilities: (i) configuration space in- 
stabilities, in which the instability arises because 
of order in configuration space (pressure gradi- 
ents, magnetic field curvature, and so forth) ; and 
(ii) velocity-space instabilities, arising from order- 
ing in velocity space (streaming motion, ordered 
departures from a maxwellian velocity distribution, 
and so forth). The hydromagnetic instabilities rep- 
resent the main configuration space instabilities. 
Such instabilities may occur if there exists an ener- 
getically favored interchange or flow of the plasma 
and the confining magnetic field which will allow 
the plasma to expand. 

When streaming motion of any substantial frac- 
tion of the particles of a plasma occurs, as when a 
heavy electric current is being carried by the elec- 
tro* s (the pinch effect), under some conditions it 
is possible for an exponentially growing disturb- 
ance to occur, drawing its energy from the ordered 
motion of the stream. The familiar instability of a 
fire hose has a clovse analogy in a plasma, to cite 
one of several examples. 

Another type of velocity-space instability, which 
would feed on a resonant interaction between elec- 
tron plasma oscillations in a magnetic field and the 
ordered energy of an anisotropic electron velocity 
distribution, has been theoretically predicted. A 
sufficient condition for the plasma to be stable 
against such unstable oscillations is that 

(a>p/o>.e)2 < 1 (28) 

that is, the plasma frequenc]^ should be less than 
the electron cyclotron frequency. The condition can 
also be written, from the definition of the quanti- 
tiCvS, as equivalent to the condition 

- (n.mc® )/2(BV87r) < 1 (29) 

that is, the mass energy density of the electrons 
must be less than twice the energy density of the 
magnetic field. Again, it can be rearranged so as to 
define a critical value for the electron pressuire, 
since 

fi. m p^/(BV87r) « iar./(fiV87r) 
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Thus 

i9* < 2(kTr/mc^) < 2 (Tr/Sn kev) (31) 

if r« is measured in kev. This is a fairly stringent 
condition, especially at low electron energies. If 
one still further manipulates the condition, it can 
be shown to be equivalent to the requirement that 

(rce/Xn) < 1 (32) 

that is, the mean gyromagnetic radius fre of the 
electrons should be less than the Debye length. 
It has already been pointed out that cooperative ef- 
fects cannot occur within distances shorter than a 
Debye length, so this condition is by no means 
surprising. 

In concluding the discussion of instabilities, it 
is important to recognize that at the time of this 
writing only the grossest features of the theory of 
plasma instabilities have been corroborated experi- 
mentally. Since the question of plasma instability 
is the greatest potential barrier to effective mag- 
netic confinement, the study of instabilities must 
proceed much farther before even the feasibility of 
long-time confinement is demonstrated. 

COLLISION PROCESSES IN PLASMAS 

In the absence of instability mechanisms which 
could destroy a state of order in a plasma, the 
drive toward a state of higher disorder comes about 
through interpartirle collisions. The dominant in- 
terparticle collision process in a high temperature 
plasma is Rutherford scattering, elastic scattering 
arising from the mutual Coulomb electrostatic 
fields of the charged particles of the plasma. Such 
processes lead to the deflection of and energy ex- 
change between the plasma particles. These colli- 
sion processes are important, since they deter- 
mine the basic rate of all collisional transport 
processes in the plasma. The cross section or ef- 
fective collisional area o, for “close” collisions be- 
tween plasma particles of equal mass and charge 
can be simply estimated from the classical mini- 
mum distance of approach of two equal charges 
(where mutual potential energy becomes just equal 
to initial kinetic energy, that is, Z-eVrmin “IT): 

cr« — cm- (33) 

However, if the classical minimum distance of 
approach is compared with the value of the Debye 
length \o given in the table, it will be readily 
seen that at the usual particle energies is 
typically some 10® times larger. Thus the prob- 
ability of a particle “colliding” with some particle 
that is distant yet still within the range Ao is some 
10^® times larger than that it should make a sim- 
ple “hard” close collision. Thus, even though <^the 
effect of each individual distant encounter (within 
Ad) is infinitesimal, the statistical sum of their ef- 
fects is not, and in fact is about 10 times more im- 
portant than that of close collisions. In the calcula- 
tion of this effect, the logarithm of the ratio 
(Ad Aniin) “ A appears; In A as 20 in most cases. 
One finds for an approximate value of the scatter- 


ing cross section owing to distant collisions th 
value ^ 

Od as {irZ^e^/W^) (In A/2) (3^^ 

Written in terms of the particle energy in « 
this becomes 

ad as 10a, = 6 X 10^^^ {Z^/W^) cm^ (35^ 
where W is in ev. 

Some quantitative values are of interest. If Z » ] 
(hydrogen ions, or singly charged heavier ions) 
and i{ W = I ev, then rra ^ 6 X lO'^^ cm®, or some 
10-^ to 10^ times normal atomic or gas kinetic cro<i<, 
sections. However, if IT = 1 kev, ad is 10*' tinier 
smaller (almost 6 X 10 cm®) and is already 
much much smaller than atomic ^cross sections. It 
can be seen that even disregarding the fourth 
power dependence on Z, the range of collision cros« 
sections encountered in hot plasmas may be enor 
mous. It follows that the collision mean free path 
d can vary over an even more extreme range, con 
sidering the range of densities which is of inter 
est. For example, for a hydrogenic plasma densii\ 
of 10'^ cm"'' (about the upper limit for most high- 
temperature plasma studies), and a mean ion en- 
ergy of 10 ev, d = l/na,i ^ 1.6 X 10 ^ cm, whereas 
at ft = 10'® cm '' and 1 kev, d ^ \6 km. Clearly the 
physical behavior of the plasma can be expected to 
be quite different over ranges of temperature and 
density which may be encountered in even a single 
experiment. See Scattering experiments, atomic 
AND MOLF.riJLAR. 

Relaxation timeyThe collision processes in a 
plasma serve to define the rate of randomization o( 
the energy and direction of motion of the plasma 
particles. One reason that these processes are mi 
portant is that they act in opposition to magnetii 
confinement (especially in the mirror machine) 
and set an upper limit on its duration. From funda 
mental work by S. Chandrasekhar and Spit/er, the 
so-called “relaxation time” for a large angular de- 
flection or for energy exchange comparable with 
the original energy of a given ion (or electron) 
colliding with particles of the same kind can be 
calculated. To a eufiScient approximation, this time 
is given by 

T = 5.7 X WiA^^^/Z) (rvy/i) sec (36) 
where IT is in ev. 

Returning to the numerical examples given, m 
this case one has, for protons (i4 = Z »= !)♦ * 

density of 10'^ cm"® and an energy of 10 ev, r =* 
1.8 X 10 sec; while for electrons {A *= 
1/1836), T = 4 X 10"^' sec, which is a very 
time indeed. On the other hand, at n « 10'* 
and energy of 1 kev, these times become equal to 
18 msec and 0.42 msec respectively. It is quite clear 
that in the first example in the times are small even 
compared with the cyclotron frequencies of the 
plasma particles (normally the shortest character' 
istic times in a magnetically confined plasma) ^ 
that heating by magnetic compression would ^ 
slight and magnetic confinement would be 
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tially inoperative, the plasma diffusing like an or- 
dinary gas. On the other hand, in the second exam- 
ple^ the times are very long compared with cyclo- 
tron periods for reasonable magnetic field strengths, 
and in slowly varying fields the adiabatic assump- 
tions would be well satisfied. Further increase in 
the temperature or magnetic field strength would 
make the conditions even more accurately satisfied. 

Degrees of freedom. Another interesting conse- 
qiienre of plasma situations where the collision 
times are long is that for operations performed on 
ihr plasma in times short compared with the colli- 
sion limes, the degrees of freedom of the plasma 
motion are essentially uncoupled. That is to say, 
rompressions perpendicular to the field direction 
involve only the rotational degrees of freedom, so 
(hat llie plasma acts as a two-dimensional gas. Siini- 
Idily, compression along the field lines results in 
the plasma acting as a one-dimensional gas. The 
law's of thermodynamics relate the value of the 
adiabatic gas constant y to the number of degrees 
of freedom f; y — (24-/)/. Thus for compression 
liansverse to /?, / = 2, so that y = 2. For longitudi- 
nal compression y = 3. The same general thermo- 
dynamics laws show that the ternperalure-vs-parti- 
( le density law for an adiabatic compression of a 
{zas is that 

r or 1 (:n) 

Tims for transverse compression T oc a/, hut for 
longitudinal compression T a n'*; that is, T varies 
as the square of the compression ratio. But if the 
rompression were carried out in a time long com- 
pared with collision limes, / = 3, y = % (all de- 
grees of freedom cou{)led). and T or a sub- 

stantially less pronounced variation with density. 

Dynamical friction. While collisions between an 
energetic ion and the eleetrons of a plasma lead to 
little deflection of the ion’s path, owing to the 
'^niall mass of the electrons, another important ef- 
f<‘cl, dynamical friction, can arise. Provided only 
that the mean energy of the ion is greater than that 
of the electrons, the statistically averaged effect of 
oolli«ions with electrons within the Debye length 
I^ads to a frictional drag on the ion which will 
t^ventually reduce its mean energy to that of the 
fieri rons. This can be an important effect, leading 
'0 a damping of the energy of energetic ions im- 
mersed in a cold plasma. On the other hand, if 
the mean ion energy is lower than that of the elec- 
trons, the electron collisions will lead to an increase 
of the ion energy by heating. This latter effect is 
important in cases where plasma heating is accom- 
pli'^hed via heating the electrons first, as in joule or 
resistive heating. 

A single expression can be derived which repre- 
sents both these effects. This is 

V rft ^ A (irmfcr.)''* M .%r. /2/ 

(38) 

f'or ion energies small compared with the mean 
electron energy, the rate of ion heating (Te in ev) 


is given by 



8.8 X 10“* ^ ev/sec 

^ ‘ W«ikTJ2 (39) 


When the ion energy is substantially greater than 
the mean electron energy, the general expression 
takes the form 
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This can be integrated to yield an expression for 
the exponential decay of ion energy as a function 
of time 


r = roc-'/^ (41) 

where = 1.8 X 10‘ (A/Z'^) (42) 

If the electron temperature is low, may be 
quite small c‘ompared with the mean ion-ion colli- 
'^ion time, and therefore will dominate the energy 
exchange times for high-energy ions. For example, 
if n, ~ 10^^ cm and ^ 10 ev, then for ener- 
getic protons, t, = 5.5 /xsec. By contrast, if the pro- 
ton energy is, for example, 10 kev, the correspond- 
ing ion-ion scattering lime t calculated from Eq. 
(36) is roughly 6 msec or 1000 times larger. At an 
electron temperature of 1 kev, however, the two 
times become about equal. 

The expression for holds as long as the ion 
velocity is less than the mean velocity of the elec- 
trons, that is, as Jong as 

r < (M/m) %kT, (43) 

When this is not satisfied, the dynamical friction 
rate is somewhat smaller than that just predicted. 
For proton^, this occurs when IF = 2760 kTg, that 
is, only at very high energies. 

The entire question of energy transfer rates be- 
tween ions and electrons is one of great importance 
in plasma research, since in many cases these rates 
are critical in determining the relative importance 
of other processes, such as the rate of loss of en- 
ergy from plasma by radiation (which arises 
from the electrons). But as of this writing almost 
no experimental data exist on these fundamental 
processes. 


RADIATION FROM PLASMAS 

Radiation provides a direct cooling mechanism 
for a high-temperature plasma. Fortunately indeed 
for the future of plasma research, theory shows 
that at even the highest particle densities used in 
the laboratory, the radiation rates from a plasma 
are much less than the Planck or black-body value. 
For example, at a radiation temperature of 10^ ^K, 
the Planck radiation, being proportional to T*, 
would amount to the almost inconceivable value of 
6 X 10^® watts/cm* (5ee Heat radiation). 0ut 
the fortunate fact that a tenuous plasma is optically 
very ‘Hhin’^ over almost all of its emission spectrum 



means that, as one might expect from KirchhofTs 
law« radiation is greatly reduced compared with 
the Planck value, so that under the proper circum- 
stances a plasma with a kinetic temperature of 
10^ ‘’K might radiate at a rate equivalent to the ra- 
diation rate from a black body at radiation temper- 
atures of only a few hundred degrees K Neverthe- 
less, in many experiments great care must be taken 
to avoid certain impurity problems so as to keep 
the radiation from rising to a value where it would 
overwhelm the means for heating the plasma and 
keeping it hot. 

Common mechanisms. Considering collisional 
processes, there exist three important mechanisms 
for radiation from a plasma. 

The first is the generation of x-rays (brems- 
strahlung), which occurs when the plasma elec- 
trons are deflected by encounters with the ions (see 
Bremsstrahlung) . The second mechanism is a 
similar radiation which occurs when electron-elec- 
tron collisions occur. This process is important 
only at very high electron temperature, where the 
electron motion becomes relativistic (T^ of order 
me* » 511 kev). The third mechanism which tan 
occur, and one which under some circumstances 
may overwhelmingly dominate the radiation losses, 
is that process which might be called exc itation ra- 
diation, radiation resulting from the collision of 
electrons with partially stripped ions (ions with re- 
maining bound electrons) with the production of 
excited states of the bound electrons and subse- 
quent radiation. Electron-ion bremsstrahlung can 
be calculated by the methods of quantum mechan- 
ics, from which one finds, for a maxwellian distri- 
bution, the approximate expression for the radia- 
tion per unit volume 

Pel * 1.4 X 10 n,/i, walt/cm'’ 

(44) 

Here Z is the ionic charge, and is measured 
in degrees Kelvin kinetic temperature Except at 
high densities, the radiation rate is nominal, being 
only some 14 milliwatts/cm'^ for a hydrogenic 
plasma at 10** °K and a density of 10’ ^/cm'* iZ = 
1, n„ * n#) At n ** 10’ ^/cm^ this would be 10® 
times larger, reaching the respectable figure of 14 
kilowatts/cm^. Also for a plasma composed entirely 
of higher Z ions, since electrical neutrality of the 
plasma requires that = Zn<, the bremsstrahlung 
radiation rate varies as Z* and would therefore be 
much larger. 

Excitation radiation rates can be calculated if 
the degree of stripping of the ions in the plasma 
is known. In the past it has been customary to as- 
sume that by the time kinetic temperatures of 10®- 
10® ®K or higher have been reached, all atoms ifra 
plasma will have been completely stripped of their 
bound electrons. In this case, there would, of 
course, be no excitation radiation emitted. The as- 
sumption of complete stripping would be valid for 
a hydrogenic plasma, whose atoms have only a sin- 
gle, easily stripped dfectron. Unfortunately, it is 
not possible to creete in die laboratory an abso- 
lutely pure hydrogen plasma ; there will always ^x- 



Fig 7 Stripping curve 

ist some appreciable number of higher Z contain 
ment atoms, such as oxygen 

By means of calculations similar to those em 
ployed by astrophysicists in calculating the radia 
tion from the sun’s corona, one can (ompute thp 
degree of stripping rgf impurity atoms immersed in 
a low Z plasma It is found that the degree of 
stripping is much less than one would have intui 
tively assumed As a result, the role of excitation 
radiation can be very important, even at quite luph 
kinetic temperatures. 

In the calculations it is found that the mo‘^t in 
teresting and hardy ions are those which are 
stripped down to one to three or four remaining 
electrons Using approximate ionization cross sec 
tions, a stripping curve has been calculated for the 
expected relative abundances of one-electron (hy 
drogenlike) and iht^e^dectron (lithiiimlike) lon^ 
as a function of atomic number and kinetic tem 
perature (Fig. 7) The figure shows loci for the 
curve dividing the region of temperature below 
which a given atom has one or more bound elec 
trons, and for a similar curve for three or more 
hound electrons These curves represent steadv 
state values of the stripping It will be seen that 
high Z impurity atoms become completely strippe^l 
only at very high temperatures. 

Using calculations of this kind, one can deter 
mine the expected rates of excitation radiation, 
impurity atom, as a functfion of kinetic tempera* 
ture. This should be done for all existing states to 
obtain the total radiation rate. However, it is 
ficiently informative to present the results for the 
two states (one electron and three electrons) 
given. The results of these calculations, using 
proximate excitation cross sections, arc presenJP® 
in Fig. 8. The results are njjg:palized on an 
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Pig 8 Ratio of two important plasma radiation mech- 
anisms versus temperature for iron, aluminum, oxygen, 
and carbon. 

fiu-atom ba.sift, against the ordinary hydrogenic 
Drrmsstrahlimg rale. The feature that is immedi- 
alelv apparent from the curves is that at tempera- 
tures of order 10^’ °K, the excitation radiation rate 
1 - enormous compared with ordinary bremsstrah- 
liino This radiation is all emitted in the vacuum 
ultraviolet region of the spectrum: A ^ 100-1000 
A Only as the temperature reaches 10' °K or 
more does it drop to more reasonable values. This 
sliinvs that at the lower temperatures excitation 
r.ididtion may provide a very rapid cooling process 
f'l? d hvdrogenic plasma, even with relatively small 
I'prrentages of impurities. Secondly, it is apparent 
that once very high temperatures are reached, the 
rate falls to about the ordinary bremsstrahlung 
'allies (indicated by the marked lines along the 
njihr edge of the plot) . 

The preceding calculations represent sleady- 
"tale rates. However, in experimental plasmas the 
finration of the experiment may be too short for the 
plasma ions to reach the steady-state degree of 
"tripping. In this case, calculation.s show that the 
radiation rate may be substantially higher than that 
I'lst indicated. 

^1 relatively low pla.sma temperatures and very 
impurity densities, self-absorption of the ra- 
fltalion may become important and reduce the cal- 
culated loss somewhat. This usually occur.s only at 
a very high absolute radiation flux, however, since 
onset of self-absorption signals the approach to 
c'Quilibrium or Planck radiation levels. 

Other mechanisms. The mechanisms described 
ihiis far produce their main radiation flux in the 
'■fay and the vacuum ultraviolet part of the spec- 
luim. Going toward longer wavelengths, the next 
J'JjEnificant radiation region is not reached until the 
long wave infrared or the short wavelength micro- 
'vave region is reached. In this region, the plasma 
‘*gain possesses mechanisms which can produce ap- 
Pfeciable radiation fluxes. Being limited by the 
aayleigh-Jeans value (which varies as the square of 
‘f<*qtiency), this long-wavelength radiation does not 
^an^rise an appreciable energy loss mechanism ex-, 
at the highest electrcm temperatures. The ra- 


Flaster of parla Vlff 

diation in this region is important only for a plasma 
immersed in a strong magnetic field. It arises sim- 
ply from the centrifugal acceleration of the elec- 
trons as they move in helical orbits in the magnetic 
field. Measurement of this radiation provides an- 
other possible way to determine the electron tem- 
perature of the plasma, by applying techniques 
similar to those employed in radio astronomy. 

fn.F.p.] 

Bibliography: H. Alfven, Cosmical Electrody- 
namics^ 1950; S. C. Brown, Basic Data of Plasma 
Physics, 1959; R. F. Po.st, Controlled fusion re- 
search — an application of the physics of high tem- 
perature plasmas. Revs- Modern Phys-t 28:338-362, 
1956; R. F. Post, Fusion power, ScL American, 
197(6) :73““84, 1957; L. Spitzer, Jr., Physics of 
Fully Ionized Gases, 1956; United Nations, Proc. 
Second Intern. Conf. Peaceful Uses Atomic Energy, 
vols. 31-32, 1958. 

Plasmal 

Those aldehydic components of lipids which give 
positive color tests with reagents used for detect- 
ing aldehydes in tissues. The Feulgen test for plas- 
malogens depends on the liberation of plasmal, 
principally palmitaldehyde and stearaldehyde, 
from these lipids by the action of mercuric chlo- 
ride and acetic acid. See Lipid; Phosphatide. 

[h.e.c.; B.H.C.l 

Plasmodroma 

In some taxonomic systems this is a subphylum of 
Protozoa, including the Mastigophora, Sarcodina, 
and Sporozoa. The Ciliata are excluded, lx)comotor 
organelles, if present, may be flagella or pseudo- 
pud ia, but not cilia. There is no nuclear dimorphism 
like the micronucleus and macronucleus as seen in 
typical ciliates. The subphylum Plasmodroma is 
not recognized as a subdivision of Protozoa by cer- 
tain modern taxonomists. fR.p.H.] 

Plaster 

A plastic mixture of solids and water which sets to 
a hard, coherent solid and which is used to line the 
interiors of buildings. A similar material of differ- 
ent compositiM, used to line the exteriors of build- 
ings, is known as stucco. The term plaster is also 
used in the industry to designate plaster of pearls. 

Plaster is usually applied in one or more base 
(rough or scratch) coats up to % in. thick, and also 
in a smooth, white, finish coat about Vie in. thick. 
The solids in the base coats are hydrated (or 
slaked) lime, sand, fiber or hair (for bonding), and 
Portland cement (the last may be omitted in some 
plasters), the finish coat consists of hydrated lime 
and gypsum plaster (in addition to the water). See 
Lime (industrial); Mortar; ^^laster of paris. 

[m.c.m-I 

Plaster of parts 

The hemihydrate of calcium sulfate, (CaSO^* 
^H 20 ) made \iiy calcining the mineral ^psum 
(CaS 04 * 2 H 20 ) at temperatures up to 250^C Itrjs 
used for making plasters, molds, and models. For a 
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deftcriptioa of the casting method of ceramic form- 
ings see Cehamic itechwolocy. 

When the powdered hemihydrate is mixed with 
water to form a paste or slurry, the calcining reac- 
tion is reversed and a solid mass of interlocking 
gypsum crystals with moderate strength is formed. 
Upon setting there is very little, if any, dimen- 
sional change, making the material suitable for ac- 
curate molds and models. 

The chemical reaction of hydration requires 
18.6 lb of water for each 100 lb of plaster of paris; 
any excess of water over this makes the mixture 
more fluid and it eventually evaporates, leaving a 
porous structure. In general, the greater the poros- 
ity, the lower the strength of the set plaster. Plaster 
of paris molds for ceramic casting must have a cer- 
tain minimum porosity in order to absorb water 
from the slip; thus, for this application, the amount 
of water added represents a compromise between 
the conflicting properties of high strength and high 
porosity. 

Various types of plaster, varying in the time 
taken to set, the amount of water needed to make a 
pourable slip, and the final hardness, are made for 
different applications. These characteristics are 
controlled by the calcination conditions (tempera- 
ture and pressure) and by additions to the plaster. 
For example, hydrated calcium sulfate (CaSOj* 
2 H 2 O) greatly accelerates the setting time and 
therefore the use of utensils contaminated with set 
plaster is to be avoided. See (ivesuivt; Plastlr. 

1 M.C.M.] 

Plastic deformation of metal 

The permanent change in shape of a metal as a re- 
sult of exceeding the elastic limit. The plasticity of 
a metal permits it to he molded or pressed, without 
rupture, into various forms that are retained after 
the pressure of molding or pressing has been re- 
moved. For a discussion of conditions under which 
changes in shape are not [)ernianent. see Klastu - 
ITY. 

The propertie.s of metals that are associated with 
plastic deformation are ductility (the ability of a 
metal to he deformed considerably before break- 
ing), creep (the lime-dependent deformation of 
metal under stress), and malleability (the ductility 
of a metal under the particular conditions of a 
given metal-forming operation). See Metal; 
Metal, mechanical properties of; Metal form- 
ing. 

Ductility. A substance is brittle if it breaks 
without deforming; it is ductile if it can deform 
considerably before breaking. Ductility is impor- 
tant in metals for two reasons. It permits a metal 
to be put into commercially desirable shapes vJith- 
out breaking, and it permits a metal to absorb 
shocks and blows in service that could break a 
stronger but more brittle material. One simple 
measure of ductility is the reduction in cross- 
sectional area that a metal sample will show when 
pulled apart in simple uniaxial tension. There are 
metals that are as brittle as glass, showing virtually 


no reduction in cross-.sectional area in a ten 1 
test, whereas others will be as ductile as taff 
stretching out in a tensile test until the cross ^ 
tion of the sample has contracted to a mere fila 
ment. Ductility is not a fixed property of a give), 
metal hut will depend upon such factors as the tern 
perature, the speed with which the metal is hn 
ken, the size and shape of the metal, impurities Uia| 
may be present in the metal, the environment in 
which the metal finds itself, and the manner m 
which the metal deforms prior to breaking. 

In a tensile test, the metals crystallizing in the 
face-centered cubic system (for example, copper, 
aluminum, nickel, lead) arc generally ductile at all 
temperatures and rates of deformation strain al- 
though even these metals (espe^^ially those wiih 
large grain size) show some brittleness in 
combinations of temperatures and deformalinn 
rates, as shown by the valley A-A in Fig. 1. Sin»e 
the metal deforms plastically at temperatures hr 
low this valley and viscously al teniperalnic^ 
above it, this brittleness is usually associated with 
the high degree of def(»rmation occurring in tlic lew 
regions of tlie internal structure of the metal when 
viscous flow first makes its appearance. The leirn 
equicohesive brittleness is usually u(>plied to this 
phenomenon. A quantitative measure of ductility ^ 
the ratio of the cross-sectional areas of the te^-t 
piece before (ao) and after (a/) the piece failed 
Since the range of this ratio is large the logarithm 
of the ratio is usually plotted (see Figs. I, 2. .! 
4) and for theoretical reasons the natural logarithm 
may he used. 

Certain of the (dose-packed hexagonal metiih 
(notably zinc and cadmium, but not titanium or 
zirconium) and certain of the body-centered <11 
hie metals (notably iron, chroiniiiin, tungsten, and 
molybdenum, but not vanadium or tantalum) he 
come brittle at low temperatures and at high di*- 
formation rates (Fig. 2). This phenomenon is the 
basic cause for the dramatic failure of steel striK- 
turps in cold weather under shock (for example, the 
breaking in half of the ocean freighter Flying En- 
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Fig. 1. Ductility of copper in a tensile test (meesu^«*j 
by the natural logartthm of the ratio of crose**®^^®*'® 
area of tensile specimen before (c^) end 
the test) as a function of temperature ond teilt 



p,g 2 Ductility of annealed mild steel in a tensile 
test as a function of temperature and test speed. 
Metal IS virtually glass-brittle at low temperatures and 
high strain rates (region A). (From T. Toh and W. M. 
Baldwin, Jr , in W. O. Robertson, ed.. Stress Corrosion 
Cracking and Embrittlement, Wiley, 1956) 



Fig 3 Ductility of annealed mild steel charged with 
hydrogen as a function of temperature and test speed. 
Presence of hydrogen has depressed the ductility of 
fhe steel in region B. Brittleness in region A exists 
vvhether hydrogen is present or not. (From T Toh and 
^ M Baldwin, Jr., in W D Robertson, ed , Stress 
Corrosion Cracking and Embrittlement, Wiley, 1956) 


^frpnsc in the North Atlantic in January, 1955). 

DisM)lvpd impurities which diffuse through, or 
^how some mobility in, the host metal will affect 
ductility of the host metal in certain ranges of 
innperature and deformation rates. If, by a suitable 
‘hone of temperature the mobility of the im- 
purity can be changed so that its value is in some 
critical proportion to the deformation rate, the 
Piovement of the host metal atoms going to make 
the deformation mechanism may well be ham- 
pered and brittleness will result. Figure 3 shows, 
example, how steels containing hydrogen dis- 
a brittleness over certain temperatures and 
^Wmation ranges (region B of Fig. 3). Thw is in 
addition to the low-temperature brittleness which 
^*®el8 possess, whether they contain hydrogen or 
A of Figs- 2 and 3), 

Notches on the surface of or boles within metal 
^Pccnnens under tension will affect their ductility 
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in two ways. They will lower the general level of 
ductility of all metals and they will shift the cliff 
which bounds the low-temperature brittle range of 
Fig. 2 to higher temperatures and lower strain 
rates. Both of these effects become greater as the 
area of cross section occupied by the notches or 
holes becomes larger (Fig. 4) ; and both of these 
effects (for a given proportion of the cross section 
occupied by notches or holes) will vary in intensity 
from metal to metal. These considerations are im- 
portant because a given steel, when tested as a 
smooth bar in a simple tension test, may be quite 
ductile, and yet when fabiicated into a machine 
part containing notches or holes may be danger- 
ously brittle. The embrittling effects of blow-holes 
from improper casting or voids introduced bv im- 
proper annealing (for example, the hydrogen-an- 
nealing of oxygen-bearing copper) stem from this 
same cause IJndissolved impurities whose hard- 
nesses are markedly different from that of the ho-jl 
metal (either harder or softer) are embrittling be- 
cause the\ effectively behave as holes (discontinui- 
ties) in the matrix. In a similar yein, brittle skins 
put on metals intentionally (carburized or nitrided 
cases put on steel, or chromium and copper 
plates) or unintentionally (oxygen- or nitrogen- 
rich surfaces in titanium annealed in air) will em- 
blit lie the base metal At the slightest deformation 



n 

n 

o 


notched or tkin area, % 



O Notch tensile data for 5AE 1 020 steel (circles repre- 
sent ductility with 60** notches. Upper end of vertital 
line represents ductility with 90^ notches. Lower end 
represents ductility with 30° notches). 

• Dota for carburized SAE 1020 steel. 

A notch tensile test data for copper. 

Qdata for hydrogen-embrittled copper. 

• 

Fig. 4. Duetjlity of (a) annealed mild steel and (b) 
copper as a function of the percentoge of cross- 
sectional orea occupied by a notch pf the type shown 
In the sketch (open symbols) or es a function of the 
percentage of cross-sectional area occupied by a 
brittle skin (filled symbols). (From G. W. Form and 
W. M* Baldwin, Jr,, The Effect of Brifth Skins on the 
Ductility of Metals, Am. Soc. Testing Materials, Ptrn^ 
print 79, 1956) 
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t}i« akin cracks^ and from this point on, the 

base behaves as a notched specimen, as 

shown in Fig, 4. 

CfMp^ Creep is the continuing, or time-depend- 
ent, deformation that a metal or any substance evi- 
dences when put under stress. It is unlike plastic 
deformation, which is fixed (unchanging with 
time) under stress and permanent (remaining after 
the stress is removed ) , and unlike elastic deforma- 
tion, which is fixed and transient (being recovered 
after the stress is removed ) . Creep or time-depend- 
ent deformation is the predominant reaction of met- 
als to stress when temperatures are high, that is, in 
the upper half of the temperature range from ab- 
solute zero to the melting point of the metal, and 
when stresses are low. Elastic deformation predomi- 
nates at low temperatures and low stresses ; plastic 
deformation predominates at high stresses. As the 
temperature approaches the melting point of the 
metal, creep tends toward a truly viscous phenome- 
non since the deformation rate tends to become con- 
stant under a constant stress. The higher the ap- 
plied stress s the greater the deformation rate k 
will be according to the formula f ^ As^ where A 
and n are constants, n being far in excess of unity. 
At lower temperatures creep becomes more com- 
plex. After an immediate elastic or plastic response 
to an applied load, the metal will deform with time 
at a rate that slowly falls off. The deformation may 
settle down to what appears to be a steady rate, but 
ultimately, even in tests where the stress is held 
constant, will accelerate at an ever faster pace un- 
til the metal breaks. The terms primary, secondary, 
and tertiary creep are used to describe the stages 
when the creep rate is falling off, remaining con- 
stant, or accelerating, respectively. The accelera- 
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Fig. 5. Croop rate of aluminum for four different 
ftrenes ptofted ogoinit time (temperature being con- 
Btofit at 277**0. 
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Fig. 6. Creep rate of aluminum at three different 
temperatures plotted against time (stress being con 
stant at 1500 psi). 

tion of creep rate during tertiary creep is iisuall\ 
ascribed to the breakdown of the internal mefal 
structure as a result of the deformation which has 
been going on. This breakdown can usually be seen 
under the microscope as voids or cracks opening up 
at grain boundaries gjr junctures of grain boiinda 
ries. Inseparable fiom the creep phenomenon 
creep recovery. A metal that crept under load 
recover some of the deformation it so accumulaud 
when unloaded. Part of the recovery will be ini 
mediate, being purely elastic in nature, but part 
will slowly accrue with time at an ever-decreasing 
rate. 

Although the creep rate varies with time in thp 
more coippl^ farms of creep (at temperatures not 
close to the melting point of the metal) it can be 
predii ted with fair success for a given tempeiaiure 
or stress if it is known over a given period of time 
at another temperature and stress. Figure 5, for 
example, shows Jthe logarithm of the creep rate of 
aluminum plotted against the logarithm of time for 
four different applied stresses, the temperature be- 
ing held constant. It is obvious that increasing the 
stress merely shifts the curve upward without dis- 
torting it in any way. Similarly Fig. 6 shows the 
logarithm of the' cr^ep rate of aluminum plotted 
against the logarithm of time for three different 
temperatures, the stress being held constant. In- 
creasing the temperature in two 50® steps shuts 
the curve bodily upward and to the left in 
amounts. These relations are expressed by the 
formula 

Here k is the strain'rate in in./in./sec, s Is the »P 
plied stress, n is a constant (equal to 8 in 
of aluminum taken for illustration), / is flic * 
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time from application of load to fracture in sec 

Fig. 7. The ductility of a cast and rohed zinc-alumi< the alloy "flew to pieces under the shears unfess cut 

num-copper eutectic alloy, containing 89% zinc, slowly" and that the alloy "broke like glass when 

7% aluminum, and 4% copper (here measured as bent rapidly or struck, but could be doubled on itself 

elongation in a tensile test), drops off as the test is if bent slowly." (From W. Rosenhain, J, L. Houghton, 

speeded up. W. Rosenhain, J. L. Houghton, and and fC. E. Bingham, Zinc alloys with aluminum and 

K E. Bingham who reported these data noted that copper, J. Inst. Metals, 23:261^24, 1920) 


tiorial relation between creep rate e and time t, R 
IS the gas constant, T is the absolute temperature, 
and Q is a constant equal to the activation energy 
f(ir diffusion of the metal in question. The strain 
rate will vary with each metal and depends upon 
factors such as temper and grain size. 

The ductility of creeping metals falls off as the 
deformation rate is .speeded up (Fig. 7). This be- 
havior is found in viscous or visco-elastic materials 
in general, for example, in crazy putty, in suspen- 
sions of sand in olive oil, and in glass. The strain 
rate at which the ductility suddenly drops, moves 
In higher values as temperature is raised in ac- 
cordance with an Arrhenius type of equation, 

Ec - 

'vhere A, Q, and R are constants. 

Malleability. In the strictest sense this is the 
ability of a metal to be rolled or hammered with- 
nui breaking, although it frequently is interpreted 
in a broader sense as the ability of a metal to be 
formed by any mechanical process. It is thus a very 
practical measure of the ductility of a metal under 
the particular conditions of a given forming opera- 
tion. Since metals are formed in commercial opera- 
tions at elevated temperatures as well as at room 
temperature, metal producers will consider both 
the hot and cold malleability of a metal. The terms 
hot-short or cold-short refer to metals lacking hot 
nold malleability. 

of the forms of brittleness discussed in the 
Paragraph on ductility may be responsible for some 
of hot- or cold-shortness. Most metals that are 


commercially formed are free from most types of 
brittlene.ss, and the cases of hot- or cold-shortness 
to which they may occasionally succumb are caused 
by an unwanted appearance of impurities. 

Hot-shortness usually is caused by some second 
ph. (frequently present in fractions of a per 
cent) that turns liquid at the temperatures in ques- 
tion and which, by running between the grain boun- 
daries, destroys all cohesion of the host metal. The 
relative surface tensions of the liquid phase and the 
host metal will determine whether the liquid phase 
will run freely or will ball up in harmless droplets. 

Lead can render copper hot-short if present in 
quantities more than 0.02%. Brasses (copper-zinc 
alloys) can tolerate no more lead than copper itself, 
at least in the, st»-called alpha range containing 0- 
.S5% zinc in which the crystal structure of the 
brass is the same as that of copper (face-centered 
cubic crystal structure, see Crystal structure). If 
enough zinc (35-45%) is present in brass to pro- 
duce the beta crystal structure (body-centered cu- 
bic crystal structure), the surface tension rela- 
tionships between brass and lead are so radicatty 
altered that the lead now balls up harmlessly, and 
such brasses can tolerate 2-3% lead, or more* and 
still be hot-malleable. 

Hot-shortness caused by liquid phases can be 
counteracted by the addition ot third elements 
which combine with the liquid phases either to foiM 
solids or to disturb the surface tension relatit^ 
ships between the liquid and the host metal. As im 
example, the tolerance of copper for lead increases 
sharply as oxygen is added to copper (Hg. 8)^ A 






ImpurUM ONiimofiiy randerlng soma metals hot-short 
end their countereetents 


Host metal 

Impurities pro- 
ducing hot- 
shortness 

Counter- 

actant 

Iron 

Sulfur (0 017)* 

iVlanganese 

Austenitic stuin- 
less steels 

Lead (O.OO.'i) 

Oxygen 

Nickel 

Sulfur (0.004) 

Magnesium, 


Siliron (0 3) 

manguiiese 

Manganese 


Lfod (0.004) 

Oxygen 

Cobalt 

Sulfur (0.010) 

Mugiu*sium 

Copper, 

L«>ad (0.020) 

Oxygon 

Hismutli (0.002) 

Oxygen 


* The iiuiuberH in parenthesiui nro the critical liinita of 
the impurily (%) which the host metal can tolerate for hot- 
rolling- 


brief resume of some common impurities that ren- 
der metals hot-short and some counteractants to 
these impurities are assembled in the table. 

If impurities rendc*r a metal cold-short it is usu- 
ally because they occur as fine precipitates either 
at the grain boundaries of the host metal or through- 
out the entire matrix. As noted above, if the hard- 
ness of these particles is sufficiently different from 
that of the matrix they act effectively as holes and 
embrittle the metal through a notch effect. Fig- 



Fig. 8. This chart shows the lead and oxygen con- 
tents that copper con tolerate and be hot-malleable. 
The richer copper Is in oxygen, the more leod It con 
contoin and not be hot-short. (From W. A4. Baldwin, 
ir,, Railing Copper and Copper Allays, in Nonfarrous 
Protfice, Am. Inst, Mining Met, Engrs., Inst. 
MeigU Oiy*, SympoM/um Sen, vol. 2, 1948} 



100 90 80 70 60 50 

copper, % 

0 10 20 30 40 50 

zinc, % 

Fig. 9. This chart gives the maximum amount of 
antimony that brasses of different zinc contents can 
contain and still be cold-molieoble. (From W. M 
Baldwin, Jr., Rolling copper and copper alloys, m 
Nonferrous Rolling Practice, Am. Inst. Mining Met 
Engrs., Inst. Metals 0|F., Symposium Ser., voL 2, 194B) 


ure 9, for example, gives the maximum amount of 
relatively hard antimony that may be tolerated in 
relatively soft brasses of different zinc content** if 
the metal is to be eold-rolled. These curves lie 
just above the solubility curve for antimony in 
brass. Antimony in excess of its solubility limit ap- 
pears as a hard precipitate in the grain bounda 
ries of the brass and produces cold-shortness. Sec 
Metallurgy; Stress and strain. [w.m.b] 

Bibliography: H. C. H. Carpenter and J- 
Robertson, Metals., 2 vols., 1939; L. A. Rotherham 
Creep of Metals^ 1951. 


Plasticity 

The property of a solid body whereby it undergoe* 
a permanent change in shape or size when sub 
jected to a stress exceeding a particular vahu*- 
called the yield value. Many solid materials obev 
Hooke’s law at low stresses, but as the stress is 
creased, departures from Hooke’s law occur, and 
some plastic flow takes place; that is, the materia 
does not completely recover its original shape or 
size when the stress is released. 

Plastic behavior is often accompanied by 
dependent effects such a» creep (the increase i” 
strain with time at constant stress), stress rela^*’ 
tion (the decay stress with time at constant 
strain), and elastic after-sApet or recovery 
gradual decrease to a lii permanent 






the stress is removed). The study of these 
henomena in all their manifestations is the science 
li rheology. For the influence of dislocations on 
lasiif flow in crystals, see Crystal DEtECTS. See 
Creep of materials; Elasticity; Hooke’s 
Plastic deformation of metal; Rheolocy; 
MRFSS and strain. [ R.F.S.H.] 

Plastics fabrication 

operation including a variety of methods foi 
lonverting fluids, pastes, suspensions, powders, 
granules, sheets, and special forms into various 
nnlid shapes. Many end uses depend on mechanical 
alterations of an intermediate plastic form, in the 
^Jrn(* way that a great variety of objects ran he 
mide from stock metal shapes. Some plasiit s are 
almost as readily machinable as metals. Adhesive 
bonding can he used in a manner similar to the 
welding of metals. 

The numerous complicated combinations of fah- 
ludting methods can be simplified gieatly if final 
finishing operations are not ( onsidered. just as the 
prndiKlion of standard steel shapes is much less 
(irnplicdtcd than the forming of finished steel ob- 
intN With this simplifu ation, plastics fabrication 
iH iisrd to produce films, coatings, molded and cast 
)i)ie(ts and standard shapes, such as sheets or 
ntd** 

Films and coatings. Films and coatings can be 
IModiHcd bv identii al processes Films have thick- 
[lps^0^ (I f 0 2 ISO mils (0.0002 0 Of) in.) and are 
iihiiIK flexible. The term foil may he used for thin, 
ll<\ihle. transparent material used for packaging, 
vsheiejs sheets or sheeting refers to thicker mate- 
nil that Is too rigid for films. 

llie essential steps in the formation of films and 
film cddtings are preparation of the plastic feed 
( ( ornponnding and mixing), formation of the 
filni diMng and conditioning, and finishing I)e 
lauding on the actual process, the plastic feed 
'tni k ma\ be in the form of lacquers, enamels, sus- 
I‘»^nsions or emulsions, pastes, or plastic masses. 
Hie principal methods of film forming are calen- 
tasting, extrusion, and dip-, knife-, or roll- 

'Udiing 

('nh ndering. A calender usually consists of four 
rolls rotating as shown in Fig. 1. A plastic 
niass IS f-d between two rolls which squeeze it out 
a film that passes around one or more addi- 


plastic mass 



1» A four-roll calender. 


to conditioning 
equipment 


Ploitics fobricofion 
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flow box 
control gate 

^casting belt 


to conditioning 

equipment 

Fig. 2. Casting machines for film formation. 

tional rolb befoie being stripped of! as a continu- 
ous film Fabric or paper may be fed through the 
opening between the last two rolls so that the film 
is pressed into the surface to produce coatings. 

This expensive machine is particularly well 
suited for the production of laige quantities of 
vinyl films and coatings in thicknesses of 0.003- 
0 040 in and widths up to 92 in. It is also used in 
the lubber industry to produce similar films and 
(‘oatirigs. 

Lasting The technique of casting films on large 
polished wheels has long been used for photo- 
giaphic film. Casting is also done on polished 
mci 1 1 belts or hands. Both methods are shown dia- 
grammatically in Fig. 2. In this method of film 
formation, a solution of the plastic flows onto a 
highly polished moving surface wheie some heat is 
applied to evaporate part of the solvent, and to 
produce a film with enough strength to he self-sup- 
porting at the point of removal. In wheel casting, 
wheels or drums from 12 to 18 ft in diameter and 
up to 6 ft wide are used. The outer surface is care- 
fully ground, polished, and plated with nickel, 
cdiromium, oi silver. The finished surface must be 
mirror-smooth because even minute defects are re- 
produced in the film. The belt or band machine 
consists of a wide metal belt stretched between 
two rotating drums housed in a dryer. Widths up to 
100 in. are available, and the drums are spaced as 
much as 300 ft apart. 

Thicknesses of cast films vary from 0.0005 feo 
0.004 in. The wheel process is capable of produc- 
ing better surfaces and is used for photographic 
film, but the' belt method can be used for faster pro- 
duction. Many plastic films such as cellulose ace- 
tate and geetate-butyrate, polyesters, and the vi- 
nyls are produced by casting. 

Cellophane is also produced by a process called 
casting. In this case, the film is formed by chemicild 
coagulation. The method of formation is the same 
as that for viscose rayon except that a wide bud 
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Fig. 3. An extruder for plastics. (From C. C. Winding 
and R. L. Hasche, Plastics, McGraw-Hill, 1947) 

of liquid instead of liquid filaments is pumped into 
the roaguJating solution. See Fibf.r, man-madi-. 

Extrusion. Film is produced by two extrusion 
methods: the slot-die, or sheet, method and the 
large-diameter inflated-tube process. An extruder 
is shown in Fig. 3. In the slot-die method, dies hav- 
ing openings of as little as 0.005 in. and widths up 
to 72 in. are used. The plastic material emerges 
from the die in the form of a hot film which must 
be cooled rapidly. Thin films cannot be made by 
this method. Thicknesses vary from 0.005 to 0.250 
in. As indicated by the thickness range, sheets as 
well as films can be produced. 

Inflated-tube extrusion for film formation in- 
volves extruding a thin-walled tube, expanding it 
while hot, cooling, collapsing, and slitting the tube 
lengthwise to produce a film with a width equal to 
the circumference of the inflated tube. The process 
is indicated diagrammatically in Fig. 4. Inflated 
diameters from a few inches to 6 ft or more have 
been used, giving film widths up to 20 ft, much 
wider than can be made by any other method. Most 
polyethylene film used in packaging, building con- 
struction, and agriculture is made by the inflated- 
tube process. Thicknesses vary from 0.0005 to 
0.004 in. 

Coating processes. Various coating methods are 
used to apply plastics to fabrics and papers to pro- 
duce either finished goods or intermediates for 
other fabrication processes. The simplest of these 
is dip coating in which a continuous web passes 
down into a vat containing a plastic solution, over 
a submerged roller, and back up out of the solution. 
In another method, a plastic in solution is poured 
onto a moving sheet and a knife-spreader distrib- 
utes it evenly over the sheet. Other methods are 
similar to printing processes in which one roll 
rotates in a solution and transfers the plastic ma- 
terial to an intermediate roll which in turn rolls a 
coating onto paper or fabric. 

Molding. The molding of small objects is the ap- 
plication normally thought of when plastics are 
mentioned, although the total tonnage used for 
films, sheets, and laminates is actually greater. 
Molding involves filling a mold cavity with a plas- 
tic fltiiKfiiied by heat and pressure, which is allowed 


to solidify to produce an object that requires onl 
finishing operations. With the exception of 
nating and sheet forming, there are three principal' 
plastic molding processes which convert powderJ 
or granules (or simple preforms made by com 
pressing powders) into finished molded objects. 

Compression molding. In this process, the 
halves of molds such as those shown in Fig. 5 
attached to the two platens of a hydraulic press 
one of which is moved by the ram. The platens are 
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tube 


frost line 
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Fig. 4. The inflated-tube process. (U.S.I. /ndus/rio/j 
Chemicals CoJ 
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cavity 


Fig 6. A transfer mold. {From C. C. Winding and 
H L Hasche, Plastics, McGraw-Hill, 1947) 

hedted with steam or electricity to supply heat to 
ihe molds The cavities are filled with a predeter- 
mined amount of powder or preforms, and pressure 
is applied to bring the two halves of the mold to- 
gether The heat and pressure fluidize the plastic, 
ind the mold is closed very slowly until it is seated 
on the ‘‘land” areas. 

Iheie aie two types of plastics: thermosets and 
tln^rmoplasts. The former “sets up” or cures with 
the applic ation of heat; the latter requires cooling 
for (oinpletc solidification. Therniosets can be re- 
moved from the mold in a very short length of 
time If u thermoplast is used, the mold must be 
Doled before opening. Compression molding can 
l)p used for most plastic materials, but it is most 
(rpquentlv employed in molding phenolics, ureas, 
nularnines, and othei therrnosets. 

Transfer molding. This process is similar to com- 
pression molding except that fluidization is accom- 
phshed in an outside chamber and the fluid is 
forced into the mold cavities. This is done in 
molds typified by Fig. 6. The transfer from the 
charge cavity to the product cavity is accomplished 
Ih the closing of the press. The two main halves of 
^lip mold come together first; additional movement 
>f the ram pushes the fluid into the charge cavity. 

fluidization takes place outside the mold cav- 
•t' thinner sections and more delicate inseits may 
he imed Some excess plastic is always left in the 
<onne<ting passages; this must be removed and 
‘bearded before the cycle is repeated. This 
^pthod is normally employed with thermosetting 
plastics such as the phenolics, ureas, or melamines. 

Injection molding. In this process, a bot thermo- 
plast IS injected into a cooled mold, thereby obviat- 
the need for alternately heating and cooling 
be mold. Granular plastic material is placed in a 
Hopper from which it is fed in a predetermined 
l^iantity to a heated chamber located in front of a 
Hydraulically operated piston. See Fig. 7. After 
be mold is closed, the plunger forces the plastic 
brough the heated cylinder, then through a pozzle 
•JJto the sprue in the front half of the mold and on 
brough the runners into the mold cavities. Pres- 
up to 25,000 psi are used for injection. The 
cools rapidly and is soon ready for ejection, 
antire cyclic operation may be made auto- 
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matic. From 1 to 300 os of material may be in- 
jected with each shot, depending on the sise of the 
machine. This is the most widely used molding 
method for thermoplasts. It is capable of high 
production rates, particularly if multicavity molds 
are used. Nearly all of the thermoplasts are, or can 
be, molded by this process. 

Casting. Plastic materials can be cast both by the 
use of melts in a manner similar to that used for 
metals and by polymerizing liquid monomers in a 
mold. As described previou.sly, the same term is 
used in film formation. Most plastics are not suffi- 
ciently fluidized below decomposition temperatures 
to fill molds without the application of pressure. 
However, a few special plastic compounds such as 
certain phenolics, ethvl cellulose-wax mixtures, 
and highly plastici/ed cellulose acetate-butyrate 
may be melted and poured into molds. These ma- 
terials are cast into large punches, dies, and blocks 
used in forming sheet metals. 

The casting of acrylates, polystyrene, polyesters, 
and epoxides depends on polymerization rather 
than cooling for hardening. Liquid monomers or 
partially polymerized solutions utilizing a mono- 
mer as the solvent are mixed with a catalyst and 
carefully poured into a mold. Conditions are ad- 
justed so that polymerization takes place relatively 
slowly, usually at temperatures below 70°C. Since 
the casting liquid has a relatively low viscosity, 
mold surfaces are reproduced accurately. If pol- 
ished molds are used, a high polish is obtained on 
the finished article. Polished sheets, rods, and 
tubes of tlear polymethyl methacrylate are ob- 
tained by using plate glass or stainless steel molds. 

Casting is also used for “polling,” or encapsula- 
tion, of various objects. Biological or other types 
of specimens may be embedded in clear castings 
for preservati'm and display. Entire electrical cir- 
cuits may be potted by placing them in a container 
and pouring the casting liquid around them. 

Laminating. Laminates are plastic shapes con- 
taining reinforcing materials such as fibers, cloth, 
paper, or wood veneers. They vary all the way from 
reinforced plastics containing less than 10% fibers 
to plywood which usually contains 8-20% of a 
plastic bonding agent. The most common laminates 
are made of several layers of plastic-impregnated 
cloth or paper bonded together by heating under 
pressure to fluidize the plastic until it forms a con- 



Fig. 7. An iniecHofi molding machino. (From C. 
Winding and ft. L Ha/thm, Pkudiqs, McGrow-Mift, 
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tinuous phase surrounding the fibers. Mats of fibers 
may be used in place of cloth or paper. 

Both molded and standard shapes may be made 
by lamination. If a molded shape such as a boat is 
to be made, a mat of fibers (usually glass )« is first 
laid inside a female mold having the shape of the 
hull. The fibers are impregnated by pouring a liq- 
uid resin over them. A rubber or plastic blanket is 
then placed over the fibers, the edges are sealed, 
and the air in the fibers between the blanket and 
the mold is driven out by a vacuum pump. Since 
the rubber blanket is flexible, atmospheric pres- 
sure pushes the laminate perpendicularly against 
the mold. The whole mold is then heated to cure 
the plastic. The heat and pressure forms a strong 
laminate in the shape of the mold. 

A large number of variations of this process are 
in use. Cloth or wood veneers may he used in plac e 
of mats. Matched and metal molds may be used to 
apply pressure and heat. Chairs and boxes aie 
made by employing glass fiber mats in matched 
molds. Rubber bags or diaphragms may he inflated 
with steam so that they press against the laminate 
Glass cloth may he laid over a male mold, impreg- 
nated with a plastic solution, and allowed to dry, 
the process may be repeated until a laminate of 
the desired thickness is obtained. Different resins 
which cure to a plastic are used in variou*' modifi- 
cations depending on temperature available foi 
curing, and the kind of laminating mateiial Poly- 
esters dissolved in a monomer such as styrene re- 
quire the addition of a catalyst just before use and 
can be cured at room tempeiature. Epoxy resins 
usually require heating and give an excellent prod- 
uct. Phenolics and melamines require heating. 

In the production of standard shapes such as 
large sheets, cloth or paper is first continuously 
impregnated with a lesin solution by the dip-coat- 
ing process previously described. The impregnated 
material is then cut into sheets (usiiullv 4X8 ft) 
and as many as 10-100 of them piled together and 
placed in a large press where heal and pressure 
are applied. Paper laminates may have a printed 
outer layer for decoration. Such sheets are com- 
monly u,sed for table and desk tops. Cloth and fiber 
laminates are converted into a variety of industrial 
products by stamping and machining. Tubes and 
rods are produced by rolling several layers on a 
mandrel, removing the mandrel, and curing in split 
molds. Phenolic, urea, melamine, and polyester 
plastics are used as impregnating resins; curing is 
done ajt 200-350° F. 

Laminates have much higher strength than plas- 
tic products which do not contain reinforcing 
agents. They can be used for building construc- 
tion, furniture, boats, and other products requiring 
high strength. 

Extnisiofl. An extruder is illustrated in Fig. 3. 
The die at the point where the plastic emerges may 
have a variety of shapes in addition to the long slot 
described under films. Tubes, rods, angles, and 
many other shapes may be made using special 
dies. Plastic pipe, tubing, hose, insulated wire, and 



(a) 

vacuum chamber 






Fig. 8. Three methods of vacuum-forming plastic 
sheets, (o) Cavity type, (b) Force above sheet, (c) Force 
below sheet. {Eastman Chemical Products, Inc.) 


various profiles for gaskets are made by extrusion 
Most thermoplasts can he extruded. Extrusion 
relatively inexpensive and the machines are cB 
pahle of high production rates. 

Sheet-forming. If thermoplastic sheets are 
heated, they can be distorted easily and then 
cooled to retain their shape. In the simplest apph 
cations, they may be bent over a mandrel or seal 
at the edges and blown against a shaped suriac 
with compressed air. Three methods of vacutin* 
forming are illustrated in Fig. 8. In all variation*^ 
of vacuum-forming, either a vacuum which 
hausts the air behind the sheet through Stoles * 
the cavity or a force is qscd to bring a heBX ^ 
softened sheet into contact with a surface 




, desires* profile. Atmospheric pressure forces 
e softened sheet against the molded surface. Ex- 
jniely fine detail may be reproduced. The hollow 
iiecls made by this method are inexpensive. Spe- 
jl grades of cellulose acetate, vinyl, and polysty- 
nc sheets are made for vacuum-forming. Signs, 
corations, boxes, and topographical maps are 
pical products. See Polymer. [c.c.wi.] 

Bibliography: C. C. Winding and R. L. Hasche, 
antics, 1947. 

ate, structural 

flat plate or slab which is supported along the 
gcs, such as the bottom or cover of a tank, cylin- 
r head, bulkhead, or floor panel. A structural 
jtf- bends when subjected to forces applied nor- 
i] to its surface. The bending produces curvature 
all planes normal to the plate; this dishing ac- 
n differs from bending of a beam where curva- 
rr occurs in a .single plane under symmetrical 
,ds. As for a beam, boundary conditions include 
riniis degrees of restraint at the' edges, from sim- 
supports to complete fixity against rotation, 
le andlysis of stresses and deflections in a plate, 
iile based on assumptions essentially the same as 
ii"*' list'd for a beam, is more complicated because 
'•iiiiulfaneous bending in all planes. Simplified 
pntxiinate analyses predict stresses and deflec- 
u-*eful in design. .See Bkam. 

Bases for design. The relative importance of 
I Miuining actions involved depends on the thick- 
and whether the behavior is elastic or inelas- 
For thick plates, as for .short deep beam.s. 



dlemefrgl action 


External forces on the holf plate considered 
Qnalyjj, uniformly looded circular plate. 
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shearing stresses must be considered, whereas in 
plates of medium thickness shear stresses can be 
neglected and only bending action is important. In 
thin plates, deflection is relatively larger and direct 
tension due to suspension action is appreciable. 
For the extreme case of a thin membrane, resist- 
ance depends almost entirely on direct tension. 
Elastic deflection is caused primarily by bending, 
hut during plastic behavior deflections are in- 
creased and direct tension resists a progressively 
larger part of the loads. 

The flexure theory for plates, based on assump- 
tions similar to those used for beams, considers the 
equilibrium of a differential element of a symmet- 
rically loaded plate, included between vertical cir- 
cumferential and meridianal planes, referred to 
axes of symmetry. The internal stresses and mo- 
ments are evaluated in terms of angular and linear 
coordinates of any point of the plate. Application 
of the general expressions to particular loading 
and support conditions determines the maximum 
bending moment. Other methods involve differen- 
tiation of an expression for deflection. The stresses 
S are calculated by the flexure formula S = MC/Ip 
where M is bending moment, C is the distance from 
the neutral axis, and I i.s the moment of inertia. 

The theory assumes elastic action, neglecting 
shear and direct tension. A simplified approximate 
approach evaluates the total bending moment on a 
critical .section by statics and the average bending 
stress by the flexure formula. Maximum stresses 
aie then found by applying correction factors de- 
termined by comparison with more exact analysis 
or experimental results. The.se analyses assume 
small deflections and bending as the primary ac- 
tion. 

Circular plate. A simply edge-supported circular 
plate can be analyzed approximately by consider- 
ing the bending of half of the plate about a diam- 
etral axis of symmetry. 

Uniform load. With uniform load, the analysis 
determines the average bending stress on a diamet- 
rical section (Fig. 1). The resultant total bending 
moment on the diametral section due to the load 
and reaction is Mr‘/3. The section modulus is rf®/3 
and the average liending stress at the surfaces is 
S = wr'^/t'^. where the symbols are defined as in 
Fig. 1. 

According to the general theory of flexure of 
plates, the stress reaches a maximum value at the 
center equal to (3/8) (3 + which, for 
steel with a Poisson’s ratio p = 0.30, is 24% 
greater than the average. Redistribution after local 
yielding at the,center tends to uniformity of stress, 
and tests have shown that the average stress can be 
taken as the significant stress. 

Elastic deflection at the center is small, except 
for very thin plates. For a circular plate, simply 
edge-supported, deflection y is 

For /A « 0.30, y « (11/16) wr*/£t‘ approximately. 
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Edges clamped. Circular plates fixed in direction 
at the edges and uniformly loaded are analogous to 
fixed-end beams where negative moments at the 
ends reduce stress and deflection at the center. The 
moment is greatest at the edges. The maximum ra- 
dial bending stress at the edges is For 

thin plates, the elastic deflection at the center is 


y 




For fJL =» 0.30 this is only 24.5% of the deflection of 
a simply supported plate. 

For thicker plates with t/r > 0.1, the above value 
is multiplied by a factor C =* 1 -f 5.72(r/r) 2. 
Complete edge fixity is an ideal condition. Because 
edge rotation is small for simply supported plates 
only a small relaxation of clamping or local yield- 
ing will eliminate most of the fixedness, and be- 
havior approaches that of a simply supported plate. 

Central load. If the central load is distributed 
over a circular area of radius ro, the external forces 
on a semicircular segment of a simply supported 
circular plate are the reactions at the rim and the 
load on the area of application (Fig. 2). The bend- 
ing moment M on the diametral section is 



and the average stress is SavR * As the load 

application area decreases, ro approaches zero and 
the average stress approaches SP/irt^, 

The coefficient to be applied to the average stress 
to obtain the theoretical maximum stress (/x = 14) 
approaches 1.25 for large values of to/r and is 
nearly 2.20 for ro /r = V4o. 




«o 


FI9, 2. suppidited clrcuior plate wHh IocmI con- 

c«fiifaNi4 



Fig. 3. Elliptical plate. 


The theoretical center deflection is 

3(1 - m)(3 + m) Pr^ 

^ ” 4ir Et» 

With the edges clamped, th^ theoretical maxi 
mum stress at the center for r > 1.7ro is 

3(1 -f- fj)P /.r roK 

Yielding at the fixed edges by ductile materials re 
lieves the local stress, and the stresses after rt 
distribution approach those of the simply sufi 
ported plate. 

When To A is small, the center deflection is 
3(1 ~ fi^)Pr^ 

This deflection increases with yielding at support^ 

Center support, A circular plate, supported a 
its center, with untform load has a maximum theo 
retical stress at the center of 

4 + 1(1 

For roA small, the term roV2 is negligible Unde 
this condition, the center deflection is 

7max “ “ m)(7 + 3m) ^ 

When M “ this reduces to ymax = wr^/EP whid 
is three<(^fifthB of the deflection for the same centra 
load on an edg^ supported plate. 

Elliptical Plato. In an elliptical plate simpl’ 
supported at i|e edges and with uniform load, th< 
maximum bending stress and curvature occur i> 
the direction of the minor axis (Fig. 3). If ^ 
lipse is elongated with a very much greater than 
the plate action approaches that of a simply 
ported beam with a span of 26. A central strip « 
unit width along the minor axis resists a maximun 
moment of wb^/2 and the maximum stress in t ^ 
plate is 3u/ b-^/P, If a equals 6, the plate is circu a' 
and the maximum average stress is wb^/P^ 
termediate dimensions the coefl&cient of wo' 
varies between 1 and 3. An approximate cxpressioi 
for maximum stress, in the direction of the 
axis, is 


Sm%7t 


3 ^ 26 tdP 
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f,g 4 Forces on triangular half plate serve to ana> 
lyze uniformly loaded square plate. 
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I Fig 5 Rectangular plate simply supported and uni- 
I formly loaded 

Square plate. When simply supported at all 
“dup', with uniformly distributed load, a square 
pldip (dll be analyzed as follows. The critical sec- 
'•on m taken along the diagonal of the square, 
<iU)uf which maximum stress occurs. The bending 
ffioment on a diagonal section is found by consid#*r- 
'ng the forces on the triangular half plate (Fig. 4). 
Ihp resultants of the applied load and reactions 
^nd iheir locations determine the bending moment 
'^n the diagonal section which is A/ = m;6^/12V2. 
The average stress on the diagonal section is 
*^4* 4^2 which is the same as for a circular plate 
''tth diameter equal to the side of the square. 

^'ith fixed edge supports, the average stress on 
I ‘hp diagonal section is taken as 

^^ftangular plate, A simply supported rectangu- 
Jar plate with uniformly distributed load again has 
critical section along the diagonal. Because of 
^Jmmeiry, the resultant edge reactions are at the 
'enters of the sides (Fig. 5). On the half rectangle 
^ <*pplying under static equilibrium, the average 
I across the diagonal section is 

„ la* wV 
2a*-hfc* ^ 

^ a a 6, the expression redtices to that fot a 
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square plate. For a rectangle, the stress is always 
greater in the direction of the shorter span. For 
a/b very large, the average stress across a midsec- 
tion parallel to the sides approaches that of a sim- 
ply supported plate with span » b and S»vg 
3u;&V4/2. 

Concentrated load at center, A simply supported 
square plate with a concentrated load P applied to 
a central area of diameter do has an average bend- 
ing stress on the diagonal section S «■ 3P/4t*. 
However, the maximum stress at the center found 
from the theory of flexure of plates by H.*M, Wes- 
tergaard is considerably larger, S * 2.64 P/t^ for 
/u. * The higher stresses are localized and plas- 
tic yielding, which cause« redistribution, does not 
greatly affect the plate as a whole. For brittle ma- 
terials or cylic loading involving fatigue, the high 
localized stress is important. 

Continuous plates. In some cases the plate ex- 
tends beyond its supports. Important examples are 
flat floor slabs supported by equally spaced col- 
umns and “stayed” flat steel plates used as boiler 
heads. 

For plates supported by rods or stays attached so 
as to divide the plate into equal square panels, the 
maximum bending stress, according to Unwin, is 


where t is thickness, a is distance between supports 
(side of the panel) and w is uniformly distributed 
load per unit area. All units are in inches. 

A floor slab may be supported by circular col- 
umns L distance apart and dividing the continuous 
plate into square panels (Fig. 6). The analysis in- 
volve ' moments at five edges of a quarter panel. 
The distribution of moments along the exterior 
edges IS unknown and the problem is statically in- 
determinate. From the theory of flexure, Wester- 
gaard found expressions for the moment per unit 
width at various locations in the panel in terms of 
the average moment per unit width along one en- 



Fig. 6 . Contlfitfolis plote. 



410 



t 


A' 


t 

h 


Fig. 7. Buckling of plates due to distributed loads on 
ends, (o) Edges free, (b) Edges simply supported. 


tire side of the panel. The expressions take the 
form 

M/unit width = K{w/^) {L — 2do /3)'^ 

where do is diameter of the column and K has dif- 
ferent values according to the location. 

Buckling of flat plates. Thin plates subjected 
to compression loads in the plane of the plate be- 
come unstable at a critical elastic stress and sud- 
denly deflect laterally or develop local wrinkling. 
This susceptibility to buckling depends upon the 
material constants {E and fx), the ratio of thick- 
ness to width or length of the plate, and the edge 
restraint. See Column. 

A wide thin plate with load uniformlv distributed 
along opposite ends, free to rotate, buckles in pri- 
mary bending about the longitudinal axis as a long 
column (Fig. 7). The critical stress initiating 
buckling is 


In the inelastic range, E is replaced by the tangent 
modulus E\ 

A square plate loaded along opposite ends, with 
edges simply supported so as to be free to rotate 
but maintained straight, buckles with both lateral 
and longitudinal curvature. The elastic buckling 
stress for a square panel with 6 » L is 


Sat 


ir^E 

3(1 -M*) 



This is four times as great as for an edge-free 
square panel. For long panels under end compres- 
sion with all edges simply supported, the critical 
buckling stream depends on the L/b ratio, and such 
panels will huekle into a series of equivalent 


square panels when L/b is a whole number (rj 
7b). The general equation for critical elastic buck! 
ling stress is Scr * KE(t/b)^, where K i% ^ con 
stant depending on edge restraint obtained by the 
theory of elastic stability. For long panels >nth 
simply supported edges, K may bo taken as 3,60. 

For inelastic buckling, an effective modulus re 
places E in the elastic formulae such as 
where Et is the tangent modulus, [w. j. krefeld] 

Bibliography i A. Morley, Strength of Materiah 
lllh ed., 1954; F. B. Seeley and J. O. Smith. Ad 
vanced Mechanics of Materials^ 2d ed., 1952; F. R 
Shanley, Strength of Materials^ 1957. 

Plateau 

Any elevated area of relatively )|5mooth land. Usu 
ally the term is used more specifically to denote 
an upland of subdued relief that on at least one 
side drops off abruptly to adjacent lower lands Jr 
most instances the upland is cut by deep but wideh 
separated valleys or canyons. Small plateaus tha 
stand above their surroundings on all sides are of 
ten called tables, tablelands, or mesas. The abrup 
edge of a plateau is an escarpment or, especially ir 
the western United States, a rim. In the study o 
land form development the word plateau is com 
monly used to refer to any elevated area, especially 
one underlain by nearly horizontal rock strata, tha 
once had a smooth surface at high level, ever 
though that surface may since have been largeK de 
stroyed by valley cutting. An example is the n(»^\ 
hilly Appalachian Plateau of western Pennsylvania 
West Virginia, ancKeastern Kentucky. See Es( \Rr 
MFNr. 

Among the extensive plateau lands of the woric 
are the Colorado and Columbia Plateaus of th( 
western United States, the Plateau of Southea'^ten 
Brazil, the Patagonian Plateau of southern Soutl 
America, the Central Siberian Plateau, and thi 
Deccan Plateau of peninsular India. 

[e. H. HAMMO^D 


Platinum 

A chemical dement, Pt, atomic number 78, and 
atomic weight 195.09. Platinum is a ductile, white 


noble metal. 



Natural occurrence. Native platinum 
placers compri8e».<a mixture of the six 
group metals, platinum, palladium, 
dium, osmium, and ruthenium, plus some ^ 
num-group metals. These placer 


result of erosion of ultrabasic rocks and are found 
Alaska. Colombia, and the Soviet Union. In Can- 
Ida^ the platinum metals occur in the nickel-copper 
•iilfide ores, and the production is dependent en- 
i,rel\ upon the demand for nickel. The platinum 
rontenl of these ores varies somewhat, but is of the 
order of 1 part per million, practically all of 
whuh is recovered. The platiniferoiis ores of South 
Africa contain minor amounts of copper and 
nukel but these ores are mined primarily for their 
platinum content. South African gold mines yield 
.niall amounts of osmiridium, containing about 
osmium and 30% iridium, and iridosmine, 
^^hi(h contains about 40% iridium. Small amounts 
of the platinum metals, palladium in panic iilar, are 
rnnvered during the electrolytic refining of copper. 
Hie major sources of platinum metals are Canada, 
South Afiica, and the Soviet Union. 

The principal platinum minerals are platinum 
irsenide (sperrylite) , platinum sulfide (copper- 
ip) platinum palladium nickel sulfide (brag- 
pilp), native platinum, osmiridium, and iridosmine 
Uses. The platinum group metals have wide in- 
diiMrial use because of their (atal>tir activitv, 
lipmn al ineitness, and high melting points As a 
itilvst platinum is used in hydrogenation, dehy- 
drogenation, isomerization, (vdization, dehydia- 
Inn deliaJogenalion, and oxidation reactions 
Finely divided platinum on dluminum oxide is used 
t iipgiade the octane lating of gasoline by catalyl- 
1 ilK accelerating a complex series of dehydro 
ffpnation hydrogenation, isomerization, and cycli- 
ulion reactions. Platinum-rhodium alloy gauzes 
in iiH'd in the catalytic oxidation of ammonia to 
W?n nitric acid or oxides of nitrogen When this 
pKMess m canied out in the presence of methane, 
I'drtx vanic acid is formed. Platinum is a c^atalysi 
in the older c ontact process for making sulfuric 
1 id the conversion of carbon monoxide to carbon 
dioxide by ccjmhination with oxygen, the recombi- 
nation of hydrogen and oxygen to form water, the 
rHurtion of nitro groups, and the removal of ni- 
frf'Ren(II) oxide from gas streams by reaction 
'^ifh hxdiogen to form nitrogen and water. Plati- 
and platinum alloys are used in many special 
applications including insoluble anodes, jewelry. 
Pinrierets used in synthetic fiber extrusion, equip- 
‘*’ent for melting, stirring, and extruding molten 
plans thermocouples, resistance thermometers, 
‘‘Metrical contacts, dental and medical devices, 
J^^rrosion-resi slant laboratory utensibs, electric- 
^^nace windings, catalytic gas ignitors, pressure 
1‘ipture disks, and grids of special purpose vacuum 
tubes 

Alloys, Pure platinum is soft and ductile, Mod- 
hardness is obtained with the addition of 
^^'Wium or 3.5% rhodium. Such alloys are 
in the manufacture of laboratory utensils. For 
J^welry^ a 5-10% iridium or a 5% ruthenium alloy 
The 10% rhodium alloy is used in thermo- 
^t^Ples, ammonia-oxidation catalysts, spinnerets^ 
Jftace windings, and for molten glass handling 
‘ A 13% rhodium alloy is also used for 

, «inoc|uplcg, A 4% tungstem alloy is used as 
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heavy-duty electrodes in aircraft and industrial 
spark plugs. 

Chemical and physical properties. Platinum 
has a density of 21.45 g/cm® at 20®C, melts at 
1769°C, and boils at 4530°C. Its electrical resis- 
tivity is 10.6 microhms/cm at O^C. Radioisotopes 
of the following mass numbers are known: 187, 
188, 189, 190, 191, 193, 197, and 199. The stable 
isotopes of platinum have the mass numbers 192, 
194, 19.S, 196, and 198. The natural abundances of 
these are 0.8, 30.2, 35.3. 26.6, and 7.2 %> respec- 
tively. Platinum is nol attacked at room tempera- 
ture by anv single acid but it is readily dissolved 
hv hot aqiid regia Although it is resistant to hy- 
drogen chloiide at elevated temperatures, it does 
real t with chlorine at about 500*^0. It is resistant 
to mercury, fused sulfates, chlorides, and carbon- 
ates. Platinum exhibits valence states of 1+, 2+, 
34-, 4-h, and 6-f. The 2+ and 4-f valences are 
the most common. Platinum can be made into a 
spongy form by thermall\ decomposing ammonium 
< hloroplatinate or by reducing it from an aqueous 
solution In this form, it exhibits a high absorptive 
power foi gase-., espec ially oxygen, hydrogen, and 
carbon monoxide The high catalytic activity of 
platinum is related directly to this pioperty. Hy- 
drogen diffuses through healed platinum. Platinum 
strongly tends to form coordination compounds. 

Metallurgical extraction. There is no routine 
method foi the extraction of platinum. The method 
used is dependent upon the starting material, 
which may he sc rap or used catalyst, slimes result- 
ing from ni( kel or copper processing, ( rude plati- 
num, or the very refiactory osmiridium or iridos- 
mine The platinum can be extracted with aqua 
regia m some cases In other rases, it may be nec- 
essary to fu^^e the ore with a suitable flux and to 
collec t the platinum group metals in a carrier 
such as copper cir lead. When a hydrochloric arid 
solution of platinum is oxidized and then made 
basic, most of the impurities precipitate as hy- 
droxides, and the platinum remains in solution. A 
similar purification can 1)p obtained by converting 
the platinum to the hexanitrito complex which 
does not precipitate in basic solution. When a hy- 
drochloric acid solution of platinum (IV) is treated 
with ammonium chloride, the platinum is almost 
completely precipitated as ammonium chloroplati- 
nate. The chloroplatinate is readily converted to 
the metal by thermal decomposition. Platinum can 
also be i educed to the metal from aqueous solu- 
tions of its salts by zinc, magnesium, iron, or alu- 
minum. The platinum in dilute aqueous solutions 
can also be precipitated as the sulflde and thereby 
concentrated. 'J'^e refining of a specific material 
consists of a combination of these methods. In ad- 
dition to separating the precious metals from all 
other impurities, it is necessary to separate them 
from each other. The refining of precious metals 
requires a great deal of flexibility on the part of 
the refiner. It is not unusual for a portion of the 
material to be recycled in the refinery because of 
the lack of suitable reactions for quantitative sep- 
arations. 



Gompounds. Platinum dioxide, Pt02« is 
a dark*brown, insoluble compound, commonly 
known as Adams catalyst. It is prepared by fusing 
chloraplatinic acid with sodium nitrate at 500^C. 
Solution of the melt in water separates the salts 
from the insoluble platinum dioxide. Platinum (II) 
chloride, PtCla, is an olive-green, water-insoluble 
solid. It is made by heating platinum in chlorine at 
500®C, or by the thermal decomposition of chloro- 
platinic acid. Platinum (II) chloride dissolves in 
hydrochloric acid to form chloroplatinous acid, 
H 2 PtCli, which cannot be isolated but which forms 
soluble salts such as potassium platinum (II) chlo- 
ride, KiPtCh. Chloroplatinic acid, H^PiCIi,, the 
most important platinum compound, is made by dis- 
solving platinum in aqua regia, destroying the ni- 
tric acid by evaporation from a hydrochloric acid 
solution, and evaporating the solution. The acid is 
isolated as a hydrate, H 2 PtCl(, -61120. The red- 
brown crystals are very soluble in water. Ammo- 
nium chloroplatinate, (NHOptCb,, is a lemon yel- 
low, crystalline, relatively insoluble solid made by 
adding ammonium chloride to a solution of chloro- 
platinic acid. Compounds such as die hlorodiam- 
mino platinum, Pt(NH{) 2 Cl 2 , exhibit cis-trans 
isomerism because of their planar < onfiguiation. 

Analytical techniques. If platinum is to be de- 
termined in an ore-type residue, it is collected in 
lead or silver while fusing the material with a suit- 
able flux. Recent data indicates that iron, nickel, or 
copper may be superior collection media. The me- 
tallic residue is dissolved in aqua regia, and the 
nitric acid is destroyed by evaporation from hy- 
drochloric acid. The platinum is determined bv 
reading the optical density of its stannous chloride 
complex. If it is necessary to remove impurities 
from the platinum, this may be accomplished by 
passing a solution of the anionic hexachloroplati- 
num complex through a cation exi-hanger. The im- 
purities are generally cationic and are therefore 
removed by the resin. Hydrolysis or nitrition may 
also be used. Potassium iodide or thiosemicarba- 
zide may be used for the colorimetric determina- 
tion of platinum. Thiophenol has been used for its 
gravimetric determination. See Hydroclnation ; 
Iridium; Osmium; Palladium; Rhodium; Ru- 
thenium. [f. a. Hammond] 

Bibliography', A. D. Lunib, The Platinum Met- 
als^ 1920. 

Platyasterida 

An order of Asteroidea in which traces of meta- 
pinnules persist, the ossicles of the arm skeleton 
being arranged in two growth gradient systems. 
One system causes the ossicles to lie in transverse 
rows, like the corresponding structure of somaster- 
oida, and the other causes the ossicles simultane- 
ously to lie in longitudinal rows, as in all other as- 
teroids. See Asteroidea ; Somasteroidea. 

Fossil members of the carder are known from the 
Ordovician onward, but recently the extant family 
of starfishes Luidiidae has been recognized as living 
representatives ol the Platyasterida. The fossils 
first studied happened to be severely compressed by 


geological processes, thus leading to the (incorrect) 
inference that no ambulacra! groove was devel 
oped; in fact, both the fossil forms and thei 
living representatives have a well-developed ambu^ 
lacral groove, as in other starfishes. One row of 
marginal plates is developed around the arm. Sea 
Paxillosina; Phanerozonida. fn. b. iellI 

Bibliography: H. B. Fell, Phylogeny of sea stars, 
Phil, Trans, Roy, Soc, London, Ser, B, 246-381~4ft«; 
1%3. 

Platycopa 

A suborder of the ostracods of the class Crus- 
tacea. This suborder contains the single famih 
Cytherellidae. Heart and eyes are lacking. The 
exopodite and endopodite of tho^^second antennae 
are well developed, having broad, flattened podo- 
meres, or appendage segments, that distinguish 
members of this suborder from all other ostracods 
Both pairs of antennae can be extended anteriorly 
but are not used for locomotion. There are three 
pails of postoral appendages, none of them leglike 
In the female the last pair are rudimentary. 

Some species have been found only in the pro 
fundal sediments of the Atlantic Ocean and the 
Mediterranean Sea; other species inhabit the Car 
ribean Sea, the Arabian Sea, and the Gulf of Mex 
ico. The genus Cytherella, created by J. Bosquet 
in 1852, includes present-day forms but was estab 
lished to accommodate fossil forms taken from the 
Tertiary deposits of France and Belgium. See Os 
TRAC ODA. I E. FERGT)SO\ ] 

Bibliography I W.|l^. Tressler, Marine Ostracoda 
from the Gulf of Mexico, V,S, Fish Wildlife Sen 
Fishery Bull,, 55:429-437, 1954. 

Platyctenea 

An order of the ctenophores whose members are 
sedentary or parasitic. They often lack ribs in the 
adult stage. They are flattened due to the shorten 
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Coeloplana bocki. 



ing of the main axis and by the extension of the 
pharynx into a creeping sole. These organisms 
beautifully colored. The primary tentacles are well- 
developed and the canals branch profusely to 
a network. Some are viviparous with the 
embryos developing in brood chambers fermw 1>> 
the expansion of the canals. Ctencplana, CoeiO' 
plana, Tjalfiella, Lyrocteis^ and GaStfadei ar€ 
resentathre genera. See Ctenophora; 

LATA. [T. 


Plalyhelnfiin^**** 

\ phylum of the invertebrates, commonly called the 
jitworms. They are bilaterally symmetrical, non- 
^gmented, dorsoventrally flattened worms charac- 
terized by lack of coelom, anus, circulatory and 
respiratory systems, and exo- or endoskeleton. They 
possess a protonephridial excretory system, a com- 
plicated hermaphroditic reproductive system, and 
[ solid mesenchyme which fills the interior of the 
jjodv Three classes occur in the phylum: (1) the 
Tiirbellaria, mainly fiee-living, predaceous worms; 

1 2) the Tremaloda, or flukes, holozoic ecto- or en- 
dnparasites ; and (3) the Cestoda, or tapeworms, 
.apm/oic endoparasites in the enteron of verte- 
brates, whose larvae are found in the tissues of in- 
\ertebrate« or vertebrates. 

Morphology. Flatworm tissues and organs are 
derived from three germ layers. Most flatworms 
have adhesive or attachment devices. In turbellar- 
m these are glandular or muscular; in flukes and 
p^fodes thev are suckers and cuticularized hooks 
r spines Muscular tissue occurs in mesenchymal 
li\ers and permits rapid change in body form 
Niiinerous receptor cells (langorcceptors and 
hpm(»receptors) and sense organs (tentacles, stat- 
in vsts for balance, and ocelli for photoreception) 
nruir on the head and body. Many of these are re- 
duced or absent in parasitic forms Primitive flat 
^ )rms possess a coelenterale-like nerve net, 
nheieas higher forms have a brain in a head region 
av well as two main longitudinal nerve cords which 
resemble a ladder because of the cross commis- 
Mjips A digestive system is present in tiirhellar- 
ins ind trematodes, hut is lacking in i estodes. A 
tniiifh serving also for egestion, is situated either 
interiorly or vent i ally. It is often piovidcd with an 
aspiidting sucker or pharynx by which small or- 
juices of larger ones, or host tissues are 
nripsled The gut is sa( like or branched and lined 
''itb a single layer of tells often packed with gran- 
>iiP'' Digestion is intei- or intracellular. The pro- 
titnephridial excretory system is of uniform con- 
''^fiiction in the phylum. It consists of ramifying, 
tubes capped with large cells, called flame 
each hearing a tuft of cilia which projects 
the lumen. The tubes course through the mes- 
'*1 hvme and discharge at the surface by means of 
or more openings. The function of this system 
not well understood. The reproductive system 
morphological complexity beyond that 
'<^und in other phyla. In each reproductive unit, 
ifl the entire organism in Turbellaria and 
m*matoda and is the proglottid in the Eucestoda. 

to several testes and ovaries occur as well as 
'‘‘Hulls accessory reproductive organs, 
littproduction. The platyhelminthes reproduce 
sexually and asexually. In sexual reproduc- 
fertilization is internal, following copulation 
Vpodermic insemination. Cross or self fertili- 
may occur. Except in acoel and polyclad flgt- 
the eggs are cclolecithal, that is, the ova 
invested with yolk cells and the egg mass is en- 
a capsule. In turbeHarigns, capsules axe 
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Fig 1. Bdeiloura Candida (Tricladida), ectocommen- 
sai on the kingcrab, Limu/us. Complete digestive and 
male systems shown on left, female systems on right. 

often deposited in cocoons in which the juveniles 
develop. Eggs of tremalodes and cestodes emerge 
fron» I he hosts and are either eaten or hatch in wa- 
ter us free swimming larvae. They then either ac- 
tively penetrate or are passively ingested by inter- 
mediate host>. 

Asexual repi eduction is of frequent occurrence 
ill the ph>lum. Many turhellarians reproduce by 
fragmentation or binary fission; in some, chains of 
individuals are temporarily produced. Trematodes 
reproduce asexually (pedyem bryony) in their lar- 
val stages, as do some tapeworms such as Echino- 
coccus and MuUif'cps, Formation of proglottids is 
an asexual process, resulting from activity of a 
proliferating zone in a neck region. 

Economic and biological importance. Turbeh 
laria are widespread in fresh water and the littoral 
zones oi the sea, while one group of tricladn occurs 
on land in moist habitats^ Turbellaria have been 
used to study regeneration, including the effects of 
chemicals and radiation upon the process. They 
have also be&n used in axial gradient research* 
Adult trematodes occur on, or in, practically all 
tissues and cavities of the vertebrates on which they 
feed. They arc responsible for troubfesome diseases 
in man and animals. Larval flukes are frequent iq 
mollusks, mainly gastropods, and occasionally oo; 
cur in peleoypods- Vector hosts, such as insects and 
fish, are often interpolated between mollusk and 
vertebrate. Adult tapeworms, living in the entemd 
or the biliary ducts, oempete nkth &e host lot foofl 
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and accessory food factors such as vitamins. Larval 
tapeworms reside chiefly in arthropods, but larvae 
of one group, the Cyclophyllidea, develop in mam- 
mals, which may be severely impaired, or even 
killed, by the infection. Investigations utilizing 
flukes and tapeworms have given clearer insight 
into the host-parasite relationship. 

Classification. The following classification is 
based on that of L. Hyman, with modifications. 
Separate articles appear on each group. 

Phylum Platyhelminthes 
Class T iirbellaria 
Order Acoela 
Order Rhabdocoela 
Order Alloeocoela 
Order Tricladida 
Order Polycladida 
Class Trematoda 

Order Monogenea (Heterorotvlea) 

Order Aspidogastrea (Aspidobolhria ; Aspi- 
dorotylea) 

Order Digenea (Malacocotylea) 

Class Cestoda 

Subclass Cestodaria 
Order Amphilinidea 
Order Gyrocotylidea 
Subclass Eucestoda 

Order Tetraphyllidea (Phyllobothrioidea) 
Order Lecdnicephaloidea 
Order Proteocephaloidea 
Order Diphyllidea 

Order Trypanorhyncha (Tetrarhynchoidea) 
Order Pseudophyllidea (Bothriocephaloidea) 
Order Nippotaeniidea 
Order Cyclophyllidea (Taenioidea) 

Order Aporidea 

T Iirbellaria, This class, considered ancestral to 
the other two, is the most primitive of the phylum: 
five orders are recognized. The hod\ is cylindrical 
or flattened and may he less than 1 mm to over 
50 cm long. The members are chiefly free-living, 
but commensal and parasitic species occur. A cili- 
ated epidermis may uniformly cover the body or 
may be restricted to the ventral or other surfaces. 
Peculiar rodlike rhabdoids of uncertain function 
arc embedded in the epidermis. Characteristic- 
color patterns are imparted to some species by 
chromatophores, while other species contain sym- 
biotic algae and are green or brown. The order 
Acoela contains small marine forms lacking an 
entercui. They digest food within phagocytic mesen- 
chyme cells and lack an excretory system; stato- 
cysts are usually present. The order Rhabdocoela 
consists of small marine or fresh-water forms with 
a simple blind intestine. One suborder, the T^tnno- 
cephalida. occurs as ectocommensals on fresh- 
water animals. The order Alloeocoela comprises 
small marine or fresh-water organisms with saclike 
or lobulated gut, while the order Tricladida con- 
sists of larger forms, either marine, fresh-water, or 
terrestrial, which have a three-branched intestine 
(Fig. 1). The order Polycladida contains the ma- 
rine forms of elongate or leaflike shape with few to 
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Fig. 2. Stages in life cycle of Opisthorchis felineus 
(a) Adult, (b) Miracidium. (c) Cercaria. (Redrawn from 
H. Vogeh Zoologica, 33:1^103, 1934) 


manv eyes near the tentacles and on the body mai 
gin. Many intestinal rami branch from a central 
digestive cavity above the pharynx. 

Trematoda. This large class consists of paiasite«i 
coveted with a secreted ciiticiila. Three subclas'^e*? 
or orders occur here: (1) Monogenea, found mainl' 
as ectoparasites on cold-blooded vertebrates, ha\e 
direct and simple life cycles; (2) Aspidobolhria 
endoparasites of invertebrates and vertebrates, are 
characterized bv their alveolated ventral attach- 
ment surface and by their either direct or comph 
Gated life cycle; (3) Digenea, endoparasites « 1 
vertebrates, have two or more hosts involvted m i 
their life cycle (Fig. 2). The intermediate host i*' j 
a rnollusk. 

Cestoda. These highly specialized 
parasites of most vertebrate classes, 
tapeworm, subclass Eucestoda, consii — 
tachment organ, the scolex, and a scries of sitnni 
reproductive segiftents, the proglottids. 
of the other subclass, Cestodaria, ate nonseglB® 
and occur in the intestine and coelom ofr 
fishes ; the larvae occur in crustaceans, ^ hs 


animals \ 
The typical 
afl at- ! 
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In Eucestoda the ripe eggs, or hatched ciliated 
larvae (coracidia), are ingested hy intermediate 
l,o«ts in which six-hooked embryos, the onco- 
spheres, transform into larval forms such as pro- 
^prroids. pJerocercoids, cysticercoids, cystirerci, 
jnd other specialized types. Final hosts become 
jnfe^'ted by ingesting these larvae. One species, 
U^menolepis nana, may have a direct life cycle. 

A< OKLOMATA. f ( . <imNKls] 

Playa 

The low, essentially flat part of a basin or other 
until ciined area in an arid region. In lieavy rains 
the [)Ia>a may be temporarily toveied with u shal- 
low shcf^r of water, and is then a playa lake. 

Five principal types of playa have been recog- 
ni/ed bv Richard O. Stone. The diy playa develops 
uhere the water table is below capillary reach of 
>.iirlare; its surface is hard, flat, and smooth, com- 
po'.ed of silt and clay. The moist playa or salina 
jnurs where the water table is within capillary 
reach of surface; this type may he further sub- 
divided into (1) salt encrusted, where the water 



Light colored saline deposits encrust the lowest parts 
of the basin or bolson filling in Death Valley, Callfor- 


tahlr IS at the surface or so near it that salt water 
evaporating on the surface leaves a salt crust; and 
*2) ilaA encrusted, where the water table is near 
Lhc limit of capillary action and salt liroiight to the 
''iirfare is mixed with silt and clay, forming a 
puffy surface (“self-rising ground”). The crystal 
budv playa is essentially a massive body of crys- 
Lalline salt at or veiy close to the surface. See 
(saline). The compound playa results 
from a water table at different levels in different 
parts; these exhibit characteristics of dry playa in 
one part and moist playa in another. The lime-pan 
plava is formed in basins receiving drainage from 
^'fnesione terrain and has a floor of hard travel line. 

Dt.SERT EROSION FEATURES. ft. CLEMtNTs] 
^^bliography: T. Clements et al., A Study of 
Surface Conditions^ U.S. Army Tech. Kept. 
1957. 

^lecoptera 

order of insects known as the stone flies. They 
‘‘•[c among the most primitive of insects. Except for 
J*ng8 and tracheal gills, there are relatively slight 
‘ffjirences between aquatic immature species and 
ferial mature ones. Striking differences between 
stages are characteristic of specialized 
such as butterflies. In stone flies, the soft 



(a) (b) 


Plecoptera. (a) Nymph of Per/a showing gills at bases 
of tegs, (b) Adult of Pteronarcys, one of the largest 
stone flies (A. H. Morgan, Field Book of Ponds and 
Streams, Putnam, 1930) 

flattened b<»dv, strong walking legs, paired claws on 
each foot, biting mouthparts, rusty blacks, dull 
yellows, and browns are characteristic of both 
phases of life. 

Stone flies live in clean swift sti earns through 
their immature, nymphal life which extends from 
1 to 3 veais. A complete life history of one species 
has been observed in which the nymphs went 
through 22 instars, the form assumed hy an in- 
sect during developmental stages. The aquatic life 
of stone flies ends when the mature nymphs climb 
emto rocks or plants, and shed their skins. Adults 
are poor fliers and are often found creeping about 
on stream hanks and shrubbery. The adult life is 
relatively short. Mating occurs near the ground, 
n«"vei in flight. Stone flics that inhabit large streams 
deposit their eggs directly into swirling water in 
clutches of perhaps 1400, while those of small 
streams place the eggs at the water’s edge. 

Filamentous tracheal gills are characteristic of 
the nvmphs except those that live in highly aerated 
water and breathe through the body wall. In various 
species, gills are attached at the neck, on the 
sides of the thorax, and on the sides and tip of the 
abdomen. In several species, such nymphal struc- 
tures persist in the adults, but do not function. 

Adult ston^ flies hold their wings close to their 
hacks when at rest or walking. The hindwings are 
pleated and hidden. The name Plecoptera, meaning 
pleated wings, comes from this habit. Folded wings 
constitute a step in evolution never achieved by 
mayflies, or even by butterflies. 

In Illinois, stone flies emerge from the water ib 
every month of the year. Successions of species 
reach their peaks of abundance from November io 
March. Nymphs and adults of severaT species ai^ 



plam^feedf^rs; others are carnivorous. Their diet can 
he tested only by examining the stomach content of 
newly collected specimens. See In sect a. 

Ta. H. MORGAN] 


Ptoctoidea 

A superfamily of small free-living nematodes with 
mushroom-shaped amphids and reflexed ovaries. 
Members of the first of the two families, Plectidae, 
are maiiily found in soil and fresh water, whereas 
those of the second, Camacolaimidae, are mainly 
marine. Some of the fresh-water species can with- 
stand lengthy desiccation, and become active again 
when moistened. Food habits are unknown, but 
plectoids are probably mirrobivorous. See Nema- 
toda. [h. k. welch] 


Pleiades 

A beautiful group of stars resembling a little dip- 
per, in the constellation of Taurus, known since 
earliest records. The Pleiades is a typical galactic 
cluster; it contains several hundred stars within a 
radius of I*’ from Alcyone. Its distance is 410 light 
years, its linear diameter about IS light years. The 
brightest stars are blue, of B type. The cluster is 



The Pleiades. Hick Observatory photograph) 


permeated with diffuse nebulosity. Though early 
accounts refer to the Pleiades in terms of seven 
stars, only six are now conspicuous to the unaided 
eye, which raises a theory that one, the lost Pleiad, 
has faded. fn. s. hogg] 

Pteiotropism 

A gene is said to be pleiotropic if it has more than 
one phenotypic effect. Manifold gene effects are 
often striking 4 less obvious ones can be detected in 
most, if not in all, genes by appropriate methods of 
observation. Pleiotropic gene effects often bear an 
obvious relations^p to each other. They are said to 
be coordinated if they are brought about by the 
same mechanism in different parts of the body. For 
instance, in DrosopkUg, many genes which affect 
eye color have a similar effect on testis coloration. 
In O&er easea* pleiotropic gene effects are subor- 
^ated to others one effect being the cause 
of aiioittiar, a retadondbip called a hierarchy of 


causes. For instance, imperfect plumage in u ' 
Frizzle fowl is the cause of numerous physiolori i! 
consequences, all of which are traceable to 
creased loss of body heat. Where a pleiotropic n*** 
tern can be reduced to either coordinated or 
ordinated gene effects or to both, unity of primar 
gene action may be inferred, and the plciotropism 
may be regarded as spurious. Genuine pleiotropism 
would involve the existence of more than one pri. 
mary gene action. No examples of genuine pleio. 
tropism have so far been demonstrated though, of 
course, in many pleiotropic systems the causal re- 
lationships of the effects are not yet understood 
See Gene action. [h. grunkbfrg] 

Pleistocene 

A term referring to a sequence of geologic de- 
posits (the Pleistocene Series) and also the time 
(the Pleistocene Epoch of the Quaternary Period) 
during which those deposits were made. Introduced 
by the British geologist Sir Charles Lyell in 1839 
it has been defined on various bases, such as its 
content of fossil mollusks, its fossil mammals, and 
its evidence of glacial climate. No single definition 
is universal. In most European countries and bv 
many authorities in the United States, the Pleisto- 
cene is considered to begin with the first appear 
ance of the horse, cattle, and elephant in the 
specific sense. According to the U.S. Geological 
Survey, the Pleistocene includes the Great Ice Age, 
or Glacial Epoch, and possibly some preglacial 
time. In sedimentary cores raised from the deep 
sea floor, the Pleistocene Series is identified on a 
basis of inferred water temperatures. Although 
Pleistocene time has been regarded by some as in 
eluding the present, more common usage considers 
it as ending with the end of the Ice Age, after 
which Recent, or Holocene, time began. See Gia 
ciAL epoch; Quaternary; see also Marine sfdi 
ments. 

The Pleistocene deposits include a very large 
variety of sediments. In middle and high latitudes 
glacial deposits are prominent among them. In 
most places these are unconsolidated or semicon- 
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, , dated, and blanket the underlying bedrock over 
areas. The length of Pleistocene time has not 
>ei been measured but is generally estimated to be 
of ihc order of 1,000,000 years. [r. f. flint] 

pleochroic halos 

Small halos of color or color differences that are 
^^metimes observed around inclusions in minerals. 
'They were first noted by Harry Rosenbuseb (1873) 
around cordierite and were later reported by many 
ob-erver^ in a great many minerals. If halos occur 
jn doubly refracting substances, they may show 
pleochroic discoloration, and the term pleochroic 
halos IS loosely applied to such small colored halos 
generally. See CoRDlERlTL; PleochROISM. 

Distribution and description. The halos are 
found <mly around minute inclusions of certain 
mineral, especially zircon, allanite, monazite, and 
others known to contain minor amounts of uranium 
(»r thorium. Halos have been reported in a great 
many rock-making minerals, including amphiboles, 
pvroxenes, and micas. See Radioactivf minerals. 

The halos are usually spheroidal (circular, as 
*.mi in microscopic section), sometimes consist- 
ing; of several concentric rings, and are fairly 
^harpl\ bounded. The outermost ring in biotite 
doe') not attain a diameter of more than 0.04 mm. 

Origin and interpretation. J. Joly in 1907 was 
the first to ascribe pleochroic halos to the ef- 
(pd of irradiation with a-particles. He and others 
later attempted with only limited success to ex- 
|ilain the details of the ring structure by the ranges 
(hngth of tracks) of a-particles from the several 
sources in the uranium or thorium series in the 
mineral affected. Changes in refringence or bire- 
hint»en(e (either increase or decrease) may he 
as'^oddted with the coloring, and it has been sug- 
sested that the formation of pleochroic halos is 
(omparable to the radiation damage in minerals 
•ailed metamirlization. However, pleochroic halos 
ire most widespread in minerals such as biotite, 
never known in the metamict state. The phenome- 
non is doubtless more closely related to other 
t>pes of coloration induced by radiation. Pleo- 
diroit halos have been produced artificially in var- 
ious materials by E. Rutherford and others. See 
J^ikefrincence; Gem, manufactured; Metamict 
'•TATE. 

It has been suggested that the halos might offer 
8 means for estimating the ages of minerals. This 
unlikely, since there is a limit to the colora- 
that can be produced in any material; more- 
over, there is some indication that reversal can 
occur on prolonged exposure and that the color 
be dissipated by heat. [a. p. pabstJ 

J^ihliography: D. E. Kerr-Lawson, Pleochroic 
Jljloes in biotite, Univ. Toronto Studies^ GeoL Scr., 
^:15-27, 1928; J. Orcel, L’^tat metamlcic,. Ba//. 

beige gSoL paleofUoL et hydroL, 65: 165-'! 94, 
^56; p. Ramdohr, Neue Beobacht ungen an radi^ 
tktiven Hofen In verschiedenon Mineralien mit 
Bemerkungen zur Auswertung der Hofc 
^ Altersbestimmang, Geol, Rnndschau, 49:25St- 
; K. Ranfcama, Isotopt &tolfigy, 


Pleochroism 

In some colored transparent crystals the color is 
quite different in different directions through the 
crystals. This effect is sometimes called pleochroism 
or trichroism. In such a crystal the absorption of 
light is different for different polarization direc- 
tions. Tourmaline offers one of the best knovm ex- 
amples of this phenomenon. In colored transparent 
tourmaline the effect may be so strong that one 
polarized component of a light beam is wholly ab- 
sorbed, and the crystal can be used as a polarizer. 

For a fuller discussion of the effect, see Di- 
cHRoibM; Trichroism. \b. h. billings] 

Pleuracanthodii 

An order of Paleozoic sharklike fishes abundant in 
fresh-water deposits of the Carboniferous and 
early Permian. Although primitive in cranial 



Pleuracanfhus, a Carboniferous and Permian sharklike 
form; perhaps 214 ft long. (After Frifsth) 


structures, the pleuracanths differ notably from 
other sharks in several regards. The teeth are 
2-pronged; there is a long spine projecting up- 
ward and backward from the posterior brain case; 
the tail extends directly backward, in contrast to 
the upturned heterocercal caudal fin of other 
sharks; and the paired fins have the archipterygial 
skeletal pattern of a central axis and side branches, 
in contrast with a fan-shaped arrangement in typi- 
cal sharks. See Elasmobranchii fossils. 

[ A. S. ROMER] 

Pleuromeiales 

An order of Early Triassic lycopods consisting of 
the genus Pleuromeia, The upright unbranched 
stem of the plant was aliout 1 meter tall with grass- 
like leaves and a single terminal strobilus of over- 
lapping, scalel5t.e, round sporophylls that bore one 
sporangium each. From its 4-lobed base sprang 
regularly spaced rootlets that resembled thdse of 
Stigmaria, the underground part of an arborescent 
Paleozoic plant. The internal structure of Pleuro- 
meia is unknown. A similar but smaller plant, 
Nathorstiana, thrived during the Early Cretaceous. 
Pleuromeia and Natkorstiana may connect the Car- 
boniferous Xepidodendrales witli the herblike 
Isoelates of ^he Tertiary and Recent epochs. S^e 
Lycopodineae; Paleobotany. |c. a. arnolp] 

PieuronectHormes 

One of the most distinctive orders of actinoptet|F* 
gian fishes, also called Heterosomata, iVfaieli 
prises the flatfi^es: halibut, plaica^ fieonden, aohift, 
tongue soles, axxl their alUeai The atr&ins 
of the group is tlip loss of hUafec*! «yt n iM g t i !y . M 
duuract«riatie of aluiost nil vOrtohiuritesi 


4tt ^IlNiimpmttffnMia-Jik# orgoniim (i^FLO) 



Fourspot flounder, Parolichthys ob/ongus, {After G. 8. 
Goode, Greof Infernafional Fisheries Exhibition, Lon- 
don, U.S. NafL Museum Bull, 27, 1883) 

fishes are symmetrical and swim upright; early in 
life, however, one eye migrates across the top of 
the skull to lie on the same side as the other eye. 
This transformation is associated with deformation 
of the skull bones and nerves, a change in position 
so that the fish lies on one (the blind) side, partial 
or complete depigmentation of the blind surface, 
and sometimes modification and development of 
asymmetry in paired fins, dentition, squamation, 
visceral anatomy, and other structures. The dorsal 
and anal fins are usually long and may be confluent 
with the caudal; the body cavity is much restricted 
in size. Most species are characteristically right 
or left sided, but there are occasional reversed ex- 
amples. Other structural characters reveal that the 
flatfishes are modified from perciform ancestry. 

The known fossil history of the order dates from 
middle Eocene, when at least 2 families were well 
established. Recent flatfishes are classified in 6 fam- 
ilies, about 116 genera, and nearly 500 species. 
They are essentially benthic inhabitants of conti- 
nental shore waters, but a few ascend rivers or are 
found in the deep seas. Although most are tropical 
to temperate, a few cross the Arctic Circle. Flat- 
fishes are of great economic importance and they 
rank high in the quality of their flesh. ,See Acti- 
NOPTERYGU. [RM.B.] 

Bibliography I J. R. Norman, A Systematic Mon- 
ograph of the Flatfishes (Heterosomata) ^ 1934. 

Pteuropneumonia*like organism (PPLO) 

The nature of these organisms and their classi- 
fication are uncertain. They may represent a spe- 
cial growth form of bacteria, which they resemble 
in many respects and, as such, have been placed in 
the order Mycoplasmatales. A colony is shown in 
Fig. 1. They include the smallest organisms capa- 


Fig. 2. Electron micro- 
graph of a goat strain 
PPLO. (From E. Klieneber- 
ger-Nobel and F, W. Cue- 
kow, J, Gen, Micro-bioL, 
J2,9S-99, 7955) 



Fig. 3. Electron micro- 
graph of a human strain 
PPLO. (From L. Dienes, 
J. Bacteriology, 66:280- 
283, 1953) 


ble of independent life and are comparable in size 
to the larger filterable viruses (Figs. 2 and 3). The 
name is derived from a disease of cattle, contagioim 
pleuropneumonia, in which the first organism of 
this type was discovered. Serious diseases are aKo 
produced by organisms of this group in sheep 
goats, chickens, and turkeys. As harmless sapro 
phytes, they are often present on the mucous mem 
branes of animals ad^d man and have been, found in 
sewage and soil. .See Mycoplasmatales. [ l.d J 

Pliocene 

The youngest of the five major world-wide division^ 
(epochs) of the Tertiary Period (Cenozoic Era), 
the epo'di of geologic lime extending from I he end 
of the Miocene to the beginning of the Pleistcxenr 
or of the Quaternary. See Ceno/oh ; Tfktiaky 
The t6rm Pliocene was originally proposed in 
1833 by the British geologist Sir Charles Lvell 
who divided the Tertiary into Pliocene (youngest), 


Fig, 1. Colonies of a rat 
PPLO on agar. (From L, 
Dienes and G. Edsall, 
Proe. Soc. Exp, Biol, Med,, 
36:740-744, 1937) 








Miocene, and Eocene, and subdivided Pliocene 
„^to Newer and Older Pliocene. The latter terms 
later abandoned, and Pliocene is now gen- 
erally applied to what Lyell called Older Pliocene 
god the older part of his Newer Pliocene. 

The Pliocene Series includes all rocks formed 
during the Pliocene Epoch, but the term is used 
roost specifically with reference to the sedimentary 
rocks which were formed during this interval of 
geologic time. They contain the plant and animal 
remain^ which are the primary bases for identifica- 
tion of Pliocene age. 

Strata. The Pliocene strata include all the com- 
mon sedimentary types, both marine and conti- 
nental, as well as intermediate ones. They are 
tvpiraJly unconsolidated to poorly consolidated 
and are present in many parts of the world. Par- 
tKularlv noteworthy are the Pliocene strata of 
fl) the Pacific border basins of western North 
\merica; (2) the North Sea area of northwestern 
Turope, the Mediterranean Sea area of southern 
Fiirope and northern Africa, and the intracontinen- 
til basins of rential and eastern Europe and 
southern Asia; (3) the Siwalik region of the 
Himalaya Mountains; and (4) the coastal region 
)f Siuth Australia. Igneous rocks are best pre- 
^t'rvpd in mountainous areas, terrestrial strata are 
known in the continental interiors, and marine 
lipd** are most widespread on the continental mar- 
m the areas of the coastal plain and continen- 
hl shelves Most of the marine or marginal Plio- 
fnp strata are relatively flat-lying and occur near 
"ea level, but crustal disturbances have appreciably 
df’fornicd some of the bed*' and have elevated them 
various heights, as for example in the Apen- 
nines of Italy and in the Pacific Border region of 
North \merica from Baia California to Alaska. Up 
lo ^)0()() meters tif Pliocene strata are present in 
parts of this Pacific Border region, hut in general 
the thickness of these beds is much less. They con- 
•am in places, oil and gas, ground water, phos- 
phates, sand, clay, limestone, and other products. 

Pliocene strata were first studied in detail in the 
Mediterranean region and this is their type locality 
the area to which reference is made for compar- 
ing rocks in other parts of the world that are be- 
haved to be of the same age. Here the Pliocene is 
ordinarily subdivided into two units (stages), each 
of which exhibits a marine and a terrestrial facies. 

Maurice Gignoux, the modern European stratig- 
fapher, stated in reference to the Pliocene of the 
Mediterranean area that no other stratigraphic 
iinit of the Tertiary is as clean-cut; that, following 
Je great regression at the end of the Miocene, the 
f^hocene formations of the region always lie in dis- 
continuity over the older formations; and that 
end of the period is always marked by a re- 
*^eat of the sea. Thus, enclosed between a trans- 
mission and a regression, the Pliocene of the 
Mediterranean area corresponds to a sedimentary 
or depositional series, followed by a period 
M erosion which inaugurated the Quaternary. 

the Pliocene is limited in places by physi- 
^ ^aks in the sedimentary rdfcoiA no physical 
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change is known at other places, and differentia- 
tion of the units is based strictly on paleontological 
evidence. 

Fauna. The Pliocene fauna is distinctly modem ; 
nearly every living type of mammal, echinoid« 
pelecypod, gastropod, and foraminifer is repre- 
sented. In addition, many forms now extinct (saber- 
toothed cats, ground sloths, and glyptodonts) made 
up a prominent element in the Pliocene fauna. See 
Paleobotany; Paleontology, [a.h.ch.; g.e.m.] 

Plum 


Plums are shrubs or small trees which bear smooth- 
skinned stone fruits also called plums. The plum is 
an ancient species, several thousand years old. 



Damson plum. (From L. H. Bailey, The Standard Cyc/o- 
pedia of Horticulture, voL 3, Macmillan, 1937) 

Varieties. The plum includes a wide range and 
variety in origin, tree, and fruit. There are four 
principal groups: (1) Domestica {Prunus domes- 
tica) of European origin, (2) Insititia or Damson 
plums (P. insititia) of European origin, (3) 
Salkina {P saiicina) of Japanese origin, and 
(4) American plums (P, americana and P. hortu- 
lana). The Domesticas are large, meaty, prune- 
type plums including Agen (California prune), 
Reine Claude, Italian Prune, and Yellow Egg, and 
constitute the principal fresh and dried prunes of 
commerce. A prune is a plum which will dry with- 
out spoiling. Insititias, represented by the Shrop- 
shire and French varieties, are small, meaty fruits 
grown sparingly for jam. Japanese plums are typi- 
cally round, reddish or yellow, and juicy, and are 
represented by such varieties as Abundance, Bur- 
bank, Beauty, Santa Rosa, Satsuma, and Shiro. 
American plums are small, watery fruits of low 
quality, represented by DeSoto and Pottawattomie, 
and valued chiefly for hardiness of the tree. 

Propagatii^ and commercial production. Plums 
are propagated by budding on seedlings of the 
myrobalan plum (Prunus cerasifera)^ and leas 
commonly on the peach and certain strains of 
Prunus domestica. See Grafting of plants; 
Peach. 

The Domestica and Insititia plums are slightly 
hardier than the peach, the Japanese plums have 
about the same hardiness as the peach, and native 
American plums are considerably hardier than the 
other verifies. 
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Trees of the Domestica and Damson types grow 
to 2(^-30 ft, are adapted to relatively heavy soil, 
and are planted 20-24 ft apart* Trees of the Japa- 
nese and American types grow to 15 or 20 ft, are 
adapted to lighter soils, and are planted 18 ft 
apart. Most plums require cross pollination (see 
Ruproouction, plant). 

Commercial production in the United States in 
1957 was 88,000 tons of Japanese-type plums, of 
which California produced 85,000 tons, and 493,- 
000 tons of prune-type plums of which California 
produced one-half. Returns to growers were 1197 a 
ton for plums and $88 a ton for prunes. 5ee Fruit 
(botany); Fruit (tree). [h.b.t.] 

Plutn and prune diseases. Brown rot, a fungus 
disease caused by Monilinia fructicola^ is the lim- 
iting factor in production of plums under humid 
conditions. Infected fruit decays rapidly and is cov- 
ered with gray masses of fungus spores (see 
Fungi). Punctures made by die plum curculio, a 
common fruit insect, increase the risk of fungus in- 
fection. Control is difficult and must include meas- 
ures for control of the plum curculio as well as the 
fungus. Commercial production of plums and 
prunes is confined almost entirely to the Pacific 
Coast states where the plum curculio does not oc- 
cur and climatic conditions are less favorable for 
development of the fungus. 

Japanese varieties of plums and their hybrids 
are so susceptible to attacks of the bacterial spot 
organism (Xanthomonas pruni) that their com- 
mercial production is likewise confined to the far 
western states where the organism does not occur. 
See Bacteria. 

Other fungus diseases are plum pockets (a form 
of the leaf curl disease), rust, and scab. These dis- 
eases usually cause little damage. 

Diamond canker and prune dwarf are two impor- 
tant virus diseases that cause prune trees to become 
unproductive. Control involves removal of affected 
trees and use of virus-free nursery stock. See Fruit 
(tree) diseases; Plant disease control; Plant 

VIRUS. [j.C.DU.] 

Pluto 

The most distant known planet in the solar system. 
It was discovered photographically on January 23, 
1930, by C. W. Tombaugh at the Lowell Observa- 
tory, where a systematic search for a trans-Nep- 
tunian planet had been initiated by P. Lowell. The 
presence of an unknown planet beyond Neptune 
and perturbing its motion had been predict^ in- 
dependently by P. Lowell and by W. H. Pickering 
on the basis of an analysis similar to, though less 
rigorous than, that which had led U. J. Levoirrier 
and J. C. Adams to the prediction of Neptune. Pluto 
was found surprisingly near the predicted position. 
However, because of the estimated low mass of the 
planet, some astronomers have questioned the va- 
lidity of the original prediction. 

Pluto’s orbit has a semimajor axis (mean dis- 
tance to Sun) of 3.7 X 10^ miles; an eccentricity 
of 0.25, the largest of the major planets; an inclb 
nation of orbital plane to ecliptic of 17,3", also the 



Orbit of Pluto. A perspective view to show the inclino 
tion f and eccentricity of the of;bit. A, aphelion, 
perihelion, line of nodes. (Ffbm L. Rudaux and 

G. de Vaucouleurs, Larousse Encyclopedia of Astron- 
omy, Prometheus Press, 1959) 

largest of the major planets; a sidereal revolution 
period of 248.4 years; and a mean orbital velocity 
of 2.96 mi/sec. Pluto’s large eccentricity causes its 
distance to the Sun to vary from 4.59 X 10® miles 
at aphelion to 2.76 X 10® miles at perihelion. The 
perihelion is 4.9 X 10^ miles less than Neptune’s 
aphelion distance, but because of the large inch 
nation of Pluto’s orbit, the two orbits do not inter 
sect. See Neptune; Planet. 

Pluto is visible only through large telescopes, 
its visual magnitude at mean opposition (that is, 
when closest to Earth) is 14.7. The apparent di 
ameter of its disk^s estimated visually by G. P 
Kuiper with the 200-in. telescope at Mount Palomar 
is about 0.2'^ and the corresponding linear diame- 
ter about half of Earth’s diameter. With such a di 
ameter and the mass, about 0.9 (Earth = 1), de 
rived from the perturbations of Neptune, the mean 
density would be of the order of 40, an improbablv 
high value. On the other hand if the albedo is about 
0.2, a plausible value, the diameter would be about 
the same as Earth’s and the density about 5, but 
the apparent diameter should be 0.45". This di 
lemma had not been resolved through 1959. 

The theoretical average temperature is about 
90®K. The spectrum of Pluto shows no trace of 
specific absorption attributable to an atmosphere, 
in particular no indication of methane, although 
the superficial gravity would probably be great 
enough to retain a tenuous atmosphere of heaw 
gases. 

The light variations indicate that the surface of 
Pluto possesses dark markings and that the 
tion period is about,16 hours. 

Pluto has no known satellite. Its unique orbit* 
strongly inclined and highly eccentric, suggests an 
unusual origin, for example, that Pluto may on<^ 
have been a distant satellite of Neptune whjc 
escaped through the effect of external pertnrba- 
tions on the system. 

The discrepancy, t>e^een the- observed ePP®**?”. 
diameter and the eet^j^ted mass of Huto has la® 
to the suspicion that a trans-^PlutoniBn plui^ ^ 
mains to be found in the outskirts of 
systmn, but it would be very disUBtl Ondl very 



the chances of finding it accidentally ate ex- 
tremely slight. No systematic search for such a 
planet had been made through 1959. [c.D.v.] 

Bibliography: H. N. Russell, R. S. Dugan, and 
j.Q. Stewart, Astronomy^ vol. 1, rev. ed., 1945. 

piuton 

\ general term in geology for a rock body formed 
))v consolidation from a magma (molten material) 
without reaching the surface of the earth; or pos- 
sibly by processes of replacement ( granitization ) 
giving an end product not readily distinguishable 
from that of the first-named mechanism. As now 
(]sf>d, the term includes all intrusive bodies regard- 
less of size or form but does not include extrusive 
Igneous bodies (formed at the surface of the 
earth). The term, first proposed by H. Cloos in 
1928 , had been widely adopted by geologists. See 

(.RANITIZATION. 

Plutons are concordant or discordant, depend- 
ing on whether they are parallel or nonparallel to 
the dominant features of the rocks they intrude. 
Tlu* distinction has to be made with due respect to 
scale: concordance in a broad way is generally ac- 
lompanied by discordance in detail. Moreover, a 
pliiton obviously can be concordant over parts of 
Its intrusive path and discordant over other parts. 

Concordant plutons. Intrusive bodies of this 
tvpe generally are divided into sills, laccoliths, 
lopoliths, and phacoliths, but the classification is 
not necessarily complete. Other forms have been 
described, but the names are not widely used; other 
form names may be added in the future, or some 
(‘•m h as phacolith) may be discarded. 

Sill, A sill is a piuton relatively narrow in 
Hidth but extensive in the other two dimensions, 
mirnded essentially parallel to the planar features 
of the enclosed rocks. Sills generally were em- 
placed along the bedding planes of sedimentary 
rocks (Fig. la). 
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Laccolith, This form is commonly taken to he a 
cistern-shaped body with convex roof and flat floor^ 
intruded into bedded rocks (Fig. 16). The layers 
of rock over the blisterlike intrusion are pushed 
upward to form a dome. When eroded, the up- 
turned edges of the resistant rock layers may form 
circular ridges called hogbacks. See Laccolith. 

Lopolith, A lopolith is a large saucer-shaped 
body characterized particularly by concave roof 
and floor, the latter feature forming concurrent 
with the process of emplacement, not subsequently 
and independently (Fig.- Ir). Though less abun- 
dant than the preceding groups, ^ number of large 
and striking examples are known. 

Phacolith, Phacoliths are structurally the reverse 
of lopoliths; both roof and floor are convex upward 
(Fig. Id). However, phacoliths are generally small 
compared to lopoliths. By definition, the shape was 
established concurrent with and presumably related 
to the process of intrusion; a sill subsequently 
deformed into this shape would not be a phacolith. 
Examples of phacoliths may be too few to warrant 
inclusion in a general classification. 

Discordant plutons. Currently used names in- 
clude dikes, stocks, hatholiths, volcanic vents, and 
ring-dikes. As with concordant plutons, the list is 
not complete; other names have been used, and 
some could he added or subtracted. 

Dike. A dike is similar to a sill in origin and, in a 
sense, appearance; the thickness is small com- 
pared to the extent in the other dimensions, but the 
body transgresses (cuts across) the features of the 
enclosing rocks (Fig. 2a). Dikes generally were 
emplaced along fractures or systems of fractures. 

Stock. A stock is a piuton with roughly equidi- 
mefisional cross section of limited size but a much 
greater, generally indeterminate, third dimension 
which ordinarily is steep or vertical (Fig. 26) . 

Batholith. This form is most simply described as 
a large stock, the separation being placed at about 



^g. 1. (a-d) Cross sections of concordant plutons. 






40 of cross-sectional area, but a widely used 
definition (by R. A. Daly, 1933) also stated for 
both stocks and batholiths that no floor could be 
determined or inferred, and this usage is preferred 
by 4ome geologists (Fig. 2c and d ) . See Batholith. 

V olcanic vents. These intrusions are the roots of 
volcanoes exposed by erosion or by underground 
explorations (see Volcano). They are generally 
composites of several intrusive and extrusive fea- 
tures and are complex. 

Ring-dikes, Ring-dikes are arcuate dikes formed 
under special circumstances during the emplace- 
ment of 'stocks or batholiths; they are known from 
a few widely separated places in the world. 

[j.A.N.l 

Bibliography, M. P. Billings, Structural Geology^ 
2d ed., 1954; R. A. Daly, Igneous Rocks and the 
Depths of the Earthy 1933; C. B. Hunt, P. Averitt, 
and R. L. Miller, Geology and Geography of the 
Henry Mountains .Region, Utah, USGS Profess. 
Paper 228, 1953. 

Plutonium 

A chemical element, Pu, atomic number 94. Pluto- 
nium is a reactive, silvery metal in the transuranium 
series of elements. The first isotope to be identified 
was Pu*®®, produced in cyclotron experiments by 
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G. T. Seaborg. E. M. McMillan, A. C Wahl, and 
J. Kennedy. The principal isotope of chemical in- 
terest is Pu--***. It is formed in nuclear reactors by 
the process 

UM* + n-.U»»— Np»» — (1) 

23 mm ” 2.33 days 

Pu^’® decays by a-emission with a half-life of 24,- 
360 years. Its fi.ssionability makes it of importance 
in nuclear weapons and in nuclear reactors. Minute 
quantil;ies of Pu-’*® are formed in pitchblende, and 
monazite ores by reaction (1). In pitchblende, the 
uranium to plutonium ratio is approximately 
W*:l. 

Uses. Plutonium is used as a nuclear fuef^ to 
produce radioactive isotopes for research, and as 
the fissile agent in nuclear weapons. See Nuclear 
EUEL s; Reactor, nuclear; Reactor, nuclear 
(classification). 

PrQp0rties« Like its neighboring elements, ura- 
nium and neptunium, plutonium exhibits a variety 
of valence states in solution and in the .solid state. 
In solutttm, the known oxidation states are 111, IV, 


V, and VI. Plutonium metal is highly electroDn * 
live. The ions of the IV, V, and VI states are 
ately strong oxidizing agents. The ions of the II 
IV, and Vr states can coexist in I M perchlorir 
acid solution. 

Because the oxidation potentials are so close in 
value, pure solutions of intermediate oxidation 
states undergo disproportionation (self-oxidation 
and reduction reactions). The most important equi. 
librium is that involving the disproportionation of 
Pu (IV) , which can be written 

SPu"^^ + 2 H 2 O PuOa^^ H- 2Pu®'^ + 4H+ (2) 
for which the equilibrium constant is 


Ki 


[PuO,++] [Pu«+}^[H-^]^ 
[Pu"+]» 


( 3 ) 


Ki is calculated from the potentials to be 0.0089 
for 1 M acid at 25 °C. In 1 Af arid, the solution re- 
sulting from the disproportionation of pure pluto- 
nium(IV) would be 72% Pu(IV), 18.6% Pu(IlI). 
and 9.3% Pu(VI). Although Pu(V) is unstable in 
molar perchloric acid, it becomes increasingly sta- 
ble as the acidity decreases. In 0.1 M acid, appre- 
ciable concentration of all four valence states ma\ 
coexist in solution. The additional equilibrium that 
mu.st be considered may be written as 

PUO 2 * + Pu^^ Pu02*^ + Pu’* (4) 
The equilibrium constant, Ko 


“^[Pu02-^1 [Pu^+] 


( 5 ) 


is 13 in 1 M perchlorate solution at 25®C. The rate 
of attainment of the equilibrium of reaction (2) 
slow and that of reaction (5) very fast. A constant 
equilibrium state is not maintained over long peri- 
ods of lime because of the slow reduction in aver- 
age oxidation number in solution caused by the 
reaction of the plutonium ions with the a-radia- 
tion-induced decomposition products of the water. 

In solutions of acids, such as nitric and hydro- 
chloric, whose anions form weak complexes with 
plutonium ions, Ute relative stabilities of the dif- 
ferent states ave little changed. Qualitatively, it i^ 
known that univalent anions, with the exception 
of fluoride, form relatively weak complexes with 
the ions of all oxidation states. Highcr-valcnt an- 
ions form relatively strong complexes. In general, 
the relative stabilities of complexes with a given 
anion decreases in the order 


Pu*^ > Pu02*+ > Pu®^ > Pu02'’' 

Complex formation will generally stabilize the IV 
state. Hydrolysis reactions can also markedly af- 
fect the relative stabilities of the different states. 
As in the case of complex formation, the IV state 
is stabilized by hydrolysis. Polymerization 
esses are important in the hydrolysis reaction^ 
Plutonium (IV) harbeep reported to form solwb^ 
polymers with molecular weights as high as 
A large amount of information is availaWfij®? 
the behavior of plutonium ions when twfaled fif" 


common oxidizing and reducing agents. It is gener- 
ally found that reactions which involve only 
changes from the III to IV or V to VI states tend to 
rapid. Reactions which involve the formation or 
destruction of the oxygenated ions of the V or VI 
states tend to be slow. As examples, oxidation of 
puflll) to Pu(IV) is rapid with bismuthate, bro- 
mate, iron (III), dichromate, iodate, permanga- 
nate, and cerium (IV) ions. Reduction of Pu(IV) to 
pudll) is rapid with iron (II), iodide ion, sulfu- 
rous acid, and nitrous arid. Oxidation of Pu(IV) 
toPu(VI) is slow with bromate, dichromate, per- 
manganate, and nitrate ions. The rates may be 
(hanged markedly by complex-ion formation. In 
the presence of moderate concentrations of sulfu- 
ric acid, for example, oxidation past the IV state 
m very difficult. Some relatively rapid oxidation re- 
j( lions are also known. Ceric ion, argentic ion, and 
b^miithate rapidly oxidize Pu(IV) to Pu(VI). 

The ions of the different oxidation states have 
( haracteristic colors: Pu'’+ is blue-violet; Pu*"^, 
\pllow-brown ; PuOa^, reddish; and Pu 02 ^^ pink 
I ike the rare earths, they also have characteristic 
il)‘*orption spectra with sharp absorption bands. 
Ihese have been widely used in the analysis of 
plutonium solutions to determine the amount of 
pa(h oxidation slate present. 

Preparation of the element. Methods for the 
eolation and purification of plutonium make use of 
ihf fact that the element can exist in a multiplicity 
ot oxidation states, each differing in chemical prop- 
erties Laboratory separation procedures have been 
devised using cairier, solvent-extraction, and ion- 
exiliange methods. The first plant-scale opera- 
tions employed the carriers bismuth phosphate and 
Imtluinum fluoride. In most recent processes, sol- 
\enf extraction is employed. It has the advantage 
ihdl not only the plutonium but also the uranium of 
the reactor fuel may be readily recovered and de- 
contaminated from fission products. Some of the 
most important solvents are listed in Table 1. Con- 
trol of the extraction behavior is obtained by the 
of diluents for the solvent, addition of salting 
agents to the aqueous layer, and the control of solu- 
tion pH. In Table 1 are listed the diluents and salt- 
>ng agents commonly employed for the different 
''olvents. The behavior of different valence states 
these solvents can he illustrated by reference 
*0 the relative distribution coefficients, defined as 
tile concentration of the metal in the organic phase 
'^Jvided by the concentration in the aqueous pha.se 
^Table 2). The actual values of the distribution co- 
‘^fficients will change with conditions, but the ap- 
proximate relative values will be maintained. 

Jn the industrial process employing hexone (the 
process), the uranium fuel is dissolved in 
'tttric acid. The solution is oxidized, and the U(VI) 
and Pu(VI) are coextracted from the fission prod- 
After scrubbing the hexone layer to remove 
‘mpurities, the solvent is passed over an aluminum 
”*^**ate solution containing a reducing agent. The 
P*ntonium is removed into the aqueous layer as 
n uranium left in the solvent as 

The aqueous layer is then reoxidized and 
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Table 1. Solvents used In the aeparation of plutonium 
and uranium from fission products 


Solvent (trivial name) 

Diluent 

Salting agent 

Methyl isobutyl ketone 

(Hexone) 

None 

Al(NO,), 

Tri-fi-butyl phosphate 

(TBP) 

Kerosine 

HNO«, Al(NOa)i 

Dibutyl ether of ethylene 

glycol (Carbitol) 

None 

HNOi 

Dibutyl ether of tetra- 

ethylene glycol (Pent- 

None or 

HNOa 

ether) 

butyl ether 


Triglycol diehloride 

(Trigly) 

None 

AJ(NO,), 

Thenoyl trifluoroacetone 

Benzene or 

None 

(TTA) 

toluene 



Table 2. Distribution coefficients of uranium, plutonium, 
and fission products from nitrate soiutions 
of 100-day cooied reactor fuei 

Fimion 

Soivnnt IJ(VI) Pii(VI) Pu(IV) Pu(III) products 

Hexone 1 5 7 6 1 6 X 10^ 4 5 X 10 * 6 X 10 * 

IBP 80 0615 2 X 10’* 2 X 10“» 


the extraction repeated. By successive cycles, the 
plutonium is purified to the desired degree. 

The industrial process employing tri-n-hutyl 
phosphate (TBP) as the solvent (the Purex proc- 
ess) operates in much the same manner. After dis- 
solution of the fuei element, the plutonium is fixed 
as Pu(IV) and the uranium as U(VI). The nitric 
acid concentration is adjusted, and the Pu(V) and 
U(VI) extracted into 30% TBP in kerosine. The 
solvent is washed with nitric acid to remove impuri- 
ties. The plutonium is then removed as Pu(III) by 
servihbing the solvent with nitric acid containing a 
reducing agent. 

Plutonium metal can be prepared by the reduc- 
tion of PuFa with calcium metal. Plutonium metal 



Expansion of blgh-purity plutonium under conditions 
of solf-hootinQr Lq 0.5 in. E. 
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Linear expansion 

Resistivity 




Density 

Temperature 

coefficient* 

(20’’C) 

ooefflcient 

of 

Phaee 


(20“C). 

of phase 

(20*0 

X 10« 

Symmetry 

g/cm* 

transition, 

a X 10« 

(ohm-om) 

a 

Mouoclinic 

19.82 

122 

50.8 

145 

^21 



17.65 


38.0 

110.5 

— 6 

y 

Orthorhombic 

17.19 

17.14 

203 

34.7 

110 

-5 




319 




6 

Face-centered cubic 

15.92 

453 

-10.0 

103 

+7 

d' 

Body-centered tetragonal 

16.0 

477 

-20 

105 

+45 

€ 

Body-centered cubic 

16.48 

639.5 

25.7 

114^^ 

~7 

Liquid 


16.5 


50 
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deserves special mention because of its unique 
properties. It is known to exist in six allotropic 
forms below the melting point (639°C). Some of 
its physical properties are given in Table 3. Par- 
ticularly interesting and puzzling are the contrac- 
tions which the S and S' phases undergo with in- 
creasing temperature (see graph) ; noteworthy is 
the fact that for no phase do both the coefficient of 
thermal expansion and the temperature coefficient 
of resistivity have the conventional algebraic sign. 
If the phase expands on heating, the resistance de- 
creases. A number of alloys of plutonium are 
known — ^with beryllium, lead, uranium, chromium, 
manganese, iron, nickel, and osmium. 

Principal compounds. A large number of com- 
pounds of plutonium have been prepared. Reaction 


Table 4. Plutonium halides and oxyhalldes 


Melting 

Com- point. Density Crystal 

pound Color ^C at 20^C structure 


PuFa Purple 1425 

PuF 4 Pale brown 1037 

PuFe Reddish-brown 50 75 

PuCla Green 760 

PuBfi Green 681 

Pulf Green 777 

PuOF Metallic 1635 

PuOCl Blue-green 

PuOBr Green 

PuOl Green 


9 32 Hexagonal 

7 0 Monoolioio 

Orthorhombic 

5 70 Hexagonal 

6 69 Orthorhombic 
6 92 Orthorhombic 
9 76 Tetragonal 

8 81 Tetragonal 

9 07 Tetragonal 
8 46 Tetragonal 


of hydrogen with plutonium metal yields at 
two well-defined hydrides, PuHs and PuH2 The 
common oxide is Pu02. It is formed by ignition of 
the hydroxides, oxalates, peroxides, and niti ales of 
any oxidation state in air at 870-1200°C. It crystal 
lizcs in a face-centered-cubic structure (densiiv 
11.44 g/cm"*). It has been extensively used for grav 
imetric analyses of plutonium. A lower oxide 
Pu20^ is known. One of the most important rlas^^ps 
of compounds is m^e up of the halides. Propertle^ 
of the known halidles and oxyhalides are given in 
Table 4. The hexafluoride is a low-melting, low 
boiling compound of high volatility resembling 
NpFe and PuFe. It is a strong fiuorinating agent 
Conditions for the preparation of the fluorides are 
illustrated by the equations 

PuO, + + 3HF PuFs + 2H20 (6) 

PuO, + O, + 4HF PuF, + 2H,0 + 0, (7) 

Pur4 + F, PuFe (8) 

The other halides are prepared by a variety ot 
methods. Treatment of Pu02 with powerful halo 
genating agents 4uch as CCU, PCls* and SCb 
yields PuCU. PuBrs and Puls are conveniently 
made by the action of the anhydrous gases, HBr 
and HI, on plutonium metal. 

A number of other compounds are known 
Among these are the carbides, silicides, sulfides, 
and nitrides. These are of interest because of their 


Table 5. Some Ineoluble Inorgenic compounds of plutonium procipitaled from equeoua solution 


Oxidation state 


III IV V VI 


PudO,), NH4PUF* KPuGiCO, NaPuO,(C,H,0,) 

PuP 04-0-5 Hi 0 Pu(OH)4-»HtO 

Pu»(Ct04)f9H40 Pu(IO,)4 

Pu04-2H*0 

Pu(HP04)rxH«0 

Pu(Ci 04 )r 6 H[s 0 






refractory nature. Among these are PuC, PugCa, 
PuN, a-PuSia, ^-PuSia, PuSi, PuS, PU2S8.PU3S4. 

In addition to those compounds prepared by vac- 
uum line techniques, there are a large number of 
compown<l® that have been prepared from solution. 
The most important of these are given in Table 5. 
5^^ Neptunium; Nuclear chemistry; Transu- 
BANUTM elements. [j.c.h.] 

Bibliography: J. J. Katz and G. T. Seaborg, The 
Chemistry of the Actinide Elements, 1957; G. T. 
Seaborg and J. J. Katz (eds.). The Actinide Ele- 
ments. 1954; G. T. Seaborg, J. J. Katz, and W. M. 
Manning (eds.), The Transuranium Elements, 
19S0. 

Plywood 

(;]ued sheets, strips, or pieces made of three or 
more cross-grained wood veneers (thin plywoods), 
or rwo, four, or more veneers plus a sawed lumber 
or multiple-block core (core plywoods). The cross- 
graining of the plies gives plywood much greater 
strength and dimensional stability than the plain 
wood from which the plies are made. 

Thin hardwood veneers over less costly softwood 
cores are widely used in furniture and for wall 
and ceiling panels. Plywoods made of inexpensive 
wood'- are employed extensively in concrete forms, 
sheathing, subflooring, boxes, and crates. Molded, 
die-pressed, or bag-molded plywoods are increas- 
ingl> important in the manufacture of small boat 
hulls, aircraft parts, chairs, and similar shell-like 
constniciions. See Lumber manufacture, [c.co.] 

Pneumatolysis 

The alteration of rocks by the action of magmatic 
gases The gases accompany magmatic intrusions 
and permeate the intruded rocks along fissures and 
other lines of least resistance. See Metamorph- 
ism; Metasomatism. 

Primary magmatic gases are acid and therefore 
react readily with limestone to form skarn rocks. 



Skorn rocks and pneumatolytlc ore at AronzazU/ Mox- 
•co: 1, gronodiorlto; 2, gamotized bordor of grono- 
(exaggorotod); 3, limestone; 4, gomet rock at 
Jnimedlofe contact carrying seme ore; 5, bodies of an- 
^mdite-wollostonite-copper ore localized olong Inter- 
^lons of fistures and bedding planes. (After A* Knopf, 
W* H, Newhoose, Ore Deposits as MaHsd to itruo- 
^w^Feoturei^ Mneeton Unhr. Pihssst 794S) 
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Appreciable amounts of heavy metals (usually pree* 
ent as chlorides, fluorides, or sulfides) arc associ- 
ated with the magmatic gases. These are captured 
by the limestone and retsdned as deposits of 
skam rocks or ores. In other places the heavy 
metals arc deposited in granite or schist, causing 
the formation of greisen. See Greisen ; Skarn. 

The following list indicates common pneumato- 
lytic minerals concentrated in limestone of the 
Oslo region. 

Metals Minerals 

Fe Andradite, hedenbergite, oxidic and sul- 

fidic iron ore 

Zn, Cu, Pb Sphalerite, ZnS; chalcopyrite, CuFeS*; 
galena, PbS 

Mn Andradite; hedenbergite; rhodonite, 

(Mn,Fe,Ca)Si08 

Bi, Ag Bismuthinite, Bi2S3; galena; sphalerite 
Mo, W Molybdenite, M0S2; scheelite, CaWOi 

Co, As, Sb Cobaltite, CoAsS; arsenopyrite, FeAsS; 

bismuthinite 

Be, Ce Helvite, (Mn,Fe,Zn)4Be3SiaOi2*S; vesu- 

vianite; allanite, (Ca,Fe)2(CeAl,Fe)8 
SiaOiaOH 

Metallouis 

Si Silicates in skarn, quartz 

F, Q, S Fluorite, ClaFa; scapolite; sulfldic ore 

B, P, Ti Axinite, apatite, sphene 

Additional pneumatolytlc minerals are those of 
the humite group and, by pneumatolysis of shale, 
tourmaline, topaz, muscovite, phlogopite, and lith- 
ium micas. Luxullianite is a tourmalinized granite. 

In conclusion it may be emphasized that lime- 
stone is especially susceptible to pneumatolytic 
contact metamorphism, resulting in formation of 
skarn rock^ and often useful ore deposits (Iron 
Springs, Utah; Macay, Idaho; Yerrington, Nevada; 
Concepcion del Oro, Mexico). The minerals often 
develop as well-formed crystals, and the deposits 
belong to the best known mineral occurrences 
in the world (Franklin Furnace, N.J.; Cliften- 
Morenci, Ariz.; Auerbach, Germany; Berggieshfl- 
bel ; Banat, Hungary ; Concepcidn del Oro, Mexico) . 
Silicate rock>i are not usually as intensively al- 
tered, but by introduction of fluorine and lithium, 
and by the formation of greisen, feldspars may 
change into topaz, zinnwaldite, or other micas. Tin 
is sometimes introduced, forming cassiterite, Sn02. 
Other introduced minerals in argillites are, for in- 
stance, molybdenite, apatite, or beryl. 

Sometimes intense boron pneumatolysis may pro- 
duce datolite, axinite, and rare minerals like koudte, 
Mg3(BOs)^; fluoborite, MgaCBOa) (F,OH)8; lud- 
wigite, (Mg,Fc^) aFc"'B06 ; and others. [r.r.W^.] 

Pneumococcus 

The major bacterial cause of lobar pneumonia. The 
microorganism is referred to as Diploooccus 
moniae (tribe StreptococcaiDeae of family Lact<^- 
cillaceae) . See Lactobagillaceaiu ^ 

Marphetonr. Pneiimocooci ocoor aa pain bf 
or Unces*<Aapedi ooccif 0.i^l.2S /a ea^ flalMMI 
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at proximal sides and pointed at distal ends. A 
capsule envelops each pair or chain of cocci; this 
capsule may have a uniform periphery or may show 
indentations between the twin cells or between 
pairs. The organism is nonmotile and stains gram- 
positive unless the organisms are degenerating or 
dead. See Bacterial motility; Gram’s stain. 

Cultural characteristics. Pneumococci are fas- 
tidious in their nutritional requirements, which in- 
clude many amino acids, vitamins, minerals, and 
carbon sources. The organism grows best in en- 
riched media containing serum or blood and in the 
presence of oxygen, being aerobic. It also may grow 
anaerobically, in which case it probably derives oxy- 
gen through a flavin-containing enzyme system. It 
produces hydrogen peroxide that may hinder or 
prevent growth; this may be overcome by adding 
substances having oxidation-reduction action. It 
grows uniformly in liquid media. Lactic acid and, 
in some strains, formic and acetic acids, accumu- 
late in the culture medium, increasing the acidity 
and limiting growth ; this may be overcome by add- 
ing glucose to the medium and by neutralizing the 
acid with sodium hydroxide. Growth is optimum at 
37®C and the organisms die rapidly at 55®C. 

On blood agar, the organism produces small, wa- 
ter-clear, flattened, and (later) umbiliform colonies 
that are surrounded by a greenish zone of hemoly- 
sis, indicating methemoglobin formation. The or- 
ganism contains intracellular proteolytic, lipolytic, 
and carbohydrate- fermenting enzymes; these read- 
ily produce autolysis, that is, dissolution of the or- 
ganism. Viability of the pneumococcus can be pre- 
served in partly desiccated animal tissue, like mouse 
heart or spleen, or by lyophilization, which is rapid 
freezing with vacuum drying. See Lyophilization. 

Meilttficatiofl. Pneumococcus closely resembles 
many species of Streptococcus viridans^ but can be 
reliahly differentiated by either of the following 
methods. 


Solubility in bile. The addition of a solution 
either bile salts or sodium deoxycfaolate to ^ 
young broth culture or to suspensions of organwmg* 
at a neutral pH, will cause lysis of the pneumococ’ 
cue, and a turbid pneumococcal suspension wiH 
clear rapidly. This action is complete in 5-10 min 
and probably represents accelerated autolysis. It 
occurs without regard to specific type or colonial 
form. 5. viridians will not lyse under this test. 

Quellung reaction. Swelling of the pneumococcus 
capsule is induced by mixing the type-specific anti- 
serum (serum containing antibodies) prepared 
from rabbits, with a suspension of the organisms 
This differentiates the type as well as the species 
See Oulllijng reaction. 

Pneumococcidal agents. Pnedmococci are vul 
nerable to the usual germicides and antiseptics, 
growth is inhibited by many quinine derivatives, es- 
pecially optochin (ethyl hydrocupreine), and also 
by most sulfonamide drugs {see Antiseptic; Sulfa 
drugs). They are susceptible in vitro and in vivo 
to many antibiotics; the most effective is penicil 
lin. Although resistance to these antibacterial 
agents has been induced, by repeated subculture^ 
in subinhibitory concentrations, resistance has not 
been shown to develop during treatment of pneu 
inococcal infections. 

Antigens. Pneumococci contain three major 
antigens. See Antigen. 

Somatic protein antigen. This antigen i« com 
mon to all types of pneumococci and to certain 
streptococci. The in^vidual is afforded little, if any 
protection by antibodies to this fraction, 'upon ex 
posure to pneumococci or during the course of such 
an infection. 

Somatic C carbohydrate. The somatic C carboh\ 
drate is common to all types of pneumococci, but 
not to all streptococci. Skin reactions are produced 
when this antigen is injected intradermally into in 




jividuals with active pneumococcal infections of all 
and also with certain streptococcal or other 
infections. Some minor, non- type-specific protection 
,, afforded by antibodies to this soluble antigen de- 
rived from certain strains. This factor also forms a 
portion of the Forssman, or heterophile, antigen. 

sSS is a contraction for type-specific soluble 
^^pmilar polysaccharide. As little as 0.001 mg of 
this material, from some types, produces antibodies 
,n the blood that react either directly with the spe- 
, ific carbohydrate of the capsule or with the whole 
urganism, thus protecting against infection by or- 
jraiiisms of the same type. Intradennal injection of 
sSS into patients recovering from pneumonia of the 
same type give immediate (wheal and erythema) 
Imal skin reactions. Serum from patients acutely ill 
Hjlh pneumococcal infections also contain a C-react- 
ing protein, apparently not an antibody, that is also 
found in many other infection.^ and febrile illnesses. 

Types. Pneumococci can be divided into more 
than 77 types on the basis of the differences in 
thoir highly polymerized, immunologically distinct. 
poK^archarides. The specificity of the types de- 
pends on their chemical composition and structure, 
lliis has been worked out for a few types. Some of 
ihe^o pidysaci'harides are closely related, immuno- 
loaically and chemically, to similar ones contained 
uncFtdin yeasts, fungi, the hemicelluloses of many 
plants, dextrins, blood group A substance, and to 
ilinsr fiom other bacterial species, notably Kleb- 
sv//// pneumoniae. Bacillus a nth rads, and Hemo- 
philus influenzae. There are also serological cross 
ricK lions between certain types, notably between 
II and V and between III and VITI. The specific 
I'oK'-archdrides are also subject to hydrolysis by 
^n/vr’irs produced by various soil organisms; many 
"f tilt- ciii^vmes are highly t> pe-spccifi<’. 

Variants. In the past, descriptions of morpholog- 
'<al >ariants in pneumococcal colonies were based 
tlifir appearance on the surface of solid media. 
Hit* terms most used were smooth (S), rough (R), 
mucoid ( M ) . Problems arose because of the 
‘ignition of colonies intermediate between mii- 
‘“•tl and smooth and smooth and rough. R. Austrian 
proposed that the definition of morphologic 
'driant be made at a cellular rather than at a colo- 
Je\el. He defined the morphologic variants 
grown under suitable conditions as the following: 
•^rmfilamentous, capsulated (S) ; nonfilamentous, 
'^^•ncapsuJated (R) ; filamentous capsulated (?) 

filamentous, noncapsulated (also R). The fila- 
f^ientous forms differ from the nonfilamentous in 
the cells of the filamentous forms fail to sepa- 
after division, giving rise to chains of pneu- 
^ococci where one nonfilamentous form appears as 
cells, diplococci, or short chains. All the cap- 
‘'ulaied forms have specific polysaccharides; the 
''‘^"^’apsulated do not. Rough strains, whioh are 
^''indent and lack type specificity, may be produced 
1' growth in homologous, type-specific antiserum, 
is, serum containing antibodies of the same 
l^aeuiaoccal type. Rough strains, as well as heat- 
* drains, have been transformed into virulent 
‘'aiootli forms, of types other than the original 
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by growth either in solutions of the type-specific or- 
ganisms or in solutions of deoxyribonucleic 
acid derived from the type-specific organisms. Type 
transformations can also be made in mice inocu- 
lated with mixtures of both dead, encapsulated or- 
ganisms of one type and living, rough nonencapsu- 
lated organisms of another. Deoxyribonucleic 
acids have also been used to transform strains sen- 
sitive to antibiotics, such as penicillin and strepto- 
mycin, into antibiotic-resistant strains, without em- 
ploying exposure to these antibiotics. Nearly all the 
20 variants, theoretically deduced by different com- 
binations of the four morphologic variants, have 
also been produced in this manner. This is analo- 
gous to recombination of independently heritable 
characters in sexually reproducing forms. See 
Bacteria!, genetics. 

Pathogenicity. Pneumococci occur in the upper 
respiratory tract of apparently healthy guinea pigs, 
rabbits, horses, calves, dogs, monkeys, and human.s. 
Epizootics of pneumococcal pneumonia, and of 
other local or systemic pneumococcal infections, 
occur in monkeys, guinea pigs, and rats but are not 
the source of human infections (see Pneumonia). 
Epidemics of pneumococcal pneumonia also occur 
in humans, mostly in closed institutions. Some of 
the epidemics have been prevented, or their spread 
halted, hy immunization with killed vaccines or with 
specific carbohydrates of the same pneumococcal 
types. In man, pneumococci may be found in the up- 
per respiratory tract of nearly all individuals at 
some time or other. Pneumococci are the principal 
cause of lobar pneumonia, but ma> also produce 
meningitis, pericarditis, and peritonitis as well as 
infections of the pleura, middle ear, and accessory 
nasal sinuses. Some of these infections are accom- 
panied hy invasion of the blood stream, or septi- 
cemia. The rn»*rtality in untreated infections is high, 
but this has }»een markedly reduced by the use of 
antibiotics. See BArTERiOLOCY, medical. [m.f.] 

Bibliography: R. Austrian, Morphologic varia- 
tion in pneumococcus, 7. Exp. Med., 98:21 -34, 3.5— 
40, 1953: R. J. Dubos (ed.). Bacterial and Mycotic 
Infections of Man, 3d ed., 1958; M. Finland, Ret^ent 
advances in the epidemiology of pneumococcal in- 
fections, Medittne, 21:307--344, 1942; M. Heidel- 
berger. The formation of antibodies in man after 
injection of pneumococcal polysaccharides, 'Proc. 
Natl. Acad. Sci. U.S., 43:883-887, 1957. 

Pneumocystosis 

A disease of man caused hy a sporozoon, Pneumo- 
cystis cariniL The microorganism, originally re- 
ported in rgjts in 1912, hgs been increasingly rec- 
ognized as g widespread human pathogen since 
1953, chiefly through the investigations of O. Jiro- 
vec and collaborators. Only one species is recog- 
nized in animals and man, and accordingly there is 
a supposition that the infection may pass from 
one of these groups to another. Of possible impOlr- 
tance is the role of adult carriers in disseminatiitg 
the infection to infants. ^ 

Most cases reported thus {rt have been fatal, ^ 
curring in itifants or very yo<mg children. The Itihg 



lesions are conspicuous and distinctive, and the en- 
tity plasma-cell interstitial pneumonia has been at- 
tributed to Pneumocystis, Satisfactory therapy and 
control remain to be achieved. See Parasitology, 

MEDICAL. [n.w.] 

Bibliography: J. Vanek, 0. Jirovec, and J. Lukes, 
Interstitial plasma cell pneumonia in infants, Ann, 
Paediat., 180:1-21, 1953. 

Pneumonia 

An acute or chronic inflammation of the lung tis- 
sues, occurring in humans and in many animals. 
Pneumonia in humans may be caused by numerous 
microbial, immunological, physical, or chemical 
agents. It may also be associated with many sys- 
temic diseases. Any or all parts of the lung may be 
involved, with the inflammatory exudate filling the 
alveolar air spaces of one or more lobes as in lobar 
pneumonia, or the smaller segments in lobular 
pneumonia. It may be disposed in and around the 
bronchi in bronchopneumonia or may be limited 
predominantly to the interalveolar areas, as in 
interstitial pneumonia. Pneumonia may be a pri- 
mary disease or a secondary event in other diseases. 

Known causes and diseases. Pneumonia may 
be caused by bacteria, fungi, various parasites, and 
rickettsiae and also by miscellaneous conditions 
like allergy, exposure to chemicals, and foreign 
bodies. 

Bacteria, The following organisms cause pneu- 
monia : 

Pneumococci of various types cause pneumococ- 
cal pneumonia. 

Staphylococci that are congulase positive cause 
staphylococcal pneumonia. 

Hemolytic group A streptococci cause strepto- 
coccal pneumonia. 

Klebsiella pneumoniae, types A, B, and C, cause 
Friedlandcr’s pneumonia. 

Bordetella pertussis causes whooping cough, 
often with pneumonia as a secondary infection or 
complication. 

Haemophilus influenzae causes influenzal pneu- 
monia. Type b strains o{ H, influenzae are usually 
found in infants; the strains found in adults cannot 
be typed. 

Pasteurella pestis causes bubonic, or pneumonic, 
plague. 

Brucella species cause brucellosis. In acute 
brucellosis, pneumonia may occur as a complica- 
tion. 

Coli-aerogenes organisms may cause pneumonia, 
incidental to a systemic infection. 

Salmonella species cause systemic infection^, in- 
cluding typhoid fever. Pneumonia may occur as a 
complication. 

Meningococci cause meningococcal meningitis, 
with pneumonia as a secondary infection or com- 
plication. 

Bacillus anthracis causes anthrax. One form, 
pulmonary anthrax, has a high fatality rate if not 
dtagnosed early. 


Mycobacterium tuberculosis, on occasion, iQav 
cause acute tuberculous pneumonia. 

Mixed infections, that is, infections with more 
than one species of bacteria, or with bacteria and 
viruses, may cause pneumonia. See Bacteriology 

MEDICAL. 

Fungous infections. Infections due to fungi may 
involve the lung and cause pneumonia in moniliasis 
actinomycosis, blastomycosis, cryptococcus, histo- 
plasmosis, coccidioidomycosis, nocardiosis, and 
others (see Mycology, medical). 

Parasitic diseases. Infections with protozoa or 
helminthes may have pulmonary manifestations, 
often acute, in such diseases as trichinosis, malaria, 
amebiasis, Leishmaniasis (kala-^zar), toxoplasmo 
sis, schistosomiasis, paragonomiMs, clonorrhiasis, 
and fliariasis {see Parasitology, medical). 

Viruses, The known viruses which may cause 
pneumonia are influenza A (including Asian type) 
A' and B; psittacosis (ornithosis) ; lymphocytic 
choriomeningitis; variola (smallpox); varicella 
(chicken pox); measles; adenovirus type 4 (and 
possibly other types); lymphogranuloma venc 
reiim; and feline pneumonia. Of probable hut iin 
proved viral origin are the pulmonary involvements 
in cytoplasmic inclusion disease of infants, in 
fectious mononucleosis, and the so-called primar\ 
atypical pneumonia (PAP), or viral pneumonu 
(see Animal virus). 

Rickettsial infections. These include 0 fe\cr 
epidemic typhus (including the recrudescent form 
or Brill’s disease) ,^ocky Mountain spotted fe\er 
fih)re boutonneuse. South African tick fever, and 
probably others. See Rickettsioses. 

Miscellaneous. The following pneumonias have 
less common, or ill-defined etiologic agents: Loef 
fler’s eosinophilia (allergic pneumonia), rheumatn 
pneumonia, lipoid pneumonia (from lipids and 
oils, as oily nose drops), inhalation or aspiration 
pneumonia (from chemicals, gases, blood, and 
other foreign bodies), pulmonary hemosidero''^ 
(associated with hemolysis of red blood cell’' 
usually from a systemic disorder) . 

Complications. The bacterial pneumonias ma\ 
sometimes cause destruction of parts of the lung 1» 
abscess formation or may involve the pleura in an 
empyema or sterile effusions. Inflammation and 
dilation of bronchi (bronchiectasis) and spread of 
infection to remote organs is not unusual. For 
tunately, however, most common pneumonias heal 
by resolution, leaving lung structure and function 
little changed. 

Viral pneumonias may have superimposed bar* 
terial infection. 

Therapy and prognosis. Treatment is spenn^ 
for the causative agent; chief reliance is on anti- 
microbial agents. See Antibiotic; Chemothebap'- 

The course and outcome depend on the 
and also on the availability and proper 
specific therapy. . 

Bibliography: R. Heffron, Pneumonia* toith 
cial Reference to Pneumococcus Lol^ar PneunW^' 
1939; H. A. Reimann, Pneumonia* 1954. 



pneumonitis 

\n atypical pneumonia caused by one of several 
large viruses of the lymphogranuloma- psittacosis 
group. These are basophilic agents which have been 
placed in a subdivision and called pneumonitis 
agents. They have caused pneumonitis in man, 
mice, cats, sheep-, goats, and cattle. In some cases 
there is a question whether the virus resided in the 
jnoculum being tested or in the respiratory tract 
i,f the experimental animal used for isolation. 
There is also a question whether those isolated 
from man are specifically adapted or whether they 
are psittacosis viruses of exceptional virulence 
and unknown origin. Their public health signifi- 
laiice is not known. See Lymphogranuloma-psit- 

MfOSlS GROUP. Ik.F.ME.) 

Podicipitiformes 

The order of birds containing the single family 
Podicipitidae, the grebes. Long thought to share a 
(onmion ancestor with the loons (CaviiformesL 
the grebes are now believed to have evolved loon- 
like adaptations independently for diving and 
swimming. Their legs are similarly set far back on 
the body, with compressed, bladelike tarsi. 'Ihe 
toe*- of grebes are not webbed, however, but are in- 
do idiiallv broadened and lobed. The plumage is 
derive and silky, and the tail is rudimentary. Many 
-liecies have an elaborate and often spectacular 
foirn of aquatic courtship display. Although highly 
adapted for aquatic life, most grebes are strong 
fliers and northern species are migratory. There is 
•me flightless species, Centropelrna mirropterum, 
found at Lake Titicaca in the Andes. The family as 
a whole is virtually cosmopolitan. See Aves. 

[k.c.p.1 


Podocopa 

\ ‘'iiborder of the order Ostracoda in which the 
members have a shell that is without a permanent 
interior aperture. The shells of different species 
vary in size, shape, and sculpture. Both pairs of 
antennae are used for locomotion, either swimming 
or crawling. The mandible is well developed and is 
'•dually provided with a palp of four podomeres. 
The palp also has a bunch of setae at its base. The 
heart is absent. A simple eye, or ocellus, is fre- 
f?iienily present. Each maxilla is provided with a 
large respiratory plate. There are four pairs of 
lH>sioral appendages: first, second, and third tho- 
racic legs, and the furcae. 

Extant ostracods. Four families of the Podocopa 
rex^ognized, based on the structure of the tho- 
’■acic legs, and on the presence of absence and de- 
of development of the caudal ramus. These 
families are the Cypridae, Darwinulidae, .Cythcri- 
and Bairdiidae. 

Cypridae. This family includes both marine and 
hesh-water genera in which all the thoracic legs 
fre different. The first thoracic appendage is mod- 
ified for mastication and the endopoditc of this leg, 


in the male, forms a prehensile palp. The third leg 
is bent dorsally and is used in keeping the body 
and inner surface of the shell free of foreign mat- 
ter. The abdominal appendages and furcal rami, 
each have two claws and two setae, as a rule. In 
the Cypridopsinae, the rami are reduced to flagella- 
like setae. The Cypridae show definite seasonal cy- 
cles. Some species occur only in autumn and others 
in the spring or summer. Organisms that inhabit 
permanent bodies of water may have two or three 
generations a year; species living in temporary 
ponds and ditches generally have only a single gen- 
eration a year. The life span varies with the spe- 
cies and with climatic conditions; ostracods that 
live in permanent bodies of water generally have 
longer life spans than those inhabiting temporary 
ponds and ditches. 

The family Cypridae is divided into eight sub- 
families which are widely distributed. Most genera 
and numerous species are Holarctic, or cosmopoli- 
tan. 

Darwinulidae. This family has the first thoracic 
appendage modified for mastication, while the sec- 
ond and third thoracic legs are similar and adapted 
for crawling. The antennae are without swimming 
setae. The furcae are completely lacking, the body 
terminating in a single cone-sha|>ed projection. The 
female is viviparous, that is, bears living young. A 
single genus. Darwinula^ is known, with two species 
presently recognized. Only Darwinula stevensoni 
Brady and Norman, which inhabits the bottom of 
large fresh- water lakes, has been observed in North 
America. 

Cytheridae, These are principally marine forms. 
The antennae of members of this family are with- 
oui natatory setae and the three pairs of thoracic 
legs are similar, being adapted for crawling. The 
furcal rami are reduced and the ductus ejacula- 
torius is absent. Some species are viviparous. Spe- 
cies of the genus Entocythere live as commensals 
on the gills of various species of crayfish. 

Bairdiidae {N esideidae) . These are entirely ma- 
rine and possess a shell of firm consistency. The 
valves are conspicuously unequal, with the left be- 
ing the larger. The antennae are well developed, 
but are not adapted for swimming. The three tho- 



(o) Oligocythereis fullonica (Jones and Sherborn)^ o 
Jurassic cytherocaon oitracod with entomodont hinge. 
(b) Ahfacythen ahfa (Bosquet), on Eocene cyl|Ker« 
ocean ostrocod with lobodont hinge, (c) Legunyino^ 
cyffierets eotrugata Le Roy, o Pliocene cytherooeon 
ostrocod with omphfdont hinge. ^ 
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Location 


Type of hinge 



Lophodont 

Merodont 

Entomodont 

Lobodont 

Schizodont 

Amphidont 

Left valve 
Anterior 

Groove 

Loculate 

Lociilati' 

T^ulate 

Biloculate 

Socket 



groove 

groove 

pit 

socket 


Anteromedian 

Ridge 

Denticulate 

Short dentate 

Lohate boss 

Bifid tooth 

Conical tooth 


ridge 

ridge 



Median 

Ridge 

Denticulate 

Long denticu- 

Smooth or 

Denticulate 

Smoot)) 01 



ridge 

late ridge 

dcnticulale 

bar 

denticulate 





bar 


bar 

Posterior 

(iroove 

l/iculate 

I^'ulate 

loculate 

LcK'ulate 

Loculate 



groove 

groove 

groove 

socket 

socket 

Right valve 
Anterior 

Ridge 

Dentate ridge 

Dentate lidge 

ixibate boss 

Bifid, stirpalj^ 

Stirpate t<x)th 






tooth 

Anteromedian 

Groove 

Locellate 

Short, wide 

Loculate pit 

Biloculate 

Socket 



gl oovc 

loculate 

groove 


socket 


Median 

Groove 

Locellate 

Ixmg, narrow 

Smooth or 

Dicellnfe 

Smooth or 



groov e 

locellate 

locellate 

groove 

locellate 




groov <‘ 

groove 


grorive 

Posterior 

Ridge 

Den laic ridge 

Dentate ridge 

Dentate ridge 

Uibate leni- 

1/obnfc reni- 


form tooth 
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racic appendages are siniilai in strueture and all 
arc adapted for locomotion. The caudal rami are 
very small and extremely mobile. The eja< ulHtory 
ducts are lacking. Hainlia, Acs/dca, and livtho- 
cypris are the principal geneia in this family. Spe- 
cies have been collected from marine habitats in 
widely separated geographical regions. 1 

Extinct ostracods. The Podocopa (Oidovuian 
Rei’ent ) have many fossil representatives, both ma- 
rine and fresh-water. The superlamily Cylheiacea, 
in particular, is abundant in the Mesozoic and 
Cenozon*, and has many taxonomic divisions. Nearly 
half of the fossil species described belong to this 
taxon. 

Hingement, which is important in their clas- 
sification, may be either simple, with a groove in 
one valve accommodating the edge of the other, or 
compound, with the hinge of each valve divided 
into three or four elements. Six types of compound 
hinge are distinguished : (1) lophodont, (2) mero- 
dont, (3) entomodont, (4) lobodont, (5) schizo- 
dont, and (6) amphidont. This series is more or 
leas morphogenetic, and certain evolutionary lines 
following it have been discovered. In general, the 
anteromedian element developed secondarily, and 
the terminal elements became dentate and then 
fused, changing from a ridge-and-groove^to a 
tooth^-and-socket arrangement. [r.v.k.] 

Bibliography X E. Ferguson, Studies of the sea- 
sonal life history of three species of fresh-water 
Ostracoda. Am. Midland Naturalist^ 32(3) : 713-727, 
1944; R. W. Pennak, Fresh-waier Invertebrates of 
the United States. 1953; G. 0. Sara, An Account of 
the Crustacea of Norway^ vol. 9, 1928, 


Poecilosclerida 

An ordei of sponges of the ( lass Deniospongiar in 
which the skeleton includes two or more types oi 
megascleies, eachifocalized in a paiticiiJar part ol 
the sponge (olony. Frequently one type of niegd 
sclere is restricted to the dermis; another tvpe (» 
curs in the inteiior of the sponge Sometimes one 
category is embedded in spongin fillers; a second 
categoiy, usually spinose, protrudes tiom the filin' 
at right angles. Spongin is always piesent but \drie- 
in amount from species to species. Mi(roscleres arf 
usually present; often several types onur in ont 
species. A wide variety of microsclere categories i 
found in the order, but asters are never piesent. 

In shape, poecilosclerid sponges are encrusting 
massive, lobate, or branching. Deep-sea species of 
ten have bi/ane shapes. Sponges of this order an 



Fig. 1. (a) Micr^dona prolifera, (b) Splcukitfon c 

the same sponge, (After Hyman, 1940) 
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(b) 


Fig 2. Deep-sea Poecilosclerida. (a) Cladorhiza 
longipmna, 5500 meters, (b) Esperiopsis challengen, 
1500 meters (from Hyman, 1940). (After Ridley and 
Dendy, 1887) 

found in ail seas and range from tidal waters to 
depths of at least S500 meters. 

Fossil sponges with skeletons comparable to 
those of Recent poecilosclerids are scattered 
through the fossil record from Cambrian times. Un- 
doubted poecilosclend spicules are known from 
lertiary deposits. See Dfmosponciae. fw.D.H.] 

Poeobioidea 

\ phylum pro[H>sed by W. Fisher in 1946 for a 
single species Poeobius meseres Heath. A critical 
study of this particular species revealed it to be an 
alierranl polychaete. [c.B.c. 1 

Bibliography: H. Heath, A connecting link be- 
tween the Annelida and the Echiuroidea (Gephyrea 
(irmiifa). J. MorphoL, 49:223-249, 1930; G. E. 
Pickford, Histological and histochemical observa- 
tions upon an aberrant annelid, Poeobius meseres 
Heath, y. MorphoL, 80:287-319, 1947. 

Pogonophora 

A group of animals regarded as the single class of 
the phylum Brachiata. They are characterized by 
the following features. The elongate body consists 
'»f three segments. The two anterior segments are 
fused to form an anterior region. This is separated 
hy a diaphragm from the long trunk region re- 
gaided as a third segment. The trunk is subdivided 
into a preannular section consisting of a short 
nietameric portion followed by a long nonmeta- 
meric portion, and a postannular section which has 
heen considered to be secondarily metameric. Each 
'>6gment has a separate coelom or body cavity and 
^he first segment has coelomoducts which may rep- 
resent an excretory organ. The coelom of the sec- 
ond segment is without ducts, but the third has well 
developed coelomoducts which serve as gonoducts 
the single pair of gonads. There is no mouth, 
rinus, or digestive canal. Some species may exceed 6 


inches in length. There are from one to 223 tenta- 
cles on the first segment. Setae may occur in 
groups; these are quite different from annelid se- 
tae. 

A ganglionic mass of nerve cells is situated in a 
cephalic lobe in the first segment and a longitudi- 
nal nerve cord, in the epidermis, lies on the side re- 
garded as dorsal. 

There are longitudinal dorsal and ventral blood 
vessels and a ventral heart. Blood is said to flow 
forward in the ventral vessel and back in the dorsal. 

The sexes are separate. The testes are enormous 
and, with their ducts, fill the entire posterior half 
of the trunk. In females, the ovaries occupy the an- 
terior half of the trunk. The eggs are large, few in 
number, elongate, bilaterally symmetrical, and 
heavily yolked. Cleavage is total, unequal, and de- 
terminate. It is neither spiral nor radial but unique 
to this group. There is no blastopore but the animal 
pole becomes anterior. The coelom is enterocoelic 
and the three segments become distinct early. 
There are no free-swimming larvae in the species 
described. 

The Pogonophora have been obtained only from 
the sea bottom and usually at great depths, begin- 
ning with the discovery of Lamellisabella by P. 
Uschakov. In 1933 he found this species in the Sea 
of Okhotsk at a depth of 3500 meters. Many speci- 
mens have since been taken in many seas, both arc- 
tic and tropical. They occupy lamellated, chitim 
like, nonbranching tubes and are apparently 
sedentary. The mode of feeding is highly conjec- 
tural because of the absence of all internal alimem 
tary structures usually found in higher animals that 
are nonparasitic. It has been proposed that the 
tentacles catch fine, particulate matter which is di- 
gested extracellularly. 

Two orders are recognized, the Athecanephria 
and the Thecanephria, which contain five families 
and eight genera. Characters of taxonomic value 
are the adhesive platelets on the skin, the bridle, 
and the tentacles. In different genera, the base of 
the tentacular crown is either circular, horseshoe 
shaped, or spiral. 

At first considered to be polychaetes and set 
apart as.|^"a class by K. Johansson in 1937, the 
Pogonophora are now generally treated as a phy- 
lum, the Brachiata. They are closely related to the 
Enterupneusta and Echinoderm-chordate complex 
(Deuterostomia). See Animal kingdom; Athe- 
canephria; Brachiata; Cleavage, embryonic; 
Coelom; Enteropneusta; Ovum; Thecanephria. 

[t.h.b.] 

Poinsot’s method 

A method of describing, by means of geomet- 
rical construction, the motion of a rigid body with 
a point fixed in space and with zero torque or mo- 
ment acting on the body about the fixed point. If a 
rigid body is constrained to rotate about a smooth 
fixed axis, under no moments except those due to 
the axis reactions^ the motion is simply one of con- 
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Fig. 1. Cardan's suspension. Point O of the rigid body 
is fixed in space while the body is free to rotate about 
ony axis in space under no external moments. 


stant angular velocity. If, however, the body is con- 
strained to move with only one point fixed in spare, 
the motion, even with no moment acting about that 
point, is much more complicated. Furthermore, the 
motion in this latter (*ase is identical to that of a 
rigid body relative to its own center of mass, and it 
is, therefore, a more general type of motion for 
those cases where zero or negligible moments act 
about the center of mass. Such a body might be a 
top spinning on a frictionless table in a gravityless 
system, a body mounted within a Cardan suspen- 
sion, or a spinning rocket flying in space outside of 
the atmosphere but in a gravity field. See Cknter 
OF MASS. 

Cardan’s suspension. Consider a heavy body 
mounted with only one point fixed, constructed 
from light rings in an arrangement known as Car- 
dan’s suspension. In Fig. 1, point O is the fixed 
point, and it is assumed that the frictional torques 
can be made negligible and that the mass of the 
suspension system compared with the heavy body 
is negligible. 

Let 0 be the center of a coordinate system com- 
posed of the principal axes of the body x, y, z, 
with unit directional vectors i, j, k, respectively. 

The vector angular velocity and vector angu- 
lar momentum H of the body are 

u ■■ 4- o>vi 4- Wjrk H « JgtaA + /ywj 4- /jO^ck 

( 1 ) 

where Ix% U ar^ moments of inertia about the x, 

z axes respectively, and the products of inertia 
are aero about the principal axis (see Rigid-body 


dynamics). The kinetic energy of the body is cor. 
stant and is 


rp IM:? 4" /yCi)y* 4“ 

T ^ ^2) 

The angular momentum H is constant in magni. 
tude and direction. Its magnitude is given by 

(/*a).)*4- (/ya)y)*4- (3) 

From (1) and (2), 

o) • H *■ 2T 

Ellipsoid equations. If now a line OA, called 
the invariable line, is drawn in the fixed direction 
of H (Fig. 2), and OB is the vector angular veloc- 
ity ci> at any instant, then the lin^/?6\ drawn per- 
pendicular to OA^ determines line OC such that 


OC 


H 


From (4) and (.S), 


(5) 


0C» 


H 


Therefore, C is a fixed point and the plane through 
C normal to OA is a fixed plane, called the invar- 
iable plane. The terminus of a> (point By Fig. 2) 
moves on the invariable plane during motion of the 
rigid body. 

If point B is given coordinates Xu yi, then 


a» 4- 4- kz 

and Eq. (2) becomes 

IxX- 4“ lyy'^ 4- = 27 (6) 

Equation (6) is the equation of the Poinsot el- 
lipsoid which is fixed in the rigid body tangent to 
the invariable plane at and with center at 0, The 
semiaxes are given by 



As the body moves, the ellipsoid rolls on the invari- 
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invariable plane 
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Fig. 2. Poinsot ellipsoid. 



able plane because it has an angular velocity vec- 
which terminates at B, the point of contact of 
the ellipsoid and plane (see Fig. 2). 

The point B is called the pole of the axis of rota- 
tion. The locus of this pole on the ellipsoid was 
called by L. Poinsot the polhode and the locus on 
the tangent plane the herpolhode. 

The resulting motion is, in general, quite com- 
plicated except when the Poinsot ellipsoid is a 
surface of revolution. If the invariable plane were 
represented by a sheet of paper and if an ellipsoid 
given by Eq. (6) were constructed, coated with 
ink, and rolled on the paper holding center O 
fixed, the ink would trace out a herpolhode curve. 
On joining the fixed point O to all points on this 
curve, the space cone of the co vector would result, 
[n this way the motion of the rigid body under no 
moments can be visualized and represented. 

Tr.e.bo.I 

Bibliography: H. Goldstein, Classical Mechan- 
ics. 1950. 

Point 

In axiomatic geometry, iisuallv a completely unde- 
fined (primitive) element, although there are axio- 
mati/.alioiis of geometry in which those properties 
of “point" that are desired are given bv postulates. 
To illustrate: in a geometry in which line is a 
primitive element, points may be defined as classes 
of lines that conform to certain requirements (pos- 
tulates). In n-dimensional metric analytic point 
geometry, a point mav be defined as an ordered 
n tuple of numbers. In analytic projective point 
geometry of n dimensions, the introduction of the 
^o-called infinite or ideal points is accomplished by 
defirung a point as an ordered (n -j- 1 ) -tuple of 
mimliprs, not all zero, and identifying points 

. . . ,Xn,Xn^i). (yi,r 2 yn^yn.i) if and 

only ii Xt - p ’ with i = 1, 2, . . . , n + 1 and 
p 0. The ideal points are those (n -f 1) -tuples of 
numbers with the (u -h l)st one zero. See Ana- 

lYTlC GEOMETRY ; GEOMETRY, EUCLIDEAN. [L.M.BL.] 

Point source 

In discussing radiation, it is convenient to define a 
concept called the point source, that is, a source 
having definite position but no extension in space, 
h the radiation propagates in radially straight lines 
(or, which is the same thing, in spherical waves) 
honi the point source, conservation of energy de- 
niands that the intensity of the radiation decrease in 
direction inversely as the square of the distance 
^rom the source. No physical source is actually a 
i^iaihematical point, but for distances sufficiently 
|argc compared to the dimensions of the source, the 
inverse-square law may be a good approximation. 
Inverse-square law. [m.h.h.] 

Point-contact diode 

^ semiconductor rectifier using the barrier formed 
hetween a specially prepared semiconductor sur- 
face and a metal point to produce the rectifying ac- 
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tion. The contact is usually maintained by mechan- 
ical pressure, but in some instances it may be 
welded or bonded. The rectifying action implies 
that the resistance of the contact is significantly 
greater for one direction of applied voltage (re- 
verse direction) than for the other (forward direc- 
tion ) . 

Point-contact diodes have been widely used in 
radio and television, and most notably in computers 
and in microwave detectors and ultra-high- fre- 
quency mixers. 

Whenever a metal-semiconductor contact is made 
an elertriral barrier generally exists between the 
two. Only specially prepared ohmic contacts show 
no barrier. This barrier impede.s the flow of ma- 
jority carriers. (.See Semiconductor for a definition 
of majority carriers and a discussion of conductiv- 
ity type.) In an n-type semiconductor the majority 
electrons are immobilized by the barrier, and a bias, 
which renders the semiconductor positive with re- 
spect to the metal, repels the positive holes (elec- 
tron vacancies) in the metal. Very little current 
flows under this condition and the resistance is high. 
If the n-type semiconductor is negative with respect 
to the metal, most of the electrons are still immobi- 
lized by the barrier, but holes can now enter from 
the metal and a relatively large current flows, that 
is, low resistance is present. For a p-type semicon- 
ductor the barrier impedes holes, and the bias po- 
larities are reversed for the high- and low-resistance 
conditions. 

The small physical size of the point contact 
forces a high current density in the neighborhood 
of the point. The current distribution in the semi- 
conductor gives rise to a spreading resistance in 
-^ries with the barrier. The forward current is lim- 
ited by this resistance while the reverse current is 
limited hv the barrier. The spreading resistance 
steadily decreases with increasing forward current 
because oi heating and the injection of minority 
cairiers. See Transistor. 

In the reverse direction there is a breakdown phe- 
nomenon at relatively high voltages due either to 
heating or avalanching of the minority carriers 
passing through the high field barrier region. 

[l.p.hu.] 

Point-*contact transistor 

A transistor in which the emitter and collector con- 
sist of metal point contacts closely spaced on the 
surface of a block of semiconductor. The usual con- 
figuration is with bo^ points on the same surface 
and about 2 mils apart (see illustration), although 
good devices have also been made with the points 
on opposite sides oi a thin wafer of semiconductor. 

This type of transistor was the first transistorlike 
device invented. The most common type uses n-type 
semiconductor material, beryllium-copper emitter- 
point material, and phosphor-bronze collector-point 
material. In fabrication the surface of the semicon- 
ductor is carefully lapped and etched. The sharp 
points are mechanically iassembled with some spring 
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Point-contact transistor cutaway and characteristics. 


pressure against the surface. The collector point is 
electrically pulsed in the revet se-bias direction with 
sufBcient voltage and total energy to cause electri- 
cal breakdown. The point of contact is heated 
nearly to the melting point of the semiconductor. 
The pulse duration is a millisecond or less. The re- 
sult of this electric forming procedure is to in- 
crease the current multiplication factor a* of the 
collector point from something much less than unity 
to the order of 10.0. The injection efficiency y of 
the point emitter is about 0.3 and the transfer effi- 
ciency is about 1.0 so that the over-all current gain 
a of the device is 3.0. See Transistor. 

The electrical forming process, besides increas- 
ing Of*', also increases the collector barrier leakage 
current l^o that, at a collector voltage of 10 
volts, a typical point-contact device will draw 1 
milliampere in the absence of emitter current. This 
compares to 1 microampere for a junction transis- 
tor under the same condition. 

Point-contact transistors can be made with fre- 
quency ranges up to 100 megacycles and power rat- 
ings of 200 milliwatts. They can be used quite con- 
veniently for oscillators and flip-flops, because their 
a > 1.0 causes them to show a negative-resist- 


ance characteristic when the base is used as an 
input. They have not achieved widespread accept- 
ance because of the variability of their characteris- 
tics and because of their relatively high 7^^ 

|l-p.hu.J 

Bibliography: W. Shockley, Electrons and Holes 
in Semiconductors, 1950. 

Poison 

A substance which by chemical action and at low 
dosage can kill or injure living organisms. Broadly 
defined, poisons include chemicals toxic for anv 
living form: microbes, plants, or animals. For ex- 
ample, antibiotics like penicillin, although nontoxir 
for mammals, are poisons for bacteria. In common 
usage the word is limited to suh^ttances loxir (or 
man and mammals, particularly where toxicity is a 
substance’s major property of medical interest. Be- 
cause of their diversity in origin, chemistry, and 
toxic action, poisons defy any simple classifica 
tion. Almosl all chemicals with lecogni/ed physio 
logical effects are toxic at sufficient dosage. The 
same compound may be considered a drug or a poj 
son, depending on dosage, effeit, or intended use 

Origin and chemistry. Many poisons aie of njt 
ural origin. Some bacteria secrete toxic proteins 
(for example, hotiilinus, diphtheria, and tetanus 
toxins), among the most poisonous compound- 
known (.see Toxin, BAfTFRiAi ). Lower plants nolo 
nous for poisonous properties are ergot iCInvinps 
purpurea) and a variety of toxie mushrooms Frgol 
a fungal parasite of ^\e, has been the source ot nii 
meroiis epidemics of poisoning from the n«^c of 
contaminated rve flour. The fungus contains mans 
diffeient alkaloids, some of which are also useful 
drugs. Among the best known toxic mushrooms are 
the fly agaric {Amanita rnuscana) containing mus 
carine. and the destroying angel (Amanita phal- 
foidrs) whose toxic agents arc phalloidin and 
arninitin See Mushroom. 

Higher plants, which constitute the majoi natu- 
ral source of diugs, contain a great variety of poi 
sonous substances. Many of the plant alkaloids 
double as drugs or poisons, depending on dose 
These include edrare, quinine, atropine, mescaline, 
moiphine, nicotine, cocaine, picroloxin, strveh 
nine, lysergic acid, and nianv others. Some of the 
alkaloids were used ill classical antiquity f coniine 
was the toxic agent of the extract of spotted hem 
lock. Conium rnaculaturn, drunk by Socrates) 
Some are of prehistoric antiquity (quinine and cu- 
rare were used by South American Indians before 
the advent of Europeans) and some date from our 
earliest records of man (the opium poppy is 
lieved to have been cultivated in the Stone Age)- 
See Atropine; Cocaine; Morphine; Quinink. 

Poisons of animal origin (venoms) are similaf^V 
diverse. Toxic marine animals alone include exam- 
ples of every phylum from Protozoa (dinoflagel- 
lates) to Cho^datq^^ (a number of fishes)* Insects 
and snakes represent the known venomous 

land animals, but on lanl^^'JJtlijl^ll phyla inclufl« 
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poison-producing species. Among mammalian ex- 
ampies arc certain shrews with poison-producing 
^aiivarv glands. See Dinoflacellida. 

poi«^ons of nonliving origin vary in chemical 
complexity from the toxic elements, for example, 
the heavy metals, to complex synthetic organic 
[iiolfcules. Most of the heavy metals (gold, silver, 
niertMjry, arsenic, lead) are poisons of high po- 
[encv in the form of their soluble salts Strong 
j( ids or bases are toxic largely because of corro- 
sive local tissue injury; ingestion, for example, 
limes results in fatal perforation of the gas- 
trointestinal tract. Many other elemental sub- 
^tantes are toxic at low concentrations: selenium, 
heivlliiini, cadmium, manganese, phosphorus, and 
/in( In general, it may be anticipated that any 
(hemKallv reactive element is likely to be toxic to 
'udii unless it represents one of the bulk elements 
111 the body, in the ionic form in which it exists in 
the body. Na^, K', Ca^^, and Cl . for example, are 
reldfivcK nontoxic. 

riie (hernically reactive gases, hydiogen sulfide. 
h\dr()<yanic acid, chloiine, bromine, and ammonia 
ire also toxic, even at low concentration, both lie- 
idiisc of their corrosiveness and because of more 
'iihlle ( liemical inlerac tion with en/ymes or other 
(ell constituents. An example is the toxic action of 
(Adnicle ion, piobably explained bv its inactiva- 
tion of (vtochroine oxidase .Sec Cyiocuromi 

Many organic substances of synthetic oiigin arc 
liiglih toxic and represent a ma|oi source of in- 
duct? lal ha/aid. Most oiganic sol\<*nts aie more oi 
loxii on ingestion or inhalation F.tlianol is a 
reldlivcly innocuous exception, in part because 
I dilahle enzvriidtic leactions channel it into ma- 
I'rrioimal metabolic patlmays along which it c*an 
he oxidi/ed to products familiar to mammalian 
mcidholism, siic'h as acetate. Many other alcohols, 
Mich as methanol, are much more toxic. Many sol- 
vcril'' (for examfde, carbon tetrachloride, tetrachlo- 
ioc‘thcine. dioxane, and ethylene givcol), produce 
severe chemical injury to the liver and other viscera, 
Mimelinies from rather low dosage. With certain 
poisons of this group, a high degree of variation in 
individual susceptibility exists. 

Chemical correlations. Since poisons represent 
^ill chemical classes from the elements to complex 
dlkaloids and large proteins, general chemical con- 
‘^titution has no defining value for toxicity. How- 
wr, in limited instances chemical features corre- 
late with toxic action. Many of the chlorinated 
hydrocarbons, for example (carbon tetrachloride) 
have similar toxicity for liver, heart and kidneys. 
^ number of alkyl phosphates (diisopropylfluoro- 
phosphate, tetraethylpyrophosphate and related 
compounds) are very potent inhibitors of the en- 
^viue acetylcholinesterase and produce a consistent 
of physiological changes arising from the inac- 
tivaiion of this enzyme. A number of tertiary 
esters of aromatic acids (procaine, cocaine) 
’tre local anesthetics and also share marked cardiac 
and nervous system toxicity. The digitalis glyco- 


sides, all represented by steroids condensed with 
sugars and containing an additional lactone ring^ 
share many pharmacological properties, notabjj^^ 
characteristic effects on cardiac function whidli. 
make these drugs cardiotoxins at low concentra- 
tion. 

Physiological actions. The action of poisons is 
generally described by the physiological or bio- 
chemical changes which they produce. For most 
poisons, a descriptive account c'an be given which 
indicates what organic system (for example, heart, 
kidney, liver, brain, bone-marrow) appears to be 
most critically involved and contributes most to se- 
riously disordered body function or death. In many 
cases, however, organ effects are multiple, or func- 
tional derangements so generalized that a cause of 
death cannot be localized. 

Although a comprehensive list cannot be pre- 
sented here, some illustrations may be given. An- 
oxia, lack of oxygen for cellular respiration, can 
result from poisons acting at different sites. Phos- 
gene or other inhaled corrosive vapors may pro- 
duce massive flooding of the lungs with edema fluid 
and thus cause mechanical suffocation. Carbon 
monoxide acts by binding to hemoglobin with a 
much greater affinity than oxygen and so produces 
anoxia by interference with oxygen transport. 
Cyanide prevents tissue respiration at a terminal 
intracellular site by poisoning cytochrome oxidase 
which catalyzes the final step of oxygen utilization. 
Central nervous system depression, with coma and 
ultimate lespiratory and circulatory failure, re- 
sults from a large group of drugs* the general an- 
esthetics (ether, chloroform, cyclopropane, ethyl- 
ene), the barbiturates, the opium alkaloids 
.moiphine, codeine, and related compounds), and 
less regularly from many other poisons. Liver in- 
jury with jaundice (toxic hepatitis) is a prominent 
result of many poisons, characteristically the chlo- 
rinated hydrocarbons, elemental phosphorus, cer- 
tain heavy metals (arsenic, antimony, barium, cop- 
per) and a large diversity of organic compounds. 
Kidney damage results from many toxic chemicals, 
but is common after exposure to carbon tetrachlo- 
ride, mercuric salts, and ethylene glycol. Convul- 
sions, sometimes fatal, are a common response to 
acute poisoning by diverse agents, but are a par- 
ticularly characteristic effect of strychnine, atro- 
pine, ergot, alkyl phosphates, picrotoxin. cocaine, 
and certain snake venoms. Among the medically im- 
portant toxic agents are those that reduce or ex- 
aggerate effective transmission of the nerve impulse 
across synaptic junctions, especially in the auto- 
nomic nervous system. All such compounds, some- 
times called autonomic agents, act so as to mimic 
or to block the physiological effects of either of the 
two known neurohumoral transmitter substances of 
the motor branches of autonomic nerves, acetyl- 
choline and norepinephrine. See Acetylcholine. 

Poisons that act to exaggerate those physiologi- 
cal effects normally produced by acetylcholine re- 
lease include muscarine and pilocarpine. The anti- 
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Fig. 1. Acetylcholine cycle, the target of many poi- 
sons. The "anticholinesterase" poisons prevent the 
breakdown of acetylcholine by inactivating cho- 
linesterase (black). Botulinus and dinoflagellate toxins 
(gray) hinder the synthesis or the release of acetylcho- 
line. Curare and atropine make the receptor (hatched 
gray) less sensitive to the chemical stimulus. (Adapted 
from Scientific American, 1959) 

cholinesterases (neostigmine, physostigmine, and 
the alky] phosphates) have the same general phys- 
iological effects, although by a different mechanism. 
These compounds slow the heart, lower blood pres- 
sure, increase secretion of fluids into the respira- 
tory tract, and narrow the respiratory passages. 
Toxic doses may produce death by suffocation or by 
failure of the circulation. Poison.s that prevent 
acetylcholine from producing skeletal muscle con- 
traction are curare and a number of related syn- 
thetic compounds used in anesthesia (succinylcho- 
line, decamethonium ) . These drugs result in weak- 
ness of all voluntary muscle and may cause death 
through paralysis of respiratory muscles. Exag- 
geration of the normal effects of norepinephrine 
and epinephrine (adrenergic drugs) may produce 
tjangerously high blood pressure, rapid heart ac- 
tioji, and sometimes fatal disturbances of cardiac 
rbyiltm. See Epinephrine. 


Many normal functions (glandular secretion and 
contraction of voluntary and smooth muscle) de* 
pend on the cyclic release, breakdown, and resyn. 
thesis of acetylcholine at the endings of cholinergic 
(acetylcholine secreting) nerves. The aceompanv- 
ing illustration indicates the different ways in 
which several distinct poisons may interfere with 
the normal operation of the acetylcholine eyrie. In 
the acetylcholine cycle, an impulse reaching a 
nerve ending liberates acetylcholine which stimu- 
lates a receptor. The receptor is freed for further 
impulses by the enzyme cholinesterase, which 
breaks down acetylcholine into acetic acid and rho- 
line. These are resynthesized by other enzymes iniu 
new acetylcholine. 

Mechanism of action. More pi^cise understand- 
ing of the mechanism of poi.sons requires detailed 
knowledge of their action in chemical terms. Infor- 
mation of this kind is available for only a few com- 
pounds, and then in only fragmentary detail. Poi- 
sons that inhibit acetylcholinesterase have loxic ac- 
tions traceable to a single blocked enzyme rea(‘lion. 
hydrolysis of normally secreted acetylcholine. De- 
tailed understanding of the mechanism of chemi- 
cal inhibition of cholinesterase is not complete, hut 
allows some prediction of chemical structures likel> 
to act as inhibitors. 

Carbon monoxide toxicity is also partly under- 
stood in chemical terms, since formation of carhox- 
yhemoglobin, a form incapable of oxygen transport, 
is sufficient to explain the anoxic features of tox- 
icity. . 

Heavy metal poisoning in many cases is thought 
to involve inhibition of enzymes by formation of 
metal mercaptides with enzyme sulfhydryl groups, 
the un.suhstituted form of which is necessary for en- 
zyme action. This i.s a general reaction that niav 
occur with a variety of sulfhydryl-containing en- 
zymes in the body. Specific susceptible enzymes 
whose inhibition explains toxicity have not yet been 
well documented. 

Metabolic antagonists active as poisons function 
by competitive blocking of normal metabolic reac- 
tions (see Enzkme inhibition). Some antagonH'’ 
may act directly as enzyme inhibitors, others ma> 
be enzymatically altered to form derivatives which 
are even more potent inhibitors at a later meta- 
bolic step. An example of the latter is the biosyn 
thetic incorporation of metabolite analogs inl® 
much more complex molecules, particularly the in- 
corporation into nucleic acids of altered purine or 
pyrimidine bases such as B-azaguanine and S bro* 
mouracil, or the incorporation into proteins of al- 
tered amino acids such as p-fluoruphenylaIan>**** 
or 7-azatryptophan. 

A well-studied example of biosynthetic produf* 
tion of a highly toxic metabolic analog arose front 
studies of fluoroacetate, a toxic component e 
plants of the genus Dichapetedum. Fluoroacetate is 
enzymatically converted to fluorocitrate, 
reactions analogous to those normal steps 
from acetate to citrate^^||rhe fluorocitrate 
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Fig 2. Toxicity-rate scale of substances according to 
the size of the probable lethal dose. Many drugs fall 
into fhe highly toxic categories. Drawings suggest the 
fotol doses of water, whiskey, ether, aspirin, morphine. 


and cyanide, the last three depicted In terms of aspirin- 
sized tablets. The scale was suggested by Marion N. 
Gleason, Robert E. Gosselin, and Harold C. Hodge. 
(Adapted from Scientific American, 1959) 


from fliioroacetate is a potent inhibitor of aconi- 
tase, a citrate-utilizing enzyme in the tricarboxylic 
acid cycle, and this inhibition can explain the tox- 
luty of fluoroacetate. 

Where poison mechanisms are relatively well un- 
derstood it has sometimes been possible to employ 
rationdlly selected antidotes. Thus the clarification 
of arsenic as a sulfhydryl poison led to the intro- 
duction of the effective metal-poisoning antidote, 
dimercaptopropanol (British antilewisite). Knowl- 
edge of the physiology of anticholinesterase poi- 
sons has permitted the use of rational physiologi- 
cal antagonists of excessive cholinergic stimulation, 
Mich as atropine and curare. On a more chemical 
basis, recent studies of the enzymatic mechanism of 
cholinesterase have led to more direct antidotes 
(pvridine aldoxime methiodide and other oximes) 
the anticholinesterase poisons. These antidotes 
act by removing the inhibitor from the enzyme. 

It should be noted that for the great majority of 
poisons the mechanism of toxic action is not as well 
understood as in the selected examples above. In 
unlv a few cases are poisons known to act directly 
by altering enzyme function. Other poisons, proba- 
bly much more numerous, may involve reactions 
^ith less well-defined cellular components. 

Potency. The strength or potency of poisons is 
^ost frequently measured by the lethal dose, po- 
*ency being inversely proportional to lethal dose. 
Although killing dose represents a useful endpoint 
potency appraisal, much smaller doses of a 
poison may produce toxic changes in an or- 
8^niani. In estimating potency, a large test popula- 
should be used because of inherent individual 
^^nation in susceptibility. The relationship be- 
per cent of a population killed and dose of 
sometimes, but not often, conforms to a sym- 


metrical sigmoid curve representing the integrated 
or cumulative form of the bell-shaped Gaussian dis- 
tribution curve. From statistically treated dose- 
response data, the dose killing 50% of the sample 
population can be determined, and is usually desig- 
nated the MLD (median lethal dose) or LDno* 
This is the commonest measure of toxic potency, 
although for special purposes the lethal dose for 
other fractions of the population may also be used 
(for example LDio, LD^o)- The spread of the dis- 
tribution (for example dose difference between LDi 
and LD 99 ) is highly variable for different poisons 
and is of course also greatly influenced by the rela- 
tive heterogeneity or homogeneity of the test pop- 
ulation. See Lethal dose 50. 

Health aspects. The environment of civilized 
man abounds in toxic chemicals: drugs, industrial 
products, fuels, pesticides, and many common 
household products such as cleaning agents and 
paint products. Acute and chronic poisoning repre- 
sent an appr^iable public health hazard. In 1955 
approximately 8000 lives were lost from exposure 
to harmful chemicals, while the estimated number 
of nonfatal accidents was at least 1,000,000. Of the 
fatal cases of acute poisoning in 1955, approxi- 
mately half were suicidal and half accidental; 
homicidal poisoning represented less than 0.5% of 
the total. 

The multiplication of toxic chemicals in every- 
day use led, in 1953, to the establishment of infor- 
mation centers known as Poison Control Centers, 
which provide physicians with emergency telephone 
information concerning toxicity and antidotes for 
common poisons as well as for brand-named chwii* 
cal formulations. These services were greatly as- 
sisted by the publication in 1957 of a compilation 
by M. N. Gleason and coauthors of brand-named 



























iivitfa infoThiation as to ingredients and 
ctoantitative toxicity. The authors of this book also 
pmposed a useful scale of toxicity, here reproduced 
in modified form, with examples of specific toxic 
classes. See Toxicology. [e.ad.] 

Bibliography : L. T. Fairhall, Industrial Toxicol- 
ogy^ 2d ed., 1957; M. N. Gleason, R. E. Gos&elin 
and H. C. Hodge, Clinical Toxicology of Commer- 
cial Products, 1957; W. S. Spector, Handbook of 
Toxicology, vol. 1, 1956; W. F. Von Oettingen, Poi- 
soning, A Guide to Clinical Diagnosis and Treat- 
ment, 2d ed., 1958. 

Poison gland 

The specialized gJand of certain fishes (illustra- 
tion tf), as well as the granular and some mucous 
glands of many aquatic and terrestrial Amphibia 


poison glands unicellular glands 

/I // 



(a) 


opening of granular 

poison aland epidermis opening of 



(b) 

(a) Multicellular poison gland of catfish (modified from 
Reed), (b) Amphibion skin, generalized (modified from 
A, ft. Dawson and G. K. Noble). 

(illustration 6). The poison glands of fishes are 
simple or slightly branched acinous structures 
which use the holocrine method of secreting a 
mucuslike substance. The poison glands of snakes 
are modified oral or salivary glands. Amphibian 
glands are simple, acinous, holocrine, with granu- 
lar secretion. In some cases these amphibian poi^ 
son glands produce mucus by a merocrine method 


of secretion. These glands function as protebfi ‘ 
devices. See Epithelium; Gland. lots'll 

Poison ivy 

A general name applied to certain species of the 
genus Rhus, in the sumac family (Anacardiaceae) 
Rhus radivans is the poison ivy of eastern North 
America ; Rhus diversiloba is the poison oak of Cal 



Leaf of poison ivy. (L H Bailey, The Standard Cycio 
pedia of Horticulture, vol 3, Macmillan, 1937) 

ifornia These plants are natives of Norlh Ameiica 
Both (ause ivy poisoning, an annoying and often 
painful dermatitis 

Rhus radicans, the most wide-spread species, i<- 
extremely variable,^ has a bushy or climbing habit 
.3-folioJdte leaves which are smooth and glossy or 
hairy, entire, toothed or lobed. Poison ivy bear«^ 
white fruit which differs from the nonpoisonou^ 
siimars with their red fiuits. See HYPfcRsL^slTlVlTY, 
Sapinuales. fPDS| 

Poison sumac 

This plant, Rhus vernix, is a member of the siimai 
family ( Anacardiaceae) It is an inhabitant of 
swamps ranging from Quebec to Minnesota, and 
southward to Florida, Louisiana, and Texas. It is a 
tall hush or small tree bearing pinnately compound 
leaves with 7-13 entire (without marginal teeth I 
leaflets, and drooping, axillary clusters of perfii‘^1 
ing, white fruits. Like poison ivy, this plant is poi 
sonous to touch, causing in many persons a seveK 



Poison sumac, Rhurwernix. (L H. Bailey, The 
Cyclopedia of Horticulture^ vol. 3, Macmillan, 1^3 



(linunation of the skin, or dermatitis. The pres- 
® of white fruiU separates this species from the 
'"npoisonous sumacs with their red fruits. See Hy- 
Jwsensitivity; Sapindales. [p.d.s.] 

Poisonous plonts 

Almost 4()0 species of vascular plants, representing 
70 families, have been listed as poisonous plants 
occurring in the United States. About 100 of these 
species cause dermatitis. Among these are such 
common plants as poison ivy, Rhus radicans; poi- 
son sumac, Rhus vernix; and vipers bugloss, 
Ichitm vulgare {see Poison ivy; Poison sumac). 
Plants representing nearly a score of species pos- 
ies'* spines, thorns, or fruits having sharp awns, 
which often cause injury to animals. See Fruit 
I botany); Stem (botany). In addition to these 
are many other species more appropriately cata- 
lopueil as poisonous plants because they contain 
toxic principles which initiate pathological condi- 
tion*? in animals. 

.Sixteen species are known to cause hydrocyanic 
poisoning. In this group are species of the genera 
Sorghum and Pr units. Wild cherry, Prunus sero- 
linn , is the most poisonous, and wilted leaves of 
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this plant contain the greatest amount of the toxic 
glucoside, amygdalin, which, when broken down by 
enzyme action, produces the lethal hydrocyanic 
acid. Symptoms of poisoning are staggering, con* 
vulsions, difficult breathing, bloating, and subse- 
quent death, usually within an hour after eating 
the leaves. 

In western North America, the two genera 
Astragalus and Oxytropus contain about 100 spe- 
cies, many of which are poisonous. In reference to 
the crazed reactions of the poisoned animals, these 
plants are called “loco weeds,” the word loco, of 
Spanish origin, meaning crazy. The animal loses 
niuscular control, appetite, flesh, and ultimately 
dies. Death camass, any one of a half-dozen speedes 
of the genus ZygadenuSy is another lethal stock- 
poisoning plant of western North America. The 
toxic principle, consisting of one or more alka- 
loids, causes salivation, nausea, vomiting, stagger- 
ing, difficult breathing, and sometimes a state of 
coma which may persist for days, followed by 
death. 

Water hemlock, Cicuta maculata, and several 
other species of this genus contain a resinlike sub- 
stance, cicutoxin, found chiefly in the roots or root- 
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Poisonous plants. (Adapted from material in Webster's 
International Dictionary, Second Edition, copy- 



belladonna henbane 

right 1934, 1939, 1945, 1950, 1953, 1954, 1957, 
1959 by G. and C. Merriam Co.) 
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which is a lethal poison. See Root (hot- 
a^fY).. The symptoms in man and animals are 
similar: nausea, vomiting, difficult breathing, and 
violent convulsions, ending in death caused by re- 
spiratory failure. Poison hemlock, Conium macula- 
turn^ contains in its fruits and leaves a volatile 
alkaloid, coniine, which causes a gradual lessening 
of muscular power, a rapid feeble pulse, and grad- 
ual lung paralysis resulting in death. See Leaf 
(botany). Pokeweed, Phytolacca americana, has 
a poisonous root containing a toxic alkaloid and a 
glucoside which resembles a saponin. The seeds 
apparently contain these same poisons. See Seed 
(botany). Symptoms of poisoning are vomiting, 
purging, spasms, and sometimes convulsions which 
lead to ultimate death caused by paralysis of the 
respiratory organs. 

Plants containing the toxic alkaloids hyoscya- 
raine and hyoscine are henbane, Hyoscyamus 
niger; belladonna, Atropa belladonna; limson 
weed. Datura stramonium; and matrimony vine, 
Lycium halimifolium. Symptoms of poisoning are 
headache, dizziness, nausea, great thirst, failure of 
vision, and in the worst cases, mania, convulsions, 
and death. In this same family are several species 
of the genus Solanum, including European bitter- 
sweet, S. dulcomara, and black nightshade, S. ni- 
grum^ which contain the alkaloidal glucoside sola- 
nine. Solanine poisoning, in its commonest form, 
produces symptoms of narcosis and paralysis. In 
gastric poisoning, it causes salivation, vomiting, 
bloating, and diarrhea. 

Certain species of monkshood, A conit um^ con- 
tain the alkaloids aconitine and aconine in all parts 
of the plant but particularly in the roots and seeds. 
These toxic principles cause muscular weakness, 
difficult breathing, weak pulse, and bloating. Poi- 
soned horses and sheep often recover. A number of 
species of larkspur. Delphinium^ contain several 
toxic alkaloids which cause animals to Jose appe- 
tite, to stagger, and in severe cases, to fall and lie 
with legs rigidly extended. Mayapple, Podophyl- 
lum peltatum^ contains a bitter, resinous, toxic 
substance, podophyllin, but because of the bitter 
taste, these plants are seldom eaten in amounts 
that are harmful to stock. 

Sheep laurel, Kalmia nngustifolia^ and other spe- 
cies of this genus contain the toxic principle an- 
dromedotoxin which poisons sheep, goats, horses, 
and cattle. It causes salivation, increased nasal 
secretions, emesis with convulsions, and subse- 
quently paralysis of the limbs. Animals may re- 
main ill for 2 or more days and then recover. 

Oleander, Nerium oleander, introduced in the 
southern United States as an ornamental shrub, 
contains two glucosides having properties similar 
to those of digitalis glucosides. Sheep, goats, 
horses, cattle, and poultry have been poisoned by 
eating the leaves. Symptoms of poisoning are nau- 
sea, vomiting, colic, vertigo, drowsiness, slowing 
of pulse, irregular heart action, bloody diarrhea, 
unconsciouaness, respiratory paralysis, and finally 
death. 


Various grasses including rye, barley, and ooca- 
sionally wheat sometimes become infected with 
fungus, Claviceps purpurea (see Fungi), In the 
heads of such grasses, whole grains arc replaced 
by dark, hard, cylindrical bodies called ergots 
which eventually function in reproduction of the 
fungus. Ergots are poisonous to stock and if per- 
mitted to eat infected plants, either in pasture or 
in hay, the animals develop a diseased condition 
becoming emaciated and often covered with sorej 
In the worst cases, portions of their tails or earn 
may he sloughed off. In females, abortion may or- 

^-ur. [ P.D j 

Bibliography: W. C. Mqenscher, Poisonous 
Plants of the United States, 2d ed., 1951. 

Polar meteorology 

The application of meteorological principles to a 
Mudy of atmospheric conditions in the earth’s high 
latitudes or polar cap regions, northern and south 
ern. These zones develop distinctive atmospheric 
character basically because of the obliquity of sun 
rays and the alternation of long periods of dark 
ness and daylight (see (tEOGraphy, mathfm\ii 
cal). Although solar radiation or its absence give'' 
to the polar atmosphere its strongly contrasijnp 
winters and summers, other phenomena exert im 
portant influences. These include elevation, the na 
tiire of the earth’s surface (soil, water, thin sno>^ 
thick ice), the size of continents and oceans, and 
their location with respect to circulation patterns 

Winter. During dark low-sun or winter season^ 
the absence of lhej(Cun permits cooling of the siiovn 
surface and overlving atmosphere. The earth's sur 
face, because it is essentially a giay- or black-bod\ 
radiator, cools more rapidly than the atmosphere 
This causes the characteristic polar temperature 
Inversion or temperature increase with height In a 
sunless, cloudless atmosphere the extent of tern 
perature inversion depends on the relative magin 
tude of compensating nonradiative heal fluxes 
principally turbulent transfer of heat in the air and 
heat conduction in the snow. 

Surface temperature. Rapid changes as well 
extremes are characteristic. At the South Pole on 



Fig. 1 . The angular relationship between the direction 
of the sun’s energy and the earth’s surface 
during the year. Note the reversed of winter’s predo^^ 
inant darkness, os ogainst the summer*! lang hours 
daylight, in northern and southern polar regi^ 





Fig. 2. Thft oblique ray A characteristic of polar re< 
gions delivers less energy ot the earth's surface than 
the vertical ray B because its energy is spread over 
0 lorger surface and because it passes through a 
thicker layer of absorbing and reflecting atmosphere, 
which diminishes its energy. 

May 11, 1957, a surface temperature of — 101.5®F 
observed with clear skies, a 5-mph wind, little 
compen<^ating heat conduction, absence of sunlight, 
and an inversion of 60° in 2500 ft. However, when 
a warmer cloud layer moved in, its downward radi- 
ation warmed the surface 16“ in 3 hours. 

In the northern polar region, lowest winter tem- 
peratures are less coincident with the pole. When 
appreciable heat conduction from below is avail- 
able to compensate for the radiative loss, as in the 
Arrtic Basin, surface temperatures do not fall to 
(he low values observed over adjacent continents. 
The lowest temperatures in the Northern Hemi- 
''Phere are observed at such continental locations 
a" Verkhoyansk (— 90®F) in northeastern Siberia. 
Much farther north, in the Arctic Ocean Basin, the 
!owe«5t temperature in the pack ice is only —62“ F, 
and on the thicker Fletcher’s Ice Island, a slightly 
lower —65 °F. 

Continental and marine areas differ in tempera- 
ture regime. The annual march of temperature of 
a continental polar atmosphere has a sharp mini- 
usually one month after the winter solstice, 
^n contrast, the atmosphere over the oceanic Arctic 
^asin and the Canadian Archipelago has a fiat win- 
ter minimum of several month’s duration during 
there may be several minor minima and 
tttaxima. Surprisingly enough, these flat winter 
arc also found in the decidedly nonmari- 
interiors of Greenland and Antarctica. Ap- 
parently compensating advection of warmer air 
trom the nearby oceans is responsible and this ap- 
pears to affect the smaller continental areas, such 
*8 Antarctica and Greenland, much more readily 
than the northern interiors of the larger conti- 
"ews of Asia and North America. 

^Qter vapor and precipitation. Low atmospheric 
^^Q^perature decreases water evaporation so that 
precipitation is meager and fog infrequent. How- 
ler, where there is open water or artificial release 
^ ®®Pious water vapor at a temperature below 
shallow fogs of minute ice crystals form. 
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At the South Pole less than 3 in. of water-equiva* 
lent accumulates in one year, but the lack of evap- 
oration or runoff enables the build-up of ice, thou- 
sands of feet thick over the years. 

Upper air patterne. Above the shallow surface 
inversion, air temperature decreases with height 
until the tropopause is reached. If the lower strato- 
sphere is warm, —60 to — 75“F, then the tropopause 
inversion is quite sharp. But if the stratosphere is 
cold, —90 to — 110“F, the tropopause may become 
ill defined. This disappearance of the winter tropo- 
pause was once thought to be characteristic only of 
the Antarctic atmosphere, but it is now observed 
when cold, intense cyclones are present in the Arc- 
tic stratosphere. High-ranging radiosondes some- 
times show what appears to be another tropopause 
near 18 km. See Tropopause. 

In both polar stratospheres a strong horizontal 
temperature gradient usually extends across the 
twilight zone, which in turn causes a strong wind- 
jet, called the polar-night jet. In the Arctic the 
degeneration of this jet from a quasi-zonal flow to 
a meandering, eddying flow often occurs before 
return of the sun and may result from the large 
continental-oceanic contrasts in the Northern Hemi- 
sphere. This eddying motion, which is associated 
with marked warming, also redistributes the ozone 
created in the lower stratosphere by the action of 
solar ultraviolet radiation on atmospheric oxygen. 
In contrast, the Antarctic stratospheric jet does 
not change its zonal character or undergo signifi- 
cant wanning until the return of the sun. 

Summer. The return of the sun’s rays to polar re- 
gions profoundly changes the temperature, cloud, 
and wind regimes. The most rapid heating occurs 
in the lower stratosphere where the solar ultra- 
violet radiation is strongly absorbed by ozone. In 
Antarctica the stratospheric heating is so rapid 
that in two months the winter pattern of strong 
poleward temperature decrease is reversed. Conse- 
quently the intense polar cyclone, with central 
temperatures near — 110®F, often becomes a weak 
anticyclone with central temperatures near — 40®F. 

Because of the high albedo, or reflectivity, of 
snow to solar radiation (80-90% of the incident 
radiation), the amount of absorbed radiation is 
small, but gradually the returning sun weakens and 
obliterates the surface inversion. In continental 
areas where the snow mantle is thin the snow soon 
melts and exposes the bare ground, which then ab- 
sorbs practically all of the incident radiation and 
rapidly warms to temperature values of middle 
latitudes. In the Arctic, pack ice melts conaider- 
ably (asanuch as 3 feet), open-water leads appear^ 
and the albedo decreases to almost 50%. Arctic 
air temperature remains near 32“F; but the in- 
creased supply of water vapor from evaporation 
encourages formatioh of low stratus cloud and fog. 
In Antarctica, away from exposed mouiitams, 
rocks, and other dark surfaces, there is very' little 
snow melt or evaporation. Hence albedo remains 
high, and weak surface inversions may be lound 
even in summer. Fog and stratus clouds are more 
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frequenl in isoastal areas where moist maritime air 
moves in and is cooled from below. 

tfiflumoN^ of polar air masses. In winter and 
summer, polar air masses play an important role in 
the general circulation of the atmosphere. They 
move equatorward into and through middle lati- 
tudes in sporadic impulses to help equalize the 
irregular distribution of solar heating over the 
earth. These outwardly moving polar air masses 
contribute greatly to the diversity of air, turbulence, 
and storms which mark the weather and climate of 
many parts of the middle latitudes. See Air mass; 
Front; Storm. . [h.we.] 

Bibliography \ T. F. Malone (ed,), Compendium 
of Meteorology, 1951; M. P. van Rooy (ed.). Mete- 
orology of the Antarctic, 1957. 

Polar molecule 

A molecule possessing a permanent electric dipole 
moment. Molecules containing atoms of more than 
one element are polar except where forbidden by 
symmetry; molecules formed from atoms of a sin- 
gle element are nonpolar (except o/one). See Di- 
pole MOMENT. 

The dipole moments of polar molecules result in 
stronger intermolecular attraction, increased vis- 
cosities, higher melting and boiling points, and 
greater solubility in polar solvents in comparison 
with nonpolar molecules. 

The electrical response of polar molecules de- 
pends in part on their partial alignment in an elec- 
tric held, the alignment being opposed by thermal 
agitation forces. This orientation polarization is 
strongly temperature dependent, in contrast to the 
induced polarization of nonpolar molecules. See 
Dielectric constant; Firroelfctrics; Moci-ru- 

LAR structure AND SPECTRA; POLARIZATION (DI- 
ELECTRICS). [r.d.w.] 

Polar navigation 

The complex of navigational techniques modified 
from those used in other areas to suit the distinctive 
regional character of polar areas. Although polar 
navigation has become routine to a rising number 
of navigators operating in and through such high- 
latitude parts of the world, their success continues 
to be based on a sound grasp of the regional differ- 
ences and the developing adaptations of naviga- 
tional principles and aids to suit these peculiar 
area needs. This article therefore singles out salient 
physical differences, from those of other areas, 
which demand navigational modifications and re- 
lates them to the best known special techniques 
and applications. 

Coordinates, directions, and charts. In polar re- 
gions, the meridians radiate outward from the 
poles, and parallels are concentric circles. Thus, 
the rectangular coordinates familiar to the naviga- 
tor accustomed to using the Mercator projection 
are replaced by polar coordinates. A rhumb line is 
of little use in high latitudes. The usual significance 


of direction decreases as latitude increases, 
appearing at the poles, where all directions are 
south (or north). 

Polar navigational grid. For navigational pur. 
poses it is convenient to restore rectangular coordi. 
nates. This is done by placing a series of parallel 
lines on the chart, and letting them represent fic. 
titious meridians. This is called a navigational grid 
Generally, these lines are parallel to the Green- 
wich meridian, and grid north is taken as north 
along this meridian, as shown in Fig. 1. In this way, 
grid and true directions near the poles are inter- 
converted by the addition or subtraction of longi- 
tude. Variation of the compass (magnetic declina- 
tion) is replaced by grid variation, or grivation, 
which is the angle between a magnetic meridian 
and a grid meridian. Thus, grid and magnetic direr- 
tions are interconverted by the addition or subtrac 
tion of grid variation. 

Selection of chart projection. As latitude in- 
creases, the Mercator chart so familiar to the ma 
rine navigator of lower latitudes becomes of de 
creased utility. In subpolar regions — roughly in the 
area between the 60 and 70° parallels of latitude 
— the Lambert conformal projection is used in 
creasingly for nautical charts. In higher latitudes 
both nautical and aeronautical charts are generally 
on a polar projection. The polar steieographic and 
transverse Mercator projections are used mo^i 
commonly, but the modified Lambert conformal 
(Ney’s), polar gnomonic, and polar azimuthal equi 
distant projections are also used. See Map pro 
jections. ^ 

Light conditions. At the poles, the day and year 
become synonymous as regards the proportion of 
daylight to darkness. The duration of twilight is 
lengthened proportionately, lasting several weeks 
About 32 hours elapse from the time the lower 
limb of the sun touches the horizon until the 



FIq, 1. A polar st^oographic gr||^lo with a 
grid ovorprint. 


-pper limb dUappem at Bunael, during which time 
llicsuti travels 1% times (480®) around the horizon. 
The period of several days that occurs each spring 
jnd autumn when the sun is below the horizon but 
too close to it for other celestial bodies to be visible 

a critical time for navigation, because of the 
great dependence upon celestial bodies for both 
position and direction determination. 

^Celestial sphera and time patterns. The diurnal 
motion of celestial bodies is essentially horizontal. 
Half of the celestial sphere is always visible at each 
pole, and the other half is always below the horizon. 

Tune loses its usual significance in regions 
where all time zones come together. The time of 
any zone would be about equally satisfactory. It is 
common practice to keep Greenwich mean time. 

Meteorological factors. Temperatures are gener- 
ally low, but not as low as might be supposed. It is 
[rue that the coldest atmospheric temperatures re- 
corded have been on the Antarctic continent, but 
temperatures at the North Pole are never as low as 
some recorded in Yellowstone National Park. Al- 
though few places in Antarctica ever get above 
freezing, much of the Arctic does so regularly each 
summer. A temperature of 100° F has been recorded 
rn the Arctic Circle. 

The polar air is relatively dry, but because of the 
low prevailing temperatures, fog and clouds are 
common. Visibility may also be limited by blowing 
snow. In most parts of the polar regions, precipita- 
tion IS so light that these areas are sometimes 
classed as deserts. Nevertheless, over much of both 
polar areas the ice does not completely melt during 
the summer, and large quantities of ice are left 
both on the land and in the sea. When there is no 
fog, the atmosphere is exceptionally clear. In the 
clear, cold air of polar regions sounds travel great 
distances. It is not unusual to hear the bark of a 
dog 10 miles away. 

The strongest surface winds in the world are 
probably encountered in certain regions of Antarc- 
tica, where speeds of more than 200 knots are not 
unusual. Over the Arctic Ocean, however, strong 
ivinds are not encountered except in some regions 
near land. 

The conditions described are primarily responsi- 
He for the differences between navigation in polar 
regions and elsewhere. There is no well-defined line 
H demarcation between polar regions and sub- 
polar regions, nor is there universal agreement as 
^0 the definition of polar regions. For the purposes 
uf this discussion, however, the parallel of latitude 
can conveniently be used as a general dividing 
Polar grid navigation is usually limited to the 
^ihtudes poleward of this parallel. 

Piloting hazards. Piloting in polar regions 4^ 
strongly affected by the absence of any great num- 
^ of aids to navigation. Also, natural landmarks 
not be riiown on the chart, or may be difficult 
^ identify. The appearance of some landmarka 
markedly under different ice conditions, 
snow covers both the land and a wide ice 
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foot atUdhed to the diore and extending for miles 
to seaward, even the shore line is difficult to locate. 
Adjacent islands sometimes merge together as the 
straits between them fill up completely with ice. 
Along a rugged coast such as that of much of 
Greenland, snow-covered headlands may look alike. 

Unreliability of charts. Charts of polar regions 
are less reliable than those of other regions, be- 
cause relatively little surveying has been done in the 
polar areas. Attempts to fix the position of a craft 
can be discouraging when the various landmarks 
used are not charted in correct position relative to 
each other. Marine navigators sometimes plot posi- 
tions relative to land known to be shown in the 
wrong place, rather than in the correct geographical 
positions, because it is the land and its attendant 
shoals that constitute danger to their vessels. 

Because relatively few soundings are shown on 
charts, ships entering harbors often send small 
boats ahead to determine the depth of water avail- 
able. The polar marine navigator finds a knowledge 
of geology useful in predicting safe areas and those 
in which rocks and shoals might be encountered. 
Ice concentrations and movement may also be an 
indication of relative depth of water. 

Limitations of electronic applications. Elec- 
tronic aids are not abundant in polar regions. Loran 
coverage extends to some parts of the Arctic. Radar 
is useful, but experience in interpretation of the 
scope in polar regions is essential for reliable re- 
sults. This is particularly true in aircraft, where 
the relative appearance of water and land areas of- 
ten reverse in winter and summer. Hummocked ice 
presents a different appearance from unbroken ice. 
A radio direction finder is useful, when radio sig- 
nals are available. Except along the northern coast 
of the U.S.S.R., few radio beacons are available. The 
use of electronics in polar regions is further re- 
stricted by magnetic storms, which are particularly 
severe in the auroral zones. 

Difficulties of dead reckoning. Reliable dead 
reckoning depends upon the availability of accurate 
measurement of direction and distance (or speed). 
There are difficulties in meeting these require^ 
ments in polar regions. See Dead reckoning. 

Compass iimitations. Direction is measured 
largely by a compass. The compasses in common 
use are the magnetic, in which the directive ele- 
ment attempts to align itself with the horizontal 
component of the earth^s magnetic field, and the 
north-seeking gyro, in which the directive element 
attempts to align itself with the earth's axis of rota- 
tion. The magnetic compass becomes unreliable in 
the vicinity of the magnetic poles of the earth, and 
the north-sreking gyrocompass becomes unreliable 
in the vicinity of the geographical poles of the 
earth. The magnetic and geographical poles are 
both in high latitudes, and the areas in which the 
compass errors are large and somewhat erratic 
overlap. In these areas frequent checks and com^ 
parisons are needed. The directional gyro is widely 
used in aircraft operating in polar regions but 
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Fig. 2 An ostrocompass. 

is not in general use aboard ship. See Aircraft 
COMPASS system; Gyroscope. 

Celestial determination of direction. Direction 
can be determined by means of celestial bodies, but 
this is usually an instantaneous indication used to 
check the compasses, unless a device equipped with 
a clock mechanism is used to provide more continu- 
ous information. Several types of devices have been 
developed to facilitate the use of celestial bodies 
for determination of direction. The oldest is the sun 
compass, which utilizes the shadow of a shadow 
pin, or gnomon, and a suitable dial. This, of course, 
will not operate unless the sun is visible. A sky com- 
pass indicates direction of the sun by means of 
polarized light in the sky when the sun is near the 
horizon, even though it may be below the horizon or 
otherwise obscured. This device may offer the only 
means of determining direction during the brighter 
part of the long polar twilight. A Canadian version 
is called a twilight compass because of the princi- 
pal period of its use. An astrocompass, shown in 
Fig. 2, can be set for the coordinates of any 
celestial body and the latitude of the observer, 
and then gives an indication of azimuth, true 
north, and heading. 

Distance or speed problems. Such measurement 
in polar regionis presmits no problems in aircraft 
When ships operate in ice, however, the sensing 
element in the water may be adversely affected or 
damaged by the ice. A method of determining speed 
or distance diat has proved successful has been to 
track an iceberg or other prominent feature^ either 
visually or by radar. If the feature is stationary, as 


a grounded iceberg, the result is speed or disis^ 
over the ground. ^ 

At best, dead reckoning is difficult aboard a shi 
operating in the ice, not only because of the diffi. 
culty encountered in measuring course and speed 
but also because neither of these may be constant 
for very long. Land ice which flows down to the 
sea and breaks off in the form of icebergs or ice 
islands is not usually a problem, and may even 
prove beneficial. Its use as an aid in the determina- 
tion of speed has been mentioned. Individual pieces 
are usually so large they move with deep-water 
currents, often in a direction differing from that of 
the sea ice, which moves mainly in the direction the 
wind blows. Thus, an iceberg n^ght clear a path m 
the desired direction of motionr^One precaution is 
essential, however. It is dangerous to approach 
close to an iceberg, both because of possible under 
water rams which might extend out for some dis 
tance from the berg, and also because it is not un 
common for an iceberg to acquire unstable equilib- 
rium, because of uneven melting, and capsize 

Ice formed at sea, called sea ice, is seldom an 
unbroken sheet over any very large area. The un 
equal pressure exerted by tides, currents, winds 
and temperature changes produce stresses that 
break the ice and move different parts of it relative 
to each other, producing leads, long cracks that 
have opened wide enough to permit passage of a 
ship; polynyi, large areas, other than leads, rda 
lively free from ice; or pressure ridges, ridges of 
ice piled up wher^wo floes have come together un 
dcr pressure. See Sea ice. 

A large field of floating pieces of ice which have 
drifted together is called the pack. If this is rela 
lively loose, as shown in Fig. 3, a ship, skillfully 
handled, can negotiate it. If it is packed tightly 
under pressure, however, it is best avoided. 

Successful negotiation of pack ice is the result 
of working with, not against, the pack, seeking out 
weak spots, ramming when appropriate, and re 
treating at other times, taking advantage of leads 
and polynyi, and avoiding heavy pressure that might 
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,top ih® vessel or crush it. It is usually considered 
to keep moving in the general direction de- 
^ire<l than to risk complete stoppage with possible 
damage by staying exactly on the desired course. 
All this, plus a lack of detailed information on cur- 
rents, with little opportunity to acquire it, makes 
niarinc dead reckoning difficult in polar regions. 

Celc'^tial navigation is of great importance in 
polar regions, often providing the only means of 
determining position accurately, or establishing a 
directional reference. 

Celestial navigation problems. In aircraft, the 
u-^e of a sextant is the same as it is in other lati- 
tudes. Aboard ship, a marine sextant can be used 
\^hen celestial bodies and a horizon are both avail- 
able. an occurrence more frequent in most ocean 
areas at lower latitudes. Since the pack smooths the 
<;ea, resulting in very little rolling or pitching of a 
«<hip operating in ice, some marine navigators have 
found an artificial-horizon sextant of the type car- 
ried in aircraft useful. If the acceleration error is 
too great aboard ship, observations from a nearby 
ire cake may be possible. 

When operating in lower latitudes, navigators 
cenerallv avoid observation of bodies near the hori- 
zon ])ecause of the uncertainty of the refraction 
correction there. In polar regions, even though re- 
frarlion is more uncertain, navigators often have no 
choice Near the equinoxes the sun may he the only 
b(»dv available for several weeks, and it remains 
(lose to the horizon. Under these conditions, the 
navigator observes the sun and makes the most of 
the information he has, usually with satisfactory 
results. 

During the polar summer, the sun is often the 
<uil\ celestial body available. The moon is above 
the horizon half the lime, but is in a favorable posi- 
tion relative to the sun during relatively few days 
each month. When only one body is available, it is 
(•bsprved at frequent intervals, perhaps hourly, and 
a ‘series of running fixes is plotted. 

Timing of celestial observations is less critical in 
polai regions than in lower latitudes because ap- 
parent motion of the bodies is nearly horizontal. A 
relatively large error in longitude, the effect of an 
prror in time, is a relatively small error in miles in 
an area where the meridians are close together. 

Sight reduction in polar regions is not attended 
hv any unusual problems. The same methods in 
<'oni!non use in lower latitudes are used in polar re- 
R»ons. Simplified tables might be prepared, but 
ihev are generally avoided in favor of familiar 
tnpthods. See Celestial navigation; Navigation; 
*^»lotinc. fA.B.M.] 

^bibliography: N. Bowditch, American Practical 
Navigator ^ U.S. Navy Hydrographic Office, H.O. 9, 
^958; U.S. Navy Hydrographic Office, Air Naviga- 
H.O. 216, 1955. 

^lar triangle 

The poles of a great circle on a sphere arc the 
Points of the sphere where a perpendicular to the 
of the great circle at its center cuts the 
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sphere. To obtain the polar triangle oi a spherical 
triangle ABC (see Trigonombtrx, srHERiCAL), 
construct on its sphere three great circles having 
respective poles A^ B, and C. Two great circles, one 
having B and the other C as poles, intersect in two 
points on opposite hemispheres defined by the great 
circle through BC. Denote by A' the point lying on 
the same hemisphere as A, Locale B' and C' by a 
like procedure. The spherical triangle A'B'C' is the 
polar triangle of ABC, In geometry it is shown 
that if one spherical triangle is the polar of a sec- 
ond, then the second is the polar of the first. Also, 
if the triangles are lettered in the conventional 
way, then 

= C' -f c « 180 ® 

[l.M.K.I 

Polar wandering 

The large-scale secular movement of the terrestrial 
poles; the fact of such movement, though based on 
certain evidence, remains speculative. Such motion 
is in addition to the small-scale, 14-month cyclic 
variation (Chandler motion). See Geodesy. 

Considerable scientific evidence points toward a 
relationship between possible polar migration and 
motion of the earth's subcriistal mantle with re- 
spect to the earth's heavy core. If the earth’s rigid 
shell or its various blocks were to “glide” on the 
moving material beneath, the shell would yield 
and adjust to changes in the direction of the polar 
axis. 

Scientific discussion has been animated over the 
theory of westward drift of the New World conti- 
nents in relation t<> the Old World continents as in- 
troduced by A. Wegener in the 1920s (as also in 
ocean basin formation, see Submarine topogra- 
phy). Many scientists now feel that the rate of 
such drift must be many times smaller than assumed 
by Wegener. Some believe that it is almost a proved 
fact that the Atlantic Ocean basin will become 
broader — whether from westward drift of the New 
World continents, from the Old World continents 
moving eastward, or from both moving eastward 
but at a higher rate eastward for the Old World 
continents. To many the last seems most likely and 
fits theories of adjustment to internal convection 
movements and to shifts in polar axis. 

Other conditions contribute more or less directly 
to the concept of polar wandering. Vertical and 
horizontal shifts in continental and oceanic blocks 
may be in some circumstances not only an adjust- 
ment to ..shifts in polar axis but also contribtite to 
further (shifts in the axis. The polar-flight theories 
of centrifugal force tending to bring the continental 
shields toward the Equator appear to Icu^k suffi- 
cient force to cause axial lifting. Theories of In- 
ternal movement, however, do allow reasonable ex- 
planations for growing divergence, from an earlier 
coincidence, in position between magnetic and geo- 
graphic poles. Relative deformation in the mat^al 
between the crust and core can also explain sev- 
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era! characteristi<^8 of the earth^s magnetic field, 
such as the north drift and counterclockwise rota- 
tion of India relative to the poles. Studies in ge- 
ology and rock magnetism give evidence of past 
differences in location of the magnetic poles and 
of possibilities for location of the poles — for ex- 
ample the North Pole in Alaska during the Tertiary, 
and during earlier geological times in India, as Ven- 
ing Meinesz assumes {see Rock magnetism). 
However, observation and analysis of present data 
are insufficient to warrant considering that the hy- 
pothesis of polar wandering is completely estab- 
lished. For a discussion of nutational wandering of 
the terrestrial pole, see Nutation (astronomy and 
mechanics). fw.A.H.J 

Polar-coordinate navigation systems 

Systems in which one or more signals are emitted 
from a facility (or co-located facilities) to produce 
simultaneous indication of bearing and distance, 
also called Rho-theta systems. Since a bearing is a 
radial line of position and a distant'e is a circular 
line of position, the polar-coordinate system always 
insures a position fix produced by the intersection 
of two lines of position which are at right angles to 
each other. Since the reference for both lines of 
position is at a common origin, computation for any 
course referred to this origin is simplified. See 
Navigation systems, electronic. [p.c.s.J 

Polarimetric analysis 

A method of chemical analysis based on the optical 
activity of the substance being determined. Opti- 
cally active materials are asymmetric, that is, their 
molecules or crystals have no plane or center of 
symmetry. These asymmetric molecules can occur 
in either of two forms, d- and called optical iso- 
mers. Often a third optically inactive form, called 
meso, also exists. Asymmetric substances possess 
the power of rotating the plane of polarization of 
plane- polarized light. Measurement of the extent 
of this rotation is called polarimetry. Polarimetry 
is applied to both organic and inorganic materials. 
See Optical activity. 

The extent of the rotation depends on the char- 
acter of the substance, the length of the light path, 
the temperature of the solution, the wavelength of 
the light which is being used, the solvent (if there 
is one), and the concentration of the substance. In 
most work, the yellow light of the D line of the so- 


dium spectrum (5893 A) is used to determine the 
specific rotation. 


Specific rotation * [a]U^ 


Ip 


where a is the measured angle of rotation, / the 
length of the column of liquid in decimeters, and p 
the density of the solution. In other words, the spe- 
cific rotation is the rotation in degrees which this 
plane-polarized light of the sodium D line under- 
goes in passing through a 10 cm long sample tube 
containing a solution of 1 g/ml concentration at 
20‘^C. 

In the simplified diagram of a polarimeter light 
from the sodium lamp is polarized by the polarizer 
(a fixed nicol prism) before it p^ses through the 
cell containing the material being analyzed. After 
the light passes through the cell, it passes through 
the analyzer (another nicol prism) and then is de- 
tected by the eye or a photocell. A comparison of 
the angular orientation of the analyzer as measured 
on the scale with the cell empty and with the cell 
filled with solution serves to measure the rotation 
of the polarized light by the sample. This rotation 
may be either clockwise (-f) or counterclockwise 
(— ), depending on the substan(‘e in question. 

Polarimetry may be used for either qualitative 
or quantitative analytical work. In qualitative ap- 
plications, the presence of an optically active mate- 
rial is shown, and then a calculation of specific ro 
tation often leads to the identification of the un- 
known. In quantitatij^ work, the concentration of a 
given optically active material is determined either 
from a calibration curve of percentage of the con- 
stituent versus angular rotation or from the specific 
rotation, assuming the angular rotation to be a lin- 
ear function of concentration. For this method of 
analysis to be useful, it is necessary that only one 
optically active material be present in solution. 

Polarimetry is widely used in carbohydrate chem- 
istry, especially in the analysis of sugar solutions. 
Polarimeters used for this work are specially de- 
signed and are called saccharimeters. Other materi- 
als often determined by polarimetry are tartaric 
acid, Rochelle salt (potassium sodium tartrate), var- 
ious terpenes such as d- and /-pinene, many steroids, 
and other compounds of biological and biochemical 
importance. Since there is great difference between 
the biological activities of the different optical 
forms of organic compounds, polarimetry is widely 
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used iit bioohemical research to identify the mo- 
lecular configurations. 

Optical rotatory dispersion is the measurement 
of the specific rotation as a function of wavelength. 
Jo accomplish this, the sodium lamp is replaced by 
a monochromator, and a source of continuous radia- 
tion. A photocell circuit is substituted for the eye 
as a detector. In this way, the specific rotation may 
l,e determined in the ultraviolet or near infrared, 
as well as in the visible region of the spectrum. 

The information obtained by optical rotatory dis- 
persion has shown that minor changes in config- 
uration of a molecule have a marked effect on its 
dispersion properties. By using the properties of 
compounds of known configuration, it has been pos- 
sible to determine the absolute configurations of 
many other molecules and to identify various iso- 
mers. To date, most of the applications have been 
to steroids, sugars, and other natural products. See 
Optkal methods of chemical analysis; Polar- 
ized light; Rotatory dispersion. [r.f.g.] 

Polaris 

Mpha Ursae Minoris, the North Star, or pole star. 
Polaris is located approximately 1® of arc from the 
Hirth celestial pole, the point where the Earth’s 
a\i^ of rotation now pierces the celestial sphere. 
Two bright stars at the end of the bowl of the Big 
Dipper point toward Polaris. 

Polaris is a high-luminosity star of spectral type 
late F. It is one of the brightest cepheid variables, 
but is atypical in having the small light range of 
only 0 1 magnitude. The period is 4 days, the lu- 
minoaity 3000 times that of the Sun, distance 200 
parsers. Polaris has a faint, main-sequence com- 
panion. .See Star. [j.l.gr.] 

Polarity (electricity) 

^ term which refers to the designation of positive 
and negative terminals in an electric circuit carry- 
ing a current. The choice of positive charge, and 
thereby of positive potential, is a purely arbitrary 
one which had been made long before the discovery 
of the electron. It is now known that the primary 
current carriers in most circuit elements are elec- 
trons, which possess negative charge. 

For a seat of electromotive force, such as a bat- 
tery or a generator, the positive terminal is by con- 
t^ention the one at which electrons enter from the 
external circuit; the negative terminal is the one 
^rom which they leave. For a “passive” element, 
^uch as an ammeter or a resistor, the positive ter- 
'tttnal is the one through which the electrons leave 
element; the negative terminal is the one 
through which they enter from the circuit. The po- 
^®ntial of the positive terminal of any element is by 
iiefinition greater in value than that of the negative 
^^niiinal. In all cases the conventional current 
in the opposite direction to the electrons. 

In the case of alternating current the term polar- 
may be used in a different sense. Usually in com- 
i^iercial circuits one leg is maintained at zero po- 
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tential while the other is alternately above and be- 
low ground. In some electrical appliances, it makes 
a difference which side is connected to the ^Hiot” 
lead. Turning the plug around in the wall socket to 
obtain the best operation of a particular device is 
often referred to as “reversing the polarity.” 

[j.W.ST.] 

Polarization (dielectrics) 

A vector quantity representing the electric dipole 
moment per unit volume of a dielectric material. 
See Dielectrics ; Dipole moment. 

The polarization P is related to the macroscopic 
electric parameters by the equations 

D-«oE_ 

where D is the electric displacement, E is the elec- 
tric field strength, co is the permittivity of vacuum, 

is the dielectric constant, x is the electric suscep- 
tibility, and y is a geometrical factor. In cgs elec- 
trostatic units Co * 1 and y = 47r ; co “ 8.854 X 
10 “^* farad/m and y =* 1 in rationalized mks units. 
The dimensions of polarization are statcoulomb per 
square centimeter in the cgs system and coulomb 
per square meter in the rationalized mks system. 
See Electrical units. 

Dielectric polarization arises from the electrical 
response of individual molecules of a medium and 
may be classified as electronic, atomic, orientation, 
and space-charge or interfacial polarization, ac- 
cording to the mechanism involved. 

Electronic polarization represents the distortion 
of the electron distribution or motion about the 
nuclei in an electric field. This polarization occurs 
for all materials and is nearly independent of tem- 
perature and frequency up to about 10^^ cps for 
insulators. 

Atomic polarization arises from the change in 
dipole moment accompanying the stretching of 
chemical bonds between unlike atoms in molecules. 
This mechanism contributes to polarization at fre- 
quencies below those of the vibrational modes of 
molecules (about cps). For a discussion 

of molecular vibrations, see Molecular structure 
and spectra. 

Orientation polarization is caused by the partial 
alignment of polar molecules, that is, molecules 
possessing permanent dipole moments, in an elec- 
tric field. This mechanism leads to a temperature- 
dependent component of polarization at lower fre- 
quencies. 

Space-charge or interfacial polarization occurs 
when charge carriers are present which can mi- 
grate an appreciable distance through a dielectric 
but which become trapped or cf^nnot discharge at 
an electrode. This process always results in a dis- 
tortion of the macroscopic field and is impoitant 
only at low frequencies. 

See Dielectric constaict; Electric 
Susceptibility, electric. [r.P.w.] 
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IVriarization of waves 

Polarization is the phenomenon which is exhibited 
when a transverse wave is polarized. The term po- 
larization is also used to describe the process of 
polarizing a wave. 

In an unpolarized wave, the vibrations in a plane 
perpendicular to the ray appear to be oriented in 
all directions with equal probability. In a polar- 
ized wave the displacement direction of the vibra- 
tions is completely predictable. For certain disturb- 
ances, -such as the transverse acoustic wave pro- 
duced when a steel bar is struck, the polarization is 
complete. Electromagnetic radiation is normally 
unpolarized if it is generated by atomic processes 
(see Electromagnetic radiation). Thus ultravio- 
let, visible, and infrared radiations produced by 
heated bodies or electrical discharges are generally 
unpolarized. Radiation generated by vacuum-tube 
oscillators or transistor oscillators is always polar- 
ized. The probability waves (matter waves) associ- 
ated with atomic or nuclear particles are generally 
unpolarized. See Quant um mechanic s. 

Some of the different types of polarization, as 
well as the technique of producing polarization in 
an unpolarized wave, are described in another arti- 
cle {see Polarized light). The electric vector can 
lie in a plane or it can follow a path whose projec- 
tion at right angles to the direction of propagation 
is a circle or an ellipse. The same types of polari- 
zation can be produced in any transverse wave. 
For example, see Microwave optics. 

Electromagnetic radiation is difficult to polarize 
in certain spectral regions, and few techniques ex- 
ist (or analysis. This is true in the ultraviolet be- 
low 1900 A. No dichroic polarizers have been found 
for this region, and transparent birefringent ma- 
terials from which Nicol or Wollaston polarizing 
prisms could be made do not seem to exist. Po- 
larization by reflection is possible, but very little 
work has been done with this technique. In the in- 
frared region from the end of the visible spectium 
to approximately 2/i,, sheet polarizers exist. To 
around 4p, polarizing prisms can be made. From 
4p. to 80/i., reflection from a single plate or trans- 
mission through a pile of transparent plates is the 
common procedure. All these techniques produce 
linear polarization. Elliptical or circular polariza- 
tion is more difficult to achieve. 

X-ray photons, electrons, neutrons, and other par- 
ticles can be polarized most easily by scattering. 

[b.h.bl] 

Polarized light 

Light which has its electric vector oriented in a 
predictable fashion with respect to the propagation 
direction. In unpolarized light, the vector is ori- 
ented in a random, unpredictable fashion. Even in 
short time intervals, it appears to be oriented in 
all directions with equal probability. Most light 
sources seem to be partially polarized so that some 
fraction of the light is polarized and the remainder 


unpolarized. It is actually more difficult to produce 
a completely unpolarized beam of light than one 
which is completely polarized. 

The polarization of light differs from its other 
properties in that human sense organs are essen- 
tially unable to detect the presence of polarization 
The Polaroid Corporation with its polarizing sun- 
glasses and camera filters has made millions of peo- 
ple conscious of phenomena associated with poian- 
zation. Light from a rainbow is completely linearly 
polarized, that is, the electric vector lies in a plane 
The possessor of polarizing sunglasses discovers 
that with such glasses, the light from a section of 
the rainbow is extinguished. 

According to all available theoretical and ex 
perimental evidence, it is the eN|ctric vector rather 
than the magnetic vector of a light wave that is 
responsible for all the effects of polarization and 
other observed phenomena associated with light 
Therefore, the electric vector of a light wave, for 
all practical purposes, can be identified as the light 
vector. See Elictromagnetic radiation; Light, 
Polarization oi- WAVfrs. For information which is 
closely related to much of the ensuing discussion 
see Crystal ophcs. 

One of the simplest ways of producing linearlv 
polarized light is by reflection from a dielectric sur 
face. At a particular angle of incidence, the refln 
tivity for light whose electric vector is in the plane ^ 
of incidence becomes zero. The reflected light 
thus linearly polarized at right angles to the plane 
of incidence. Thi^act was discovered by E. Main*- 
in 1808. Brewsters law shows that at the polanz 
ing angle the refracted ray makes an angle of 90“^ 
with the reflected ray. By combining this relation 
ship with Snell’s law of refraction, one finds that 

tan i = n (1) 


where i is the angle of incidence and n is the n 
tractive index. This provides a simple way of mea*' 
iiring refractive indices. See Rf fraction of wavis 
Law of Malus. If linearly polarized light is m 
cident on a dielectric surface at Brewster’s angle 
(the polarizing angle), then the reflectivity of the 
surface will depend on tlie angle between the in 
cident electric vector and the plane of incidence 
When the vector is in the plane of incidence, the 
reflectivity will be zero. When it is at right angles 
the reflectivity will be at a maximum. To compute 
the complete relationship, the incident light vector 
A is broken into components, one vibrating in the 
plane of incidence and one at right angles to the 
plane: 


A em 6 
A ^ A cos $ 


( 2 ) 

(3) 


where 9 is the angle between the light vector an 
a plane perpendicular to the plane of incidence 
Since the component in the plane of incidence w 
not reflected, thoKreflected ray can be written 


B ^ At cos 9 


(4) 
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Inhere r is the reflectivity at Brewster’s angle. The 

intensity is 

/ « « ^2^2 cos* 9 (5) 

|[i]s IS the mathematical statement of the law of 
Malus. 

Linear polarizing devices. The angle 9 can be 
considered as the angle between the transmitting 
axes of a pair of linear polarizers. When the po- 
larizers arc parallel, they are transparent. When 
they are crossed, the combination is opaque. The 
first polarizers were glass plates inclined so that 
the incident light was at Brewster’s angle. Such 
polarizers are quite inefiicient since only a small 
perrentdge of the incident light is reflected as po- 
larized light. More efficient polarizers can be con- 
ktrucled. 

Dichroic crystals. Certain natural materials ab- 
«;orb linearly polarized light of one vibration direc- 
tion much more strongly than light vibrating at 
right angles. Such materials are termed dichroic 
and are described more fully in another article 
(srr Dkhroism). Tourmaline is one of the best 
known dichroic crystals, and tourmaline plates 
were used as polarizers foi many years A pair was 
usiidllv mounted in what were known as tourmaline 
tongs 

Birrfnngent crystals Other natural materials 
exist in which the velocity of light depends on the 
Mbrulion ditection. These materials are called bire- 
fnngenl The simplest of these structures are crys- 
tals in which there is one direction of propagation 
for wbu h the light velocity is independent of its 
slate of polarization. These are termed uniaxial 
(Fvstals, and the propagation direction mentioned 
is (ailed the optic axis. For all other propagation 
diipf lions, the electric vector can be split into 
two tomponentb, one lying in a plane containing the 
optic axis and the other at right angles. The light 
velocity or refractive index for these two waves is 
different 

One of the best known of these birefringent crys- 
taU IS transparent calcite (Iceland spar), and a 
''Pries of polarizers have been made from this sub- 
•itanre W. Nicol (1829) invented the Nicol prism, 
which is made of two pieces of calcite cemented 
together as in Fig. 1. The cement is Canada balsam, 
in which the wave velocity is intermediate between 
the velocity in calcite for the fast and the slow 
ray The angle at which the light strikes the bound- 
ary is such that for one ray the angle of incidence 
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Fig. 2. Wollaston prism. 


is greater than the critical angle for total reflection. 
Thus the rhomb is transparent for only one polari- 
zation direction. 

Canada balsam is not completely transparent in 
the ultraviolet at wavelengths shorter than 4000 
angstroms. Furthermore, large pieces of calcite ma- 
terial are exceedingly rare. A series of polarizers 
has been made using quartz, which is transparent 
in the ultraviolet and which is more commonly 
available in large pieces. Because of the small dif- 
ference between the refractive indices of quartz and 
Canada balsam, a Nicol prism of quartz would be 
tremendously long for a given linear aperture. 

A different type of polarizer, made of quartz, was 
invented by W. H. Wollaston and is shown in Fig. 
2 Here the vibration directions are different in the 
two pieces so that the two rays are deviated as they 
pass through the mateiial. The incoming light 
beam is thus separated into two oppositely linearly 
polarized beams which have an angular separation 
between them. By using appropriate optical stops 
(obstacles that restrict light rays) in the system, 
one can select either beam. 

In the Wollaston prism, both beams are deviated ; 
and since the quartz produces dispersion, each 
beam is spread into a spectrum. This is not the 
case in a prism which was invented by A. Rochon. 
Here the two pieces are arranged as in Fig. 3. One 
beam proceeds undeviated through the dovice and is 
thus achromatic. 

Sheet polarizers. A third mechanism for obtain- 
ing polarized light is the Polaroid sheet polarizer 
invented by E. H. Land. Sheet polarizers fall into 
three types. The first is a microcrystalline polarizer 
in which small crystals of a dichroic material are 
oriented parallel to each other in a plastic medium. 
Typical microcrystals, such as needle-shaped qui- 
nine iodosulfate, are embedded in a viscous plastic 
and are oriented by extruding the material through 
a slit. 

The second type depends for its dichroism on 
a property of an iodine-in-water solution. Tba io- 
dine appears to form a linear high polymer. U the 
iodine is put on a transparent oriented sheet oi ma- 
terial such as polyvinyl alpohol (PVA), die iodine 
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Fig. 3. Rochon prism. 

chains apparently line themselves parallel to the 
PVA molecules and the resulting dyed sheet is 
strongly dichroic. A third type of sheet polarizer 
depends for its dichroism directly on the molecules 
of the plastic itself. This plastic consists of ori- 
ented polyvinylene. Because these polarizers are 
commercially available and can be obtained in large 
sheets, many experiments involving polarized light 
have been performed which would have been quite 
difiRciilt with the reflection polarizers or the bire- 
fringent crystal polarizer. See VEf tograph. 

Characteristics, There are several characteristics 
of linear polarizers which are of interest to the ex- 
perimenter. First is perhaps the transmission for 
light polarized parallel and perpendicular to the 
axis of the polarizer; second is the angular field; 
and third, the linear aperture A typical sheet po- 
larizer has a transmittance of 48% for light paral- 
lel to the axis and 2 X 10 ^% for light perpen- 
dicular to the axis at a wavelength of S50 m^u.. The 
angular field is 60^, and sheets can be many feet 
in diameter. The transmittance perpendicular to 
the axis varies over the angular field. 

The Nicol prism has transmittance similar to 
that of the Polaroid sheeting, but a much reduced 
linear and angular aperture. 

Polarization by scattering. When an unpolarized 
light beam is scattered by molecules or small par- 
ticles, the light observed at right angles to the orig- 
inal beam is polarized. The light vector in the 
original beam can be considered as driving the 
equivalent oscillators (nuclei and electrons) in the 
molecules. There is no longitudinal component in 
the original light beam. Accordingly, the scattered 
light observed at right angles to the beam caxf. only 
be polarized with the electric vector at right angles 
to the propagation direction of the original beam. 
In most situations, the scattered light is only par- 
tially polarized because of multiple scattering. The 
best known example of polarization by scattering is 
the light of the north sky. The percentage polari- 
zation can be quite high in clean country air. The 
late A. H. Pfund invented a technique for using 


measurements of sky polarization to determine the 
position of the sun when it is below the hoHzon 
See Scattering (electromagnetic radiation). 

Types of polarized light. Polarized light is clas^ 
sified according to the orientation of the electru 
vector. In linearly polarized light, the electric ver 
tor remains in a plane containing the propagatior 
direction. For monochromatic light, the ampiitudt 
of the vector changes sinusoidally with time, h 
circularly polarized light, the tip of the electrj( 
vector describes a circular helix about the propa 
gation direction. The amplitude of the vector i< 
constant. The frequency of rotation is equal to th( 
frequency of the light. In elliptically polari/e( 
light, the vector also rotates <^bout the propaga 
tion direction, but the ampli^de of the vecloi 
changes so that the projection of the vector on j 
plane at right angles to the propagation directiui 
describes an ellipse. 

These different types of polarized light can al 
be broken down into two linear component** a 
right angles to each other. 

Ejr = Al sin ((lit + (pr) (6 

Ey = sin (oit + (fy) (7 

where Aj^ and Ay are the amplitudes, <pt and (py th 
phases, a» is 27r times the frequency, and t m th( 
time. For linearly polarized light 

<Pr ^ <Pv Ax 9^ Ay 

For circularly polarized light 

^ IT 

± — Ax Ay 

For elliptically polarized light 

(Px ^ Ax ^ Ay 

In the last case, it is always possible to find a 
set of orthogonal axes inclined at an angle a to i 
and y along which the components will be E't and 
E%, such that 


ijj* 

= ip'yzk:-^ and A'x ^ A'y 

In this new system, the x' and y' amplitudes will 
be the major and minor axes a and h of the ellip*'^ 
described by the light vector and a will be the an 
gle of orientation of the ellipse axes with respect 
to the original coordinate system. The relationships 
between the different quantities can be written 

tan 2a « tan 2y cos (p 
sin 2/3 - sin 2y sin (p 


where 


tan y ^ Ay /Ax 


(P ^ fPt — (py 

tan )8 « =b 6/a 
Ax^ + Ay^ = a2 -h 62 


( 10 ) 
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These same types of polarized light can al”® 
broken down into right and left circular conip® 
nents or into two orthogonal elliptical comp^lP*®^® 


TheM different vector bases are useful in different 
physical situations. 

Production of polarized light. Linear polarizers 
have already been discussed. Circularly and ellip- 
tically polarized light are normally produced by 
combining a linear polarizer with a wave plate. A 
Fresnel rhomb can be used to produce circularly 
polarized light. 

Jfave plate. A plate of material which is linearly 
birefringent is called a wave plate or retardation 
sheet. Wave plates have a pair of orthogonal axes 
which are designated fast and slow. Polarized light 
with its electric vector parallel to the fast axis trav- 
els faster than light polarized parallel to the slow 
axis. The thickness of the material can be chosen 
so that for light traversing the plate, there is a defi- 
nite phase shift between the fast component and 
the slow component. A plate with a 90® phase shift 
]s termed a quarter-wave plate. The retardation in 
waves is given by the expression 

S~ (14) 

where n, — Uf is the birefringence ; n, is the slow 
index at wavelength A ; n/ is the fast index ; and d 
IS the plate thickness. 

Wave plates can be made by preparing X-cut sec- 
tions of quartz, calcite, or other birefringent rrys- 
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^'9* 4. Projection of light vector on plane * ^ 0 for 
^ularly polarized light, (a) f ■■ 0. (b) ir/ 4o>. (c) 
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tala. For retardations of less than a few waves, it is 
easiest to use sheets of oriented plastics or of split 
mica. A quarter-wave plate for the visible or infra- 
red is easy to fabricate from mica. The plastic 
wrappers from many American cigarette packages 
seem to have almost exactly a half-wave retardation 
for green light. Since mica is not transparent in the 
ultraviolet, a small retardation in this region is 
most easily achieved by crossing two quartz 
plates which differ by the requisite thickness. 

Linearly polarized light incident normally on a 
quarter-wave plate and oriented at 45® to the fast 
axis can be split into two equal components paral- 
lel to the fast and slow axes. These can be repre- 
sented, before passing through the plate, by the 
equations 

Ex “ Ax sin (to)^ + <px) (15) 

Ey * Ax sin (o>t -f ifx) (16) 

where x and y are parallel to the wave-plate axes. 
After passing through the plate, the two compo- 
nents can be written 

Ex - Ax sin 4- 4- (17) 

Ey^ Ax sin {o)t + <px) (18) 

where Er is now advanced one quarter-wave with 
respect to Ey. 



y 


t » 7r/2(a* (cO t « 37r/4cD. The light vector Is of con- 
stant amplitude. 
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can viaualiae the l^ehayior of the light by 
ftudyiiig the eketehee in Fig. 4, which show the pro- 
jection on a plane 2 -> 0 at various times. It is 
apparent that the light vector is of constant ampli- 
tude^ and that the projection on a plane normal to 
the propagation direction is a circle. If the lineaurly 
polarized light is oriented at —45*^ to the fast axis, 
the light vector will revolve in the opposite direc- 
tion. Thus it is possible with a quarter-wave plate 
and a linear polarizer to make either right or left 
circularly polarized light. If the linearly polarized 
light is at an angle other than 45*^ to the fast axis, 
the transmitted radiation will be elliptically polar- 
ized. When circularly polarized light is incident on 
a quarter- wave plate, the transmitted light is lin- 
early polarized at an angle of 45^ to the wave-plate 
axes. This polarization is independent of the orien- 
tation of the wave-plate axis. For elliptically polar- 
ized light, the behavior of the quarter-wave plate is 
much more complicated. However, as was men- 
tioned earlier, the elliptically polarized light can 
be considered as composed of two linear compo- 
nents parallel to the major and minor axes of the 
ellipse and with a quarter-wave phase difference 
between them. If the quarter-wave plate is oriented 
parallel to the axes of the ellipse, the two trans- 
mitted components will either have zero phase dif- 
ference or a 180° phase difference and will be lin- 
early polarized. At other angles, the transmitted 
light will still be elliptically polarized, but with 
different major and minor axes. Similar treatment 
for a half-wave plate shows that linearly polarized 
light oriented at an angle 6 to the fast axis is trans- 
mitted as linearly polarized light oriented at an an- 
gle —6 to the fast axis. 

Wave plates all possess a different retardation at 
each wavelength. This appears immediately from 
Eq. (14). It is conceivable that a substance could 
have dispersion of birefringence, such as to make 
the retardation of a plate independent of wave- 
length. However, no material having such a charac- 
teristic has as yet been found. 

Fresnel rhomb, A quarter- wave retardation can 
be provided achromatically by the Fresnel rhomb. 
This device depends on the phase shift which oc- 
curs at total internal reflection. When linearly po- 
larized light is totally internally reflected, it expe- 
riences a phase shift which depends on the angle of 
reflection, the refractive index of the material, and 
the orientation of the plane of polarization. Light 
polarized in the plane of incidence experiences a 
phase' shift which is different from that of light po- 
larized at right angles to the plane of incidence. 
Light polarized at an intermediate angle can be 
split into two components, parallel and at right an- 
gles to the plane of incidence, and the two compo- 
nents mathematitsally combined after reflection. 

The phase shifts can be written 



tan 


2 


nVn* sin* f — 1 
cos i 

's/n^ sin* f 1 
A cos f 


(19) 
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where tp | is the phase shift parallel to the plane of 
incidence; is the phase shift at right an^es to 
the plane of incidence; i is the angle of inddeAce 
on the totally reflecting internal surface ; and n is 
the refractive index. The difference ^ 

reaches a value of about 7r/4 at an angle of 52° for 
n « 1.50. Two such reflections give a retardation 
of 7r/2. The Fresnel rhomb shown in Fig. 5 is cut 
so that the incident light is reflected twice at 52° 
Accordingly, light polarized at 45° to the principal 
plane will be split into two equal components 
which will be shifted a quarter-wave with respect 
to each other, and the transmitted light will be cir- 
cularly polarized. Nearly achromatic wave plates 
can be made by using a series ol wave plates in se- 
ries with their axes oriented at ^'different specific 
angles with respect to a coordinate system. 

Analyzing devicas. Polarized light is one of the 
most useful tools for studying the characteristics 
of materials. The absorption constant and refrac 
tive index of a metal can be calculated by measur- 
ing the effect of the metal on polarized light 
reflected from its surface. See Reflection (fik 

TROMACNETIC RADIATION). 

The analysis of polarized light can be performed 
with a variety of different devices. If the light 
linearly polarized, it can be extinguished by a bn 
ear polarizer and the direction of polarization 
the light determined directly from the orientation 
of the polarizer. If the light is elliptically polar 
ized, it can be analyzed with the combination ot a 
quarter-wave plate |^d a linear polarizer. Any such 
combination of polarizer and analyzer is called 
a polariscope. As explained previously, a quar 
ter-wave plate oriented parallel to one of the axe*-, 
of the ellipse will transform elliptically polan/ed 
light to linearly polarized light. Accordingly, the 
quarter-wave plate is rotated until the beam is ex 
tinguished by the linear polarizer. At this point 
the orientation of the quarter-wave plate gives the 
orientation of the ellipse and the orientation of the 
polarizer gives the ratio of the major to the minor 
axis. Knowledge of the origin of the elliptically 
polarized light usually gives the orientation of the 
components which produced it, and from these 
various items, the phase shifts and attenuations 
produced by the experiment can be deduced. 

One of the best-known tools for working with po- 
larized light is the Babinet compensator. This de- 
vice is normally made of two quartz prisms put to- 
gether in a rhomb. One prism is cut with the optic 
axis in the plane of incidence of the prism, and the 



other with th^ optic axis perpendicular to the plane 
of incidence. The retardation is a function of dis- 
tance along the rhomb ; it will be zero at the center, 
varying to positive and negative values in opposite 
directions along the rhomb. It can be used to can- 
cel the known or unknown retardation of any wave 
plate. 

Retardation theory. It is difficult to see intui- 
tively the effect of a series of retardation plates or 
even of a single plate of general retardation 8 on 
light which is normally incident on the plate and 
nhich is polarized in a general fashion. This prob- 
lem is most easily solved algebraically. The single- 
wave plate is assumed to be oriented normal to the 
direction of propagation of the light, which is 
taken to be the z direction of a set of Cartesian co- 
ordinates. Its fast axis is at an angle a to the x 
axis The incident light can be represented by the 

equations 

Ex = Ax sin (o}t 4- ^r) (21) 

Ey = Ay sin (ci>t 4“ ^y) (22) 

A first step is to break the light up into compo- 
nents E/ and parallel to the axes of the plate. 
One can write 

Ex' = Ex cos a ^ Ey sin a (23) 

Ey = Er sin a Ey cos a (24) 

These components can also be written 

Ex' = Ax' sin (<i)^ 4- <px') (25) 

Ey' * Ay sin (o)t 4- (py) (26) 

After passing through the plate, the components 
become 

Ex" » A/ sin fof + (pr'+S) (27) 

Ey" = Ay' sin (cDt 4“ fy') (28) 

In general, it is of interest to compare the output 
with the input. The transmitted light is thus broken 
down into components along the original axes. This 
results in the equations 

Ex'" « Ex" cos a 4- Ey" sin a (29) 

Ey'" - —Ex" sin a + Ey" cos a (30) 

With this set of equations, it is possible to com- 
pute the effect of a wave plate on any form of po- 
larized light. 

Jones calculus. Equations (29) and (30) still be- 
come overwhelmingly complicated in any system 
involving several optical elements. Various meth- 
ods have been developed to simplify the problem 
enable one to make some generalizations about 
systems of elements. One of the most straightfor- 
'^ard, proposed by R. C. Jones, involves reducing 
Eqs (29) and (30) to matrix form. The Jones cal- 
culus for optical systems involves the polarized 
electric components of the light vector and is dis- 
^uguished from other methods in that it takes cog- 
nizance of the absolute phase of the light wave. 

The Jones calculus writes the light vector in com- 
plex form 
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Matrix operators are developed for different opti- 
cal elements. From Eqs. (21) to (30), the operator 
for a wave plate can be derived directly. See Ma- 
trix THEORY. 

The Jones calculus is ordinarily used in a nor- 
malized form which simplifies the matrices to a 
considerable extent. In this form, the terms in- 
volving the actual amplitude and absolute phase of 
the vectors and operators are factored out of the 
expressions. The intensity of the light beam is re- 
duced to unity in the normalized vector so that 

Ax^ 4- - 1 (33) 

Under this arrangement, the matrices for various 
types of operations can be written 


G(8) 


gi(8/2) 0 

0 


(34) 


This is the operator for a wave plate of retardation 
8 and with axes along x and y. 


S{a) - 


cos a —sin a 
sin a cos a 


(35) 


This is the operator for a rotator which rotates 
linearly polarized light through an angle a. 


Ph^ 


1 0 
0 0 


(36) 


This is the operator for a perfect linear polarizer 
parallel to the x axis. A wave plate at an angle a 
can be represented by 

G(8,a) - 5(a)C(8)S(-a) (37) 

A series of optical elements can be represented by 
the product of a series of matrices. This simplifies 
enormously the task of computing the effect of 
many elements. It is also possible with the Jones 
calculus to derive a series of general theorems con- 
cerning combinations of optical elements. Jones 
has described three of these, all of which apply 
only for monochromatic light. 

1. An optical system consisting of any number 
of retardation plates and rotators is optically 
equivalent to a system containing only two ele- 
ments, a retardation plate and a rotator. 

2. An optical system containing any number of 
partial polarizers and rotators is optically equiva- 
lent to a system containing only two elements — one 
a partial polarizer and the other a rotator. 

3. An optical system containing any number of 
retardation plates, partial polarizers, and rotators 
is optkiVjUy equivalent to a system containing foiir 
elements — ^two retardation plates, one partial po- 
larizer, and one rotator. 

As an example of the power of the calcidus, a 
rather specific theorem can be proved. A rotator of 
any given angle a can be formed by a sequence of 
three retardation plates, a quarter^wave plate* a re- 
tardation at 45^ to the quarter-wave plate, 
and a second quarter-wave plate crossed wi& the 
first. 


Ey - 


(31) 
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5(a) - S(fi)G (- I) S(-ff)S (5 + G(i)S 

(-5-5)5(|8)g(|)S(-/3) (38) 

where j3 is the angle between the axis of the first 
quarter-wave plate and the x axis, and 8 is the re- 
tardation of the plate in the middle of the sand- 
wich. 

The first simplification arises from the fact that 
the axis rotations can be done in any order. 

s (« + 1 ) - S(«S ( j) - •S ( 7 ) m (39) 

This reduces the equation to 

Sfc.) - 5(ftC (- 1) S Q C(J)S (- 1) c (I) 

When the multiplication is carri 


S(-/3) 

1 — i 
-i ] 

1 i 
i 1 


( 40 ) 

(41) 
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ed through 


S(a) - 5(5) 

1 c**/* 4 . «-•</« + ie-"'* - 

“2 


(43) 


-5(5)S(|)s(-5)-s(|) (44) 


The rotation angle is therefore equal to one-half 
the phase angle of the retardation. This combina- 
tion is a true rotator in that the rotation is inde- 
pendent of the azimuth angle of the incident po- 
larized light. 

A variable rotator can be made by using a Soleil 
compensator for the central element. This consists 
of two quartz wedges joined to form a plane paral- 
lel plate. The lower wedge is cemented to a plane 
parallel quartz plate. 

Mueller matrices. In the Jones calculus, the in- 
tensity of the light passing through the system 
must be obtained by calculation from the compo- 
nents of the light vector. A second calculus is fre- 
quently used in which the light vector is split into 
four components. This also uses matrix operators 
which are termed Mueller matrices. In this calcu- 
lus, the intensity / of the light is one component of 
the vector and thus is automatically cal&ulated. 
The other components of the vector are 

M - -V (45) 

C *■ cos ““ (4^) 

S ■■ 2AxAy sin — ipj) (47) 

The matrix of a perfect polarizer parallel to the x 
axis can be written 


P 




110 0 

110 0, 

0 0 0 01 

0 0 0 0 


( 48 ) 


This calculus can treat unpolarized light di. 
rectly. Such a light vector is given by the expres- 
sion 


/ 


1 

M 


0 

C 

0 

0 

5 


0 


( 49 ) 


The vector for light polarized parallel to the x axm 
is written 


1 

1 

0 

0 


( 50 ) 


In the same manner as in the Jones calculus, ma- 
trices can be derived for retardation plates, rota- 
tors, and partial polarizers. This calculus can also 
be used to derive various general theorems about 
various optical systems. See Faraday effect; In- 
terference ot waves; Optical activity; Rota- 
tory dispersion. 

[b. H. BILLING'^' 
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Polarographic analysis 

An electrochemical technique used in analytical 
chemistry. Polarography is one of a group of tech- 
niques which are broadly classed as voltammetric 
The common feature of these techniques is that 
they all involve observation of current-potential 
time relationships at electrodes immersed in elec- 
trolytic solutions. The technique can be applied 
to any ionic or molecular species that is oxidizable 
or reducible in electrolysis within certain limits of 
potential. Most metals, and some organic functional 
groups such as aldehyde, ketone, amino, and mer- 
captan may be determined by polarography. 

In conventional polarography, the current 
through the electrolysis cell is measured aa * 
function of the applied potential. At sufficiently 
anodic (oxidizing) potentials, no current is ob- 
served in the case of a reducible substance. As the 
potential becomes more cathodic, appreciable re- 
duction occurs and the current rises in approxi- 
mately exponential fashion. Ultimately, a potentia 
is reached at which reduction occurs as rapidly 
the ions or molecules can reach the electrode 
face. WTien this happens, the curresit Icvek off 
a limiting value independent of further increase m 
potential. Thus the current-potential curve or 
has a sigmoidal shape. The magnitude of i ® 
limiting current is proportional to the 




tion of the reducible substance so the technique 
has value in quantitative Jinalysis. The half-wave 
potential, the potential at which the current is 
midway between the residual current (the current 
not attributable to the reducible substance in ques- 
tion) and limiting current plateau, is often within 
a few millivolts of the standard potential f<»r the 
electrode reaction. Even when it is not, the half- 
wave potential is still characteristic of the reacting 
species so that qualitative analysis is also possible. 
Oxidations arc studied in an analogous way. 

Apparatus. The system consists of a potentiom- 
clei for adjusting the potential, a galvanometer 
for measuring current, and a cell. The cell com- 
monly contains two electrodes, a reference elec- 
trode (either calomel or silver-silver chloride), the 
potential of which is constant, and an indicator 
electrode. 

The most widely used polarographir indicator 
<lectrode is the dropping-meicuiy electrode, 
wfiich consists of a fine-bore capillary tube 
above which a constant head of mercury is main- 
tained. The mercury emerges fiom the tip of 
the capillary at the rate of a few milligrams per 
second. It forms spherical droplets which fall from 
the capillary orifice into the solution at the rate of 
one every 2-10 sec. 

This novel electrode has a number of great ad- 
vantages over other possible arrangements. First, 
niercury has a high hydrogen overvoltage so that 
processes which would be obscured by decomposi- 
tion of water at other electrodes can be readily ob- 
served at its surface. Second, the fact that the 
electrode surface is renewed periodically means 
that complications due to change in surface com- 
position during the process are not encountered. 
The solution in contact with these electrodes is 
10'^ to molar in the electroactive species of 
ion or molecule and contains, in addition, a large 
excess (fifty fold or greater) of a supporting elec- 
trolyte, that is, one which does not react at the 
electrode in the potential region of interest. The 
function of the latter is to reduce the resistance 
of the solution and thus to ensure that diffusion in 
4 concentration gradient rather than migration in 
so ohmic potential gradient is the mode of transfer 
of the species to the electrode surface. 


Pokire^itipMc molyils 45S 

Applications. The limitations of the potential 
range are set on the cathodic side by the reduction 
of the solvent or supporting electrolyte and on the 
anodic side by oxidation of these or of the elec- 
trode material. 

The method has been used for the determination 
of most metals, including those as active as sodium 
and potassium, and for the determination of various 
organic functional groups including aldehydes, 
ketones, halogens, double and triple bonds, nitro, 
nitroso, azo, hydrazo, amino, sulfides, mercaptans, 
and many others. Because mercury ions react with 
various anions, anodic dissolution currents of mer- 
cury can be used for the determination of halides, 
thiocyanate, cyanide, and sulfide among others. 
Oxygen is aKo reduced at the dropping-mercury 
electrode. Although this forms the basis for a con- 
venient oxygen determination, it means that solu- 
tions to be analyzed for other constituent's must be 
purged of oxygen. 

A polarogram can be plotted manually by vary- 
ing the potential in finite increments and measur- 
ing the current at each. Alternatively, commercial 
instruments are available in which the potential is 
scanned by a motor-driven slide wire and the cur- 
rent is recorded automatically. The observed cur- 
rents are usually a few microaint)eres. The accuracy 
of a quantitative analysis is about 1%. 

Other polarographic techniques. Various elec- 
trodc^^ other than the dropping-mercury electrode 
have been used, including dropping, rotating, vi- 
brating, or stationary electrodes of tungsten, gold, 
silvei, platinum, gallium, grafdiite, mercury or 
mercury amalgam i)ools or stationary drops, and 
merciirv-[)]aled platinum and gold. Although solid 
electrode*- bavt* the disadvantage of giving erratic 
results, the\ can be used at much more anodic po- 
tentials than mercury. 

In addition to the conventional potential scan 
method, other techniques based on the same prin- 
ciples have been applied in special situations. So- 
called oscillographic polarography in which alter- 
nating-current (ac) potentials are applied to the 
electrode, or in which a conventional potential scan 
is performed in 1 millisecond or less, is particularly 
useful Wvhere highest sensitivity is desired or where 
the kinetics of fast reactions are studied. Conven- 
tional scans, in which a small (a few millivolts) 
sinusoidal or square-wave potential is superim- 
posed on the direct-current (dc) potential and the 
ac component of the resulting current is measured, 
give curves which are essentially derivatives of the 
normal polarographic wave. These techniques are 
valuable in the study of multicomponent mixtures 
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wkere ifae Wavw of the separate components are 
not sofficieiitly separated for conventional anal- 
ysh4 Inverse metb^s in which species are plated 
into mercury or onto the surfaces of solid elec- 
trodes and their dissolution currents measured 
have been applied to analysis of solutions as dilute 
as one part per 10'^ parts of solution. 

Many of these techniques are also useful for fol- 
lowing the course of titrations. With a constant 
potential applied, the amperometric titration curve 
of current as a function of titrant added takes the 
form of two straight-line segments with their inter- 
section at the stoichiometric point. 

Other voltammetric methods. There are other 
voltammetric techniques in which current is con- 
trolled and potential is measured. If a linearly 
changing current is applied to a DME or rotated 
solid electrode, a curve of the same form as a con- 
ventional polarogram is obtained. This is current- 
scan polarography. A technique of more recent 
importance is chronopotentiometry. In this tech- 
nique, a constant current is applied to a stationary 
electrode in unstirred solution and the potential is 
measured as a function of time. The time at which 
a large potential break is observed is termed the 
transition time, and its square root is proportional 
to the concentration of the reacting species. If the 
data are plotted as square root of time versus po- 
tential, the resulting curve is of the same form as a 
conventional polarogram. See Overvoltage; Ti- 
tration, AMPEROMETRIC. fw. H. REINMUTH] 

Bibliography: I. M. Kolthoff and J. J. Lingane, 
Polarography t 2d ed., 1952; J. J. Lingane, Electro- 
analytical Chemistry, 2d ed., 1958. 

Poliomyelitis 

An acute infectious viral disease which in its seri- 
ous form affects the central nervous system and, by 
destruction of motor neurons in the spinal cord, 
produces flaccid paralysis. However, about 99% of 
infections are either inapparent or very mild. See 
Central nervous system. 

Infectious agent. Polioviruses are no longer con- 
sidered strictly neurotropic, because (1) they will 
multiply in cultures of many nonnervous tissues; 
(2) viremia and antibody formation appear be- 
fore the paralytic phase is reached and in cases 
where even transient signs of central nervous sys- 
tem involvement do not occur; (3) the virus is reg- 
ularly found in the throat and stools before the on- 
set of disease, and after onset it is found for a week 
in the "throat, and for several weeks in the stools. 
The infective virus particle is about 28 mju in diam- 
eter. Freezing preserves it for long periods. In con- 
trast to the arbor viruses, it is destroyed only slowly 
by alcohol and not at all by ether and deoxychcdate. 
Poliovirus has a very restricted host range; most 
strains are limited in vivo to primates and in vitro 
to primate tissue cultures: monkey kidney cultures 
are widely usetL Three antigenic types of poliovi- 
rus are fcztown^ but most clinical cases are due to 
Type 1. See Animal virus; Abbor viral enceph- 
AUTIOES; £nteb0virus. 


Pathogenesis. The virus probably enters fte 
body through the mouth; primary nultiplicatioQ 
occurs in the throat and intestines. Transitory vire- 
mia occurs ; the blood seems to be the most likely 
route to the central nervous system. The severity of 
the infection may range from a completely inap. 
parent through minor influenzalike illness, or an 
aseptic meningitis syndrome (nonparalytic polio- 
myelitis) with stiff and painful back and neck, to 
the severe forms of paralytic and bulbar poliomy- 
elitis. In all clinical types, virus is regularly pres- 
ent in the enteric tract. In paralytic poliomyelitis 
the usual course begins as a minor illness but pro- 
gresses, sometimes with an intervening recession of 
symptoms (hence biphasic), to flaccid paralysis of 
varying degree and persistence, ^hen the motor 
neurons affected are those of the diaphragm or of 
the intercostal muscles, respiratory paralysis oc- 
curs. Bulbar poliomyelitis results from viral attack 
on the medulla (bulb of the brain) or higher brain 
centers, with respiratory, vasomotor, facial, palatal, 
or pharyngeal disturbances. 

Diagnosis. Laboratory diagnosis is by isolation, 
usually from stools inoculated into tissue cultures, 
and subsequent identification by neutralization 
with specific antiserums in vitro, and by comple- 
ment-fixing and neutralizing serum antibody rises. 
Isolation of a virus which is cytopalhogenic in tis- 
sue cultures is not sufficient for diagnosis, for many 
other cytopathogenic enteroviruses also inhabit the 
enteric tract and produce syndromes similar to 
mild or early poliomyelitis. See Culture, tissue: 
Neutralizing antitody. 

Epidemiology. Poliomyelitis occurs throughout 
the world. In temperate zones it appears chiefly in 
summer and fall, although winter outbreaks have 
been known. It occurs in all age groups, but less 
frequently in adults because of their acquired im- 
munity. In crowded underdeveloped areas and in 
tropical countries, where conditions favor a con- 
stant widespread dissemination of virus, poliomy- 
elitis continues to be a disease of infancy, and a 
high percentage of children over 4 years old are al- 
ready immune. During recent decades in some 
areas of the temperate zones the age incidence 
has tended to change in marked parallel with im- 
proving sanitation and hygiBne; exposure is post- 
poned sometimes so long that parents may be with- 
out immunity and succumb to infections trans- 
mitted from their children. Even in epidemic peri- 
ods before a vaccine was available, the proportion 
of poliomyelitis infections resulting in paralysis 
or meningitis was relatively small. In 1952, the 
year of maximum incidence in the United States, 
one case occurred in every 3000 persons of all ages, 
and one in every 1000 children. 

The virus is spread by human contact ; the nature 
of the contact is not clear, but it appears to be as' 
sociated with familial contact and with interfami^y 
contact among young children. The vitus may ^ 
present in flies. 

Vaccina. Salk vaccine (formalin-killed)* 
pared from virus grown in monkey kidney 



been widely used in the United Slates* Oral 
noliovirus vaccine has also been introduced and is 
accepted throughout the world as an effective 
iitimuniwng agent. The vaccine is a living, atten- 
uated virus, and like most viruses it is unstable 
tvtept when held at very low temperatures in the 
frozen state. The use of magnesium chloride as a 
,iibili 7 ing agent for poliovirus overcomes this prob- 
jpjn for in molar concentrations MgCl^ protects 
live poliovirus vaccines, so that they may be stored 
,n the ordinary refrigerator for over a year with 
no loss in immunizing potency. MgCl^-slabilized 
\ac(ines also maintain potency over periods of 
(\eral weeks at room or transit temperdtures. 
Thu". the stabilized vaccine offeis numeious ad- 
vaiildge*^ not only in the physician’s office but also 
rna'-s poliovirus immunization programs in the 
particularly in underdeveloped and tropical 
(Oimines, where it is difficiilt to maintain oi 
tran^'poif vaccine undei frozen conditions. 

1 J. L. MLI NICK 1 

Bibliography: International Poliomyelitis Con- 
^re'^s, Poliomyelitis; papers and discussions pre- 
sented at the Fifth International Poliomyelitis 
(onjerenre, 1961. 

Polishing 

The smoothing of a surface by the cutting aition of 
dbra’^ive grit either glued to or impregnated in a 
(](\il»le wheel or belt. Polishing, not a precision 
pitHCss, removes stock until the desired surface 
tondition is obtained. Wheels aie built up fiom 
Ia\prs of soft materials, such as wood or leather. 

When a considerable amount of stock must be 
n moved, operations may start with a coarse grit 
hilt use a finer grit wheel for finishing. Common 
polishing machines may be either bench or floor 
mounted. Usually lliey die Idlhetvpe machines 
'Mth wheels at either end of a power spindle, or 
mie end may drive an abrasive belt. Various types 
of •'emidutomatic polishing machines aie used lor 
quantity production. These are designed to move 
the workpieces through the cutting paths of one or 
more polishing wheels. See GRI^DI^x. 

For a mirrorlike surface, a precision abrading 
pro<ess called superfinishing is used. Superfinish- 
mg removes minute flaws or inequalities. While it 
not primarily intended to remove slock, gener- 
a dimensional change of ,0001-.0002 in. on 
'iiameler occurs. Superfinishing is performed with 
extremely fine grit abrasive stone, shaped to 
match and cover a large portion of the work sur- 
face. As the workpiece turns, the stone reciprocates 
a^’ross the work under a flood of lubrication. The 
process is usually performed on symmetrical 
pieces See Lapping; Machining operations. 

I a. tuttlfI 

Polhicite 

A mineral teotosilioate with composition Cs^Al,- 
5i9O20*H2O. Pollucite crystallites in the isometric 
but well-formed crystals, which arc usually 
are rare; it is most commonly massive. The 
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hardness is 6% on Mohs scale, and the specific 
gravity is 2,90. The mineral is colorless to white 
with a vitreous luster. Pollucite is a rare mineral 
found in pegmatites associated with spodumene, 
lepidolite, eucryptite, petalite, and cesium beryl. It 
has been found in large masses at the Varutrask 
pegmatite in Sweden. In the United States it was at 
one time worked as an ore of cesium at Newry, 
Maine, and in the Black Hills of South Dakota. See 
.SlLKATL MINIRALS. \ C. S. HURLBITT, JR.] 

Polonium 

A chemical element, Po, atomic number 84, a mem- 
ber of group Via of the periodic table. Marie Curie 
discovered the radioisotope in pitchblende 

and named it after her native Poland. This 
isotope, also known as ladium F, is the penultimate 
member of ihe radium decay series; pitchblende 
contains 0.1 mg/ton. All polonium isotopes are 
radioactive, and all are short-lived except the three 
o-emitlers: (2.9 years), (100 years), 

both of which are produced by bombarding bismuth 

la ViHi 0 
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With deuterons, and natural Po^^® (138.4 days), 
now produced in milligram amounts by the neu- 
tron bombardment of bismuth. Polonium is sepa- 
rated from bismuth by spontaneous deposition onto 
a less noble metal, such as silver, followed by a 
vacuum sublimation or chemical separation of the 
deposit 

Uses. Polonium (Po-^'*) is used mainly for the 
production of neutron sources; for these, the polo- 
nium is aik^yed with elements such as beryllium 
which have isotopes of high a,n cross section. It 
can also be used in static eliminators and^ when in- 
corporated in the electrode alloy of spark plugs, 
is said to improve the cold-starting properties of 
internal combustion engines. 

Properties. Most of the chemistry of poloniuiti 
has been determined using 1 curie of which 

weighs 222.2 work with weighable amounts is 
therefore hazardous and requires special tech- 
niques. 

Polonium is more metallic than its lower homo- 
log, tellurium; two allotropes are known, ck-Po 
(simple cubic) and j8-Po (simple rhombohedral) 
with the phase change jS at about 36^C. The 
metal is chemically similar to tellurium, foifining 
the bright red eompounds SPoOa and SePoOs; a 
number of polonides are known. 
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The metal is soft, and its physical properties ro* 
semhle those of thaUium, lead, and bismuth. 
Valences of 2 and 4 are well established, and there 
is some evidence of hezavalency. Polonium lies be- 
tween silver and tellurium in the electrochemical 
series. 

Compounds. Two forms of the dioxide are 
known: low-temperature, yellow, face-centered cu- 
bic (UO2 type), and high-temperature, red, tetrag- 
onal. It is formed from the elements at 250 ^C and 
decomposes at 500 "* C under vacuum. The black 
monoxide may be formed in the spontaneous de- 
composition of SPoOs and SePoOa. The quadriva- 
lent hydroxide (pale yellow, gelatinous, feebly 
amphoteric) is precipitated from solutions of polo- 
nium salts by alkalies ; it is reduced to the metal in 
alkaline suspension by hydroxylamine, hydrazine, 
sodium dithionite, and ammonia (liquid or concen- 
trated aqueous solution). The last two reactions 
may be due to a-radiation effects. The brown, biva- 
lent hydroxide is readily oxidized. Polonium mono- 
sulfide (black) is precipitated from acid solutions 
of polonium salts by hydrogen sulfide (solubility 
product 5.5 X 10 “*®) ; it decomposes to the ele- 
ments at 275 ^C and 10/a pressure, a property uti- 
lized in the preparation of pure polonium metal. 

The halides are covalent, volatile compounds, 
resembling their tellurium analogs (P0CI4, yel- 
low; PoBr4, carmine; P0I4, black; P0CI2, ruby- 
red; PoBra, purple-brown; PoClaBra, salmon- pink) 
with the bivalent state more stable than the quad- 
rivalent ; the latter gives rise to face-centered cubic 
complex salts MaPoXe (X * Cl, yellow; Br, brick- 
red; I, black), where M is a univalent cation. The 
cesium salts are the least soluble. The quadrivalent 
halides in solution are reduced to the bivalent 
state (pink) by hydrazine, sulfur dioxide, or arse- 
nic (III) oxide (on wanning) and to the metal by 
tin (II) chloride, sodium dithionite, or titanium- 
(III) chloride. Complexes with organic molecules 
(for example, tributyl phosphate, dithizone, ethyl- 
enediaminetetraacetate), nitrosyl chloride, and 
ammonia are also known. 

The increased metallic character of polonium as 
compared to tellurium is shown in the formation of 
the salts Po( 804)2 (white, hydrated; deep pur- 
ple, anhydrous) and Po(N03)4 (white). Both are 
readily hydrolyzed, the former to 2P0O2 • SO3 
(white when cold and yellow when hot), the latter 
to a series of basic nitrates which may be polymeric. 
The basic salts 2Po02’Se0s and 2Po02‘Cr03 are 
alsa known ; they are analogous to tellurium sul- 
fate, 2Te02 * SO3. There is some evidence for a nor- 
mal chromate (yellow Po(Or04)2?) and a hexava- 
lent polonium/chromium complex acid. The ace- 
tate, cyanide, iodate, oxalate, and phosphate (all 
white) have b<^en prepared, and there is evidence 
for the formation of a vanadate and tartrate. 

Dettnninatlon. Polonium (Po*'®) is estimated 
by its o-emissicm, either by direct counting or 
calorimetrically ; in the latter case, the measure- 
ment dep^smds on the heat liberated by the stop- 
page of the disintegration a-particles within the 


sample. See Nuclear reaction; Radio ACTm-rv* 
Tellurium. ^ j 

Bibliography: K. W. Bagnall, Chemistry *oj \kt 
Rare Radioelements^ 1957 ; K. W. Bagnall et al^ 
The Polonium Chemistry Project^ Atomic Encrav 
Research EsUbl. (Gt. Brit.), C/R 2566 , 19^ 

Polyacryiate resin 

Useful polymers can be obtained from a variety of 
acrylic monomers, such as acrylic and methacrylic 
acids, their salts, esters, and amides, and the cor- 
responding nitriles. The most important monomers 
are 

CRz H 

COOCHs CH^=i— COOCJIj 

Methyl methacrylate Ethyl acrylate 

H 

CH2=C— CN 

Acrylonitrile 

Polymethyl methacrylate, ethyl acrylate, and a few 
other derivatives are discussed below. See Poly- 
acrylonitrile RESIN. 

Polymethyl methacrylate is distinguished as a 
hard, transparent polymer with high optical clar-4 
ity, high refractive index, and good resistance to 
light and aging. It and its copolymers are useful for 
lenses, signs, indirect lighting fixtures, transparent 
domes and skyligj^s, dentures, and protective coat- 
ings. 

The monomer may be prepared by the dehydra- 
tion and mpthanolysis of acetone cyanohydrin: 


0 


OH 



CHiOH 

(HiSOi) 


Acetone 


Acetone 

cyanohydrin 

C3Ij==G-GH3 

ioOCHi 

Methyl 

methacrylate 


Polymerization may be initiated by free-radical 
catalysts, such as peroxides, or by organomculhc 
compounds, such as butyl lithium. The frce-radica 
polymerization can be carried out in bulk, in 
tion, and in aqueous emulsion or suspension. Al- 
though solution polymerization is not commoi^ 
used, bulk polymerization is frequently employ 
in various casting operations, as in the formation 
of sheets, rods, and tubes, in the mounting of 0 
logical, textile, and metallurgical test specimcnjt 
and in dental applications. A 20 % reduction i» 
umc accompanidH the conversion of 
polymer. This makes it difficult to prepste artici ^ 
to predetermined dimensions by the cast Pfw^ 



nation technique. The problem is largely mini- 
niiscd by using a syrup of polymer dissolved in 
monomer or a dough of finely divided polymer dis- 
persed in a relatively small amount of monomer. 

Molding powders suitable for the injection mold- 
ing of dials, ornamental fixtures, and lenses may 
be prepared from the granules produced by aque- 
ous suspension polymerization or from the product 
of bulk polymerization. 

Solutions of polymethyl methacrylate and its 
copolymers are useful as lacquers. Aqueous latexes 
formed by the emulsion polymerization of methyl 
methacrylate with other monomers are useful as 
water-based paints and in the treating of textiles 
and leather. 

Polyethyl acrylate is a tough, somewhat rubbery 
product. The monomer is used mainly as the plas- 
ticizing or softening ingredient in copolymers. The 
relatively hard or leathery polymers of methyl 
methacrylate, vinyl acetate, or vinyl chloride can 
be made softer by adding moderate amounts of 
ethyl acrylate in the original polymerization. 

Ethyl acrylate may be produced by the dehydra- 
tion and ethanolysis of ethylene cyanohydrin which 
can be obtained from ethylene oxide: 


CHj CH2 

\ / 


HCN 
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CHa— CH2 

in CN 


C 1 H 1 OH 

(HtS04) 


Ethylene Ethylene 

oxide cyanohydrin 

CH2==CHC00C2H5 

Ethyl acrylate 


The monomer is also produced by the reaction of 
acetylene, carbon monoxide, and ethyl alcohol in 
the presence of nickel carbonyl. 

Polymerization may be effected by catalysts of 
the free-radical type. Copolymerizations with 
other monomers are frequently carried out in aque- 
ous emulsion or suspension. 

Other acrylic derivatives have been the subject 
of continuing interest. Methyl chloroacrylate and 
cyclohexyl methacrylate yield polymers with rela- 
tively high softening points and resistance to 
scratching. The butyl and octyl esters of acrylic 
acid yield rubbery materials. Addition of poly- 
lauryl methacrylate to petroleum lubricating oil 
improves the flowing properties of the oil at low 
temperatures and the resistance to thinning at high 
temperatures. See Acrylonitrile; Plastics fabri- 
cation; Polymerization. [j.a.m.; l.m.h.] 


Polyacrylonitrile resin 

A hard, homy, relatively insoluble, and high-melt- 
material. Polyacrylonitrile (polyvinyl cyanide) 
Is used almost entirely in copolymers. The copoly- 
®ter8 fall into three groups: fibers, pl^astics, and 
mbber. The presence of acrylonitrile in a poly- 
meric composition tends to increase its resistance 
to temperature, chemicals, impact, and flexing. 

Acrylonitrile is generally prepared by one of the 
Wlowing methods: 


PolypcrylMlIrlle tmifi 4Sf 

(1) Catalyzed addition of hydrogen cyanide to 
acetylene 

CHsaCai + HCN -p***^. CHf^CH 

(2) Reaction between hydrogen cyanide and 
ethylene oxide 

CH2 CHa + HCN CH*=^ + HOH 

V iN 

(3) Reaction between ammonia and propylene 

2CH8— CH=CHa + 2NH8 + SO 2 

2CH2==CH + 6H1O 

I 

CN 

The polymerization of acrylonitrile can be read- 
ily initiated by means of the conventional free-radi- 
cal catalysts, such as peroxides, by irradiation, or 
by the use of alkali metal catalysts. Although poly- 
merization in bulk proceeds too rapidly to be com- 
mercially feasible, satisfactory control of a poly- 
merization or copolymerization may be achieved in 
suspension and in emulsion, and in aqueous solu- 
tions from which the polymer precipitates. Copoly- 
mers containing acrylonitrile may be fabricated in 
the manner of thermoplastic resins. 

The major use of acrylonitrile is in the form of 
fibers. The high strength, high softening tempera- 
ture, resistance to aging, chemicals, water, and 
cleaning solvents, and the soft wool-like feel of 
fabrics have made the product popular for many 
uses such as sails, cordage, blankets, and various 
types of clothing. Commercial forms of the fiber 
probably are copolymers containing minor amounts 
of other vinyl derivatives, such as vinyl pyrrolli* 
done, vinyl acetate, vinyl chloroacetate, acryla- 
mide, or others. The comonomers are included to 
produce specific effects, such as improvement of 
dyeing qualities. 

Extensive use is made of copolymers of acryloni- 
trile with butadiene, often called Buna N rubbers, 
which contain 15-40% acrylonitrile. Minor amounts 
of other emsaturated esters, such as ethyl acrylate, 
which yield carboxyl groups on hydrolysis may be 
incorporated to improve the curing properties. The 
Buna N rubbers resist hydrocarbon solvents, such 
as gasoline, and abrasion and in some cases show 
high flexibility at low temperatures. 

In recent years, blends of vinyl polymers, such as 
polystyrene or polyvinyl chloride with small to 
moderate amounts of acrylonitrile or with an acry- 
lonitrile-butadiene copolyn^er, have represented a 
significimt advance in polymer technology. The 
products combine the hardness of the vinyl jmlymer 
and the impact resistance of the rubbery compo- 
nents. Some of the many applications are as mold- 
ing compounds for products possessing high im- 
pact resistance, such as pipe, and as sheets for 
structural uses, such as industrial ducts, refrigera- 
tor liners, and orthopedic devices. See Acrtloni- 
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TRUiE; Plastics rASRiCATioN; Polymer proper- 
ties; Rubber. [j.a.m.; l.m.h.] 

Polyalfceiie 

One of a class of organic compounds containing 
two or more ethylenic linkages in the molecule. 
These compounds are sometimes termed polyenes. 
They exist in the following three systems: 

1. The unsaturated linkages may be directly at- 
tached. These compounds are said to possess cumu- 
lative unsaturation. 

^c=(c===K:)n===<:'^ 

/ \ / \ 

Cumulative linkages 


2. The unsaturated linkages may alternate 
with single linkages, in which case the unsaturation 
is said to be conjugated. 


/ 


I \ I I I I / 

C=C — (C==lI) n — c=c 
\ / \ 
Conjugated linkages 


3. The unsaturated linkages may be separated 
by one or more carbons, in which case the unsatura- 
tion is said to be isolated. 




Isolated linkages 


Allene compounds are mainly of interest in 
studies involving the stereochemistry of organic 
compounds, since it is possible to synthesize op- 
tically active compounds which are mirror-images 
of each other. See Optical activity. 

Conjugated dienes are the most important group 
of polyenes because such compounds as butadiene, 
isoprene, and cyclopentadiene are included in this 
classification. See Diene. 

Isolated polyenes include the unsaturated hydro- 
carbon squalene which contains six isoprene units 
with six isolated double bonds. It is an aliphatic 
triterpene and is related to the carotenoids such as 
lycopene, the red coloring matter in tomatoes, 
and carotene, pro-vitamin A. See Alkene; Ter- 
pene; Triterpene. [c.a.c.] 

Bibliography \ H. Gilman (ed.), Organic Chem- 
istry, vol. 1, 2d ed., 1943. 

Polyamide resin 

A homy, whitish, translucent, high-melting poly- 
mer. Polyamide resins can be essentially trans|>ar- 
ent and amorphous when their melts are quenched. 
On annealing or cold drawing, they become highly 
crystalline and translucent. The polymers are used 
for fibers, bristles, bearings, gears, molded objects, 
coatings, and adhesives. The term nylon refers 
speoificaUy to synthetic polyamides which are cap- 
able of fmiiiiig fibers. See F^ber, man-made. 


Brief outlines of the preparations of oonuneroUI 
polyamides by (1) the reaction of dicarboiyhc 
acids with diamines, (2) the condensation of amino 
acids, and (3) the reaction of so-called polymer- 
ized vegetable-oil acids with polyamines are given 
in this article. 

Nylon-6,6 and nylon-6,10 are products of the con- 
densation reaction of hexamethylenediamine (6 
carbon atoms) with adipic acid (6 carbon atoms) 
and with sebacic acid (10 carbon atoms), respec- 
tively. By heating equimolar proportions of the 
two reactants, a polymeric salt is formed, 

H00C(CH2)4C00H + H2N(CH2)6NHa 

Adipic acid Hexamethylene- 

diamine 

[i^Hg(CH,),i&H,00C(CH,)4C00], 

*'Nylon-6,6 salt” 


which, on further heating, yields the polyamide 
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Nylon-6,6, a polyamide resin 


Because the end groups on the polymer can react 
on further heating, as in melt spinning, it is desir- 
able to add a very small amount of a monoacid or 
monoamine to the polymerizing mixture in order 
to prevent the formation of material of very high 
molecular weight. 

Nylon-6,6 and ny\^n-6,10 are used primarily for 
fibers; however, they are also employed in molding 
compositions. 

Nylon-6 and nylon- 11 are obtained by the self- 
condensation of c-aminocaproic acid and co-amino- 
undecanoic acids, respectively, 


H 2 N— (CH2)6C00H Nylon-6 

c-Aminocaproic acid 

NH 2 (CHa)ioCOOH Nylon-ll 
(tf-Aminoundecanoic acid 


Each molecule, containing both the amino and 
carboxylic groups, can condense to yield high poly- 
mers by reactions similar to those between the di- 
acids and the diamines. 

Nylon-6 can also be prepared by the polymeriza- 
tion of the lactam of c-aminocaproic acid, 
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Nylon*6 


Nylon-6 and -11 art used mainly as molding coB^ 
pounds for the production of machine parts, such 



gjj gears and bearings, and for electrical mount- 
ing^; they are also used as filaments, bristles, and 
film‘d. Nylon bearings and gears perform quietly 
and need little or no lubrication. 

The unsaturated fatty acids in vegetable oil (for 
e\ampl<*» linoleic acid) may dimerize or polymerize 
(0 low polymers through their unsaturated groups. 
The di- polycarboxylic acids obtained yield 
tough polyamides by condensation with di- or poly- 
jmines. These products are employed as coatings 
and adhesives and are also used in epoxy and phe- 
nolic resin formulations. See Plastics fabric a- 
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Polychaeta 

\ ( lass of the Annelida sometimes called Chaeto- 
poda These organisms are largely free-living, lit- 
eral in ncritir (coastal or shoieline) localities or 
planktonic in the open sea. or in deep ocean bot- 
loni" Thc\ are found in all parts of the world and 
iMdjr at dll depths, but are best known from the 
ii[)pcr no fathoms. 

Taxonomy. Polvchaetes aie classified into 64 fam- 
(ontdining alnuit 1600 genera and 10,000 spe- 
Hs riipv vdTv in si/e according t<» the species. The 
irgot are m the superfamily Eunicea and measure 
to WO mm in length. The smallest, among the Ar- 
liKi'm^Iidd. measure less than 1 mm. The extent 
>f ilif r diversity is exemplified in common or ge- 
furi' names such as in the following list. 


(ninninn name 
N mouse 
I lu ^\orm 
h worm 

I’l IS or bloodworm 

( I irn Horm 
'^ind worm 
VikI blister worm 
father duster worm 
bolder! crown worm 
booseberry worm 
lb pf builder worm 


(renus 

Arnphitrite : Aphrodite 

Areniro/n 

Cl r rat ulus 

Eunice; Glycera 

Neanthes, Nereis 

Nephtys 

Poly (I or a 

Sahella; Serpula 

Pectinaria 

Sternapsis 

Sabellaria 


Other descriptive names include fireworms (the 
Wphinomidae) , because of the stinging sensation 
when their harpoon-setae penetrate the 
"kin, and the bamboo worms (the Maldanidae). 

The large group of Polychaeta are conveniently 
•divided into the Errantia, meaning freelv moving, 
^^fid the Sedentaria, meaning lubicolous, but these 
terms have no strict morphological application be- 
f'ause many of the first are tubicolous and some of 
the second are errant. The use of the terms Phan- 
erorephala, meaning head exposed, and Crypto- 
^^phala, or head concealed, parallels that of the 
set of words. It is Impossible to separate the 
assemblage of families except to ally certain 
Sfoupjj. such as the Aphroditea for the scalc-bcar- 
Worms, the Eunicea for those with charactetis- 
jaws, and the Serpulea for those with a pin- 
J‘ttel\ divided crown. This leaves the majority of 
‘^^Pilies and species unattached. It is customary to 
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place the elytral-bearing aphroditids at one end, 
and the operculated serpulids at the other. The 
chart indicates the arrangement as currently used. 
Errantia 

Scale worms and allied families 
Aphroditidae 
Polynoidae 
Polyodontidae 
Sigalionidae 
Pareulepidae 
Chrysopptalidae 
Palmyridae 
Pisionidae 

Fireworms and allied families 
Amphinomidae 
Euphrosinidae 
Spintheridae 

Leaf worms and allied pelagic families 
Phyllodocidae 
Lopadorhynthidae 
Tospilidae 
Pontodoridae 
Lacydonidae 
Alciopidae 
Tvphloscolccidat 
T(»mo|)leridae ((Wmnocopa) 
llesionidac 
Pilaigiidde 
Svllidae 
Nereidae 
Neplit vidae 
Sphaerodoridae 
(/hceridae 
Goniadidae 

Snperfamilv Eunicea 
Onutihidae 
Eunic idac 
Lumbi Inet idae 
Arabellidae 
Lysaretidae 
Dorvilleidac 

Parasitic families 
Histriobdellidae 
Ichtyotomidae 
Myzo^^tomidea 
Myzo«- torn idae 
Protomyzostomidae 
Mesomy zostoin id ae 
.Stelechopidae 
Sedentaria 

Orbiniidae 

Paraonidae 

Apistobranchidae 

Anterior end with a pair of long palpi 
Spionjdae 
Magelonidae 
Longosomidae 
Disomidae 
Chaetopteridae 

Fringe worms 
Cirratulidae 
Ctenodrilidae 
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Limivores 

Scalibregmidae 

Opheliidae 

Sternaspidae 

Capitellidae 

Arenicolidae 

Maldanidae 

Oweniidae 

Anterior end with retractile oral tentacles 
Flabelligeridae 
Sabellariidae 

Pectinariidae (cone worms) 

Terebellidae 

Trichobranchidae 

Feather duster worms 
Sabellidae 
Serpulidae 


MORPHOLOGY 

Head. The head or prostomiuni may be a simple 
or secondarily annulated lobe in front of, or above, 
the mouth; it may be pushed far back (Fig. 1), 
or be retractile into one of the first few segments. 
It may have simple eycspots or complex, lenticular 
eyes. Complex eyes are best developed in pelagic 
polychaetes. Antennae are sensory, threadlike 
structures (Fig. 2a,h) in various arrangements. A 
caruncle or fleshy sensory organ is characteristic of 
many Errantia and is sometimes highly developed, 
as in the fireworms, Hermodice (Fig. 3) and Am- 
phinome ( Fig. 2a ) . 

Peristomiuin. The peristomium or first ring may 
be a simple smooth ring surrounding the mouth 
with its ventral part forming the lower lip, or it 
may have setae and be variously modified to form 
complex structures. Examples are the tentacular 
crown (Fig. 4) of a sabellid, Fabricia, and the 



Fig. Y. Spinther, in dorsal view, showing the small 
prostomium set for bock, the dorsal anus, and the 
transverse poropodial folds. 



fused^ paired palpi 

prostomial antennae 
prostomial eyes 



trepon 


Fig. 2. (a) Amphinome, anterior end in dorsal view, 

showing the prostomium, caruncle, and first two seg 
ments. (b) Exogone, anterior end in dorsal view, show 
ing the anterior end of the alimentary tract with tre- 
pan. 



Fig. 3. Hermodice, anterior end . ^tjlorsdl view, 
ing the prostomfOm with four antennae, 1®^®® 

median caruncle, ond parapodiol ranchiae. 






Pig 4 Fabncia, anterior end in ventral view, showing 
feathery crown and paired palpi 


(»p(nijlum (Fifs 5) of a serpiiltd, Chitinopoma It 
nnv fuse with some of the moie posterior segments 
to form a (onspnijous food-gathering organ A 
pair of smaller or larger palpi (Fig 4) are lypi- 
( illv peristomial organs and function in food sele< 
non 

Trunk. The trunk in many Aphroditea (onsists 
of a dehnite number of segments whereas in Eu- 
nuea the number is indefinite with as few as 6, or 

many as 770 segments. They may be similar to 
< rif another to form a long wormlike body or be 
modified into specialized regions such as thorax 
ihdomen, or tail. Most or all body segments have 
paired senes of fleshy lateral expansions of the 
body wall, railed parapodia. They may be single 
lunirainous) or double (biramous), consisting of 
a dorsal branch (notopodiiim) and a ventral branch 
^neuropodiiim). Each has characteristic lobes or 
other soft fleshy processes named according to 
form or function, as tentacles or cirri, eivtra or 
‘scales, fringe, branchia (Fig. 3), or folds (Fig 1) 

Parapodia. Parapodia may be penetrated by 
‘Jpcreted rods called acicula (entirely embedded) 
or by setae (emergent and retractile) of charac- 
^<‘ristic form. Setae are secretions of specialized 
^’Hls within the bases of parapodia. They continue 
^0 develop throughout the life of the individual 
and are replaced as required. Often they form 
tnuliiple series, and in many Sedentaria they may 
occur in thick palisaded series of many hundreds 
^^erpula, Owenia), Setae show extraordinary de- 
velopment, so that it is often possible to identify a 
Polvchaete specifically from a single characteristic 
Examples are the combs or pectinae of a 
^cphtyid, Aglaophamus (Fig. 6a), and an orbiniid, 
^aineris (Fig. 6b). Disoma has brushes of unique 
Harpoonlike setae or spears arc conspicuous 


Polychoata 463 

in Phylo. The operculum of Sabellaria is strength- 
ened with paleae which differ in outer (Fig. 6c) 
and inner (Fig. 6d) rows. Many Sedentaria have 
avicular hooks or uncini peculiar to family or ge- 
neric groups such as those of terebellids (Fig. 7a), 
sabellids (Fig. 76), and serpulids (Fig. 7r). 

Setae. Setae may be simple (Fig. 6g) or compos- 
ite (Fig. 6/). They may be distally hooded (Fig, 
6h) or transversely ridged (Fig 6f). The various 
kinds of setae function in progression for maintain- 
ing grip, for swimming, as organs of defense or of- 
fense, and in reproductive phenomena. In some pe- 
lagic polychaetes setae are lacking and parapodia 
are modified a** paddles or oars. In some scale 
worms the dorsal setae are modified to form a dor- 
sal felt, and in some polvodontids a complex glan- 
dular organ secretes the threadlike mesh which 
forms thickly matted tubes. 

Alimentary tract. The alimentary tract shows 
many departures from a simple cylindrical tube. An 
anterior end or probosc is can be eversible as a soft 
simple or divided pouch, or as a long, richly 



Fig. 5. Chitinopoma, showing tentacular crown and 
operculum 



Fig. 6. Various types of setae, (o) Pectina of o neph- 
tyid, Aglaophamus. (b) Pectina of on orbiniid; Nainaris. 
(c) PolefQ of Sabellatia from on outer row. (d) Inner 
row poleo of Saballaria. (e) Brushlike plumed seto 
from Oisoma. (f> Composite seta of the syllid, Exggane. 
(g) Simple seta of the sabellid, Fabrida. (h) A hooded 
seta, (f) A ridged seta. 




Rg. 7, Uncini of (o) Amphitnfe, a terebellid; (b) Fa- 
brida, a tabellidi, (c) Chifinopoma, a serpulid. 


adorned tube terminating distally in hard, chiti* 
nized jaws. A part of the digestive tube may be in 
the form of a trepan (Fig. 26). In the Errantia it 
ib usually more highly evolved than in the Seden- 
taria; in the former it is often eversible, in the lat- 
ter seldom or never. 

Nervous system. The nervous system consists of 
a brain or dorsal cephalic ganglion, connected 
to single or multiple ventral cords by circumeso- 
phageal connectives. Various ramifications of this 
system innervate the fleshy membranes and form 
networks of great complexity, especially in hetero- 
nereid epitoke stages. In many Sedentaria the pe- 
ripheral nervous system is accompanied by a giant 
fiber system, functioning in phenomena of abrupt 
response. 

Respiratory system. The respiratory system is 
variously developed and externally manifest as epi- 
thelial outgrowths called branchiae or gills. They 
are simple filaments or much divided as in Hermo- 
dice (Fig. 3). Typically each lobe is penetrated by 
vascular loops, making connections with transverse 
vessels. They effect a more rapid exchange of oxy- 
gen with respiratory wastes. 

Circulatory system. The circulatory system con- 
sists of median and longitudinal dorsal and ventral 
vessels, continuous at either end, and with se^en- 
tally arranged transverse connectives, extending to 
all parts of the body. The genera] direction of flow 
is forward in the dorsal and backward in the ven- 
tral vessel. Pulsation emanates from a part of 
the dorsal vessel which may be modified as a 
heart. A cardiac or heart body, present in many 
Sedentaria, is musculariased, functioning to stimu- 


late more rapid flow of the blood. Reduction of the 
vascular system to an open one occurs in many £r- 
rantia. 

The blood may be colorless, reddish, greenish 
bluish, or yellow. Recent studies by H. Munro Pox 
have demonstrated the presence of a dichroic (red- 
green) respiratory pigment called chlorocruorin 
which appears red in concentrations and green in 
dilutions. This is present, with red hemoglobin, in 
at least some species of Serpula, Both pigments are 
allied to hemoglobin of vertebrate blood and differ 
in their reactions, especially the degrees of aSBnity 
for oxygen and carbon dioxide. See Respiratory 

PIGMENTS. 

Excretory system. Excretion .^or elimination of 
liquid wastes is accomplished by ^gmental organs 
or nephridia. In many Errantia they are closed at 
their inner ends and terminate in clusters of small 
cells called solenocytes. Most Sedentaria and some 
Errantia have more highly evolved nephridia, in 
which the inner ending is a ciliated funnel and the 
tube is spiralled or twisted. At maturity such 
nephridia may function to release gonadial prod- 
ucts. 

Reproductive system. The reproductive system 
may be simple or complex. In the simplest form the 
sexes are separate and the generative cells are pro 
liferated from the coelomic walls, then shed into 
the coelom where the cells mature. The external 
form of the body often changes, either in color oi 
surface texture, or a radical change may occur 
such as long swiyfming setae replacing normal 
ones. Parapodial lobes may become greatly en- 
larged, and many changes, both outside and inside 
the body, cause a metamorphosis. Familiar exam- 
ples are the heteronereids of the family Nereidac, 
and the dimorphic phases of the Syllidae, illus- 
trated by the polybostrichus (Fig. 8) of the male, 
and the sacconereis of the female. In these cases 
the adult is pelagic and called an epitoke, whereas 
its nonpelagic phase is an atoke. 

In some polychaetes such as Ophryotrocha, a 
shorter and younger male phase is followed by a 
longer and older female, or changeover from fe- 
male to male phases may result from ablation of a 
posterior part. In hermaphrodites both male and fe 
male elements are concurrently present, usually in 
different parts of the body, and cross-fertilization 
sometimes necessary to ensure viable offspring. 

Release of ova may be through special gonoducts 
or through modified nephridia, or by disruption of 
the body wall, as in the palolo worm. The fertilizo^^ 
ovum gives rise to a small spherical, ciliated larva 
called a trochophore, which may maintain a short 
or long existence in the plankton. Often the earliest 
stages are not planktonic, but modified to develop 
either in the tube of the adult or in special cocoons 
or egg capsules. Larval life may be short or long* 
varying from a few hours to Metamorpho- 

sis from larval to«adult gradual* 

abrupt as in Sabellaria where%M^^erwir region i* 
abruptly telescoped into the first several segme*^® 




prottomial 
aniennae 
nuchal papilla 
paristomial cirri 
pre-epitolcal 
segment 


pitokal segment 


swimming setae 


dorsal cirrus 


I mm 


lost-epitokal segment 
anal process 

Fig 8 Autolytus, male polybostrichus epitoke, in 
dorsal view, showing modified regions of the body 


to form an operruJiiin. In some rases the larva is 
iie( and the adult is adapted to commensalism ex- 
(niphfied in Spinther (Fig. 1) in which the adult 
1 ^ greatly modified to live on certain kinds of 
sponges 

An effective but less common method of repro- 
duction is by posterior proliferation, variously 
ailed budding, chain formation, transverse fission, 
ind fragmentation. Numerous kinds of syllids and 
some serpulids are well-known examples. See Re- 
I’RomiCTlON, ANIMAl. 

Regeneration. Regeneration or replacement of 
lo‘^t parts is very strongly developed. Polvchaetes 
generally replace lost organs, such as parapodia, 
tentacular crowns, or tails, and some cirratulids 
(an regenerate entire individuals from single seg- 
ments. Aiitotomy, or the throwing off of damaged 
parts, frequently precedes regeneration. See Au- 
roTOMY; Regeneration (biology). 

FOOD AND ECOLOGY 

Food. Many polychaetes are deposit feeders, sub- 
■'Nting on nutrient particles contained in the sub- 
‘^trata they occupy. I^arge amounts are engulfed by 
d scooping action with the aid of an eversible part 
of the alimentary tract. Nondigestible fractions are 
t*uher expelled orally or extruded through the anal 
aperture. The eoiled castings of Arenicola on some 
intertidal beaches are striking examples of the 
amounts of sediments stirred up. Many Seden- 
Uria are filter feeders and have highly modified 
(ood-gathering devices, such as the tentacular 
crowns of Serpulea and Tcrebellidae, and the cili- 
aied grooves of spioniform annelids. A ciliary 
**tcchani8m functions to propel food particles to- 
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ward the mouth. Many polychaetes, especially 
those with an eversible proboscis, have special cap- 
turing or holding devices. Such are the large for- 
midable jaws and paragnaths of many Eiinicea and 
Nereidae; they function not only to capture living 
prey, but to grasp and tear off sizable pieces of 
algae and other forms of attached life. 

Most polychaetes arc free-living but some are 
partly or entirely dependent on another animal, ei- 
ther as a commensal (without apparent damage to 
the host species) or as a parasite (more intimately 
associated with a host and presumably injurious to 
it). 

Among the scale worms some genera, Arctonoe, 
Hesperonoe, Le pi d asthenia and Halosydna^ among 
others, are frequently associated with hosts of se- 
lected kinds, existing either near or along some 
part of the host which serves as a food canal. 
Among the Eunicea, Iphitime occurs in the bran- 
chial chamber of large crabs; Lahidognathus is 
found in the coelom of other polychaetes; the he- 
sionid, Podarke, is usually associated with certain 
species of asteroids, but is sometimes free-living. 
All Myzostomes are parasitic on or in comatulid 
echmoderms (sea lilies). 

Ecology and distribution. Most polychaetes are 
marine and reach their peaks of abundance in 
littoral zones of all seas. They are largely steno- 
haline. that is, they exist in sea water of certain 
salt concentrations. A few, exemplified bv some 
nereids, nephtyids, capitellids. and sabellidwS, ate 
curyhaline, or can withstand the freshening effects 
of streams at their effluent into the sea. Fewer are 
fresh-water or terricolous; best known in the 
United States is a small sabellid, Manayunkid 
teidyU occurring in the sediments of the Great 
Lakes and tributaries along the eastern Atlantic 
states. 

Distribution of kinds is determined by such fac- 
tors as latitude, depth, temperature, proximity to 
land masses, and kinds of sediments. The fireworms 
or amphinomids are largely tropical in circummun- 
dane areas. Eunicea and Chaetopteridae are most 
abundant and diverse in tropical and neotropical 
zones, but have many representative.s of different 
species in colder seas. Polynoids, maldanids, neph- 
tyids, and nereids are largely temperate. See An- 
nelida; Fbesh-watfr ecosystem; Mahine eco- 
system. fo.H.] 

Bibliography: W. C. Kiikenthal and T. Krum- 
bach (eds.), Handbuch der Zoologies voL 2, pt. 
2, 1931. 

Polydadida 

A class,, of marine Turbellaria which are several 
millimeters to several centimeters in length and 
whose leafiike body has a central intestine with 
radiating branches. Most species live in the littoral 
zone on the bottom, on seaweed or on other objeotg, 
or as commensals in the shells of mollusks aAd her- 
mit crabs. None are parasitic^ Except in waihna wa* 
ters, they are seldom brightly colored. 
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Stylochus ^llipticus. Length to 150 mm. [After A. S. 
Pearse, 1938) 


Usually they have many eyes, and tentacles are 
frequently present. Frontal organs and statocysts 
are absent and adhesive organs are rare. The epi- 
dermis is covered with cilia and contains numerous 
rhabdite glands. Near the middle of the body is the 
mouth, followed by the plicate pharynx which opens 
into the central cavity of the intestine. The brain 
lies anterior to the pharynx, with a number of nerves 
radiating from it, but the two nerves which parallel 
the pharynx are usually the largest. Ovaries and 
testes are numerous and scattered, but yolk glands 
are lacking. Sperm ducts connect the testes with the 
copulatory apparatus which is variable in structure 
and often multiple rather than single. Insemination 
occurs through copulation or hypodermic impregna- 
tion. The entolecithal eggs usually accumulate in 
the oviducts or uteri and after fertilization pass to 
the exterior through the vagina. Lang’s vesicle, a 
bursa with a long stalk, is generally present. Mul- 
ler’s larva, the only free larval stage known in the 
Turbellaria. is found in some polyclads, but is lack- 
ing ih most. This larva may indicate an evolutionary 
link between the Turbellaria and the Ctenophora, 
and between the Turbellaria and the Annelida. 

Notoplana and Stylochus are two of the largest 
and best known genera of polyclads with repre- 
sentatives from both coasts of North America. In 
particular, species of Stylochus are often large 
forms 5 centimeters or more in length. See Tur- 

BEtLARIA, [E.R.J.] 

Bibliography I R. Stummer-Traunfels, Polyclads 
ida^ in H. G. Bronn (ed.), Klassen und Ordnungen 
4ts Tierreichs,voL 4, 1930-1933. 


Polyester resins 

Polymeric materials in which ester groups 

0 


0 — 

are in the main chains. The aliphatic polyesti^ 
tend to be relatively soft, and the aromatic 
tives are usually hard and brittle or tough* 
properties of either group may be modified 'by 1 
cross linking, crystallization, plasticizers, or fillsDfs, | 

The commercial products are alkyds which ai^ ) 
used in paints and enamels, unsaturated polyestan 
or unaaturated alkyds which a% used extensmly 
with fiber glass for boat hulls and panels, poly, 
ethylene terephthalate which is used in the form of 
fibers and films, and the aromatic polycarbonates* 

This article is devoted mainly to these four prod- 
ucts. The polydiallyl esters are frequently listed 
with the polyesters and will be briefly mentioned. 
However, their polymers are not true polyesters as 
defined above. 

Alkyds. The alkyds have been in common use as 
coatings since World War I. In the beginning, they 
consisted almost entirely of the reaction products 
of o-phthalic anhydride and glycerol, and pigment. 
Because the functionality of the system is greater^ 
than two, a cross-linked insoluble polymer is 
formed. The fully cured product is quite hard and 
brittle. Flexible imd tough materials can be pro- j 
duced by incorporation of monobasic acids or j 
monohydroxy alcohols in proportions suflicient to \ 
increase flexibility but insufficient to prevent cur- | 
ing. Combinations of conventional vegetable dry- J 
ing oils and alkyd resins represent the basis of | 
most of the oil-soluble paints. For example, by 1 
heating a mixture of dehydrated castor oil, the ^ 
glycerol ester of linoleic acid, with suitable pro- ^ 
portions of glycerol and phthalic anhydride, an a 
oil-soluble polyester is formed. A common ofl j 
paint is produced by the addition of thinnew* j 
such as aromatic hydrocarbon solvents, a pahft j 
drier such as cobalt octoate, and pigments. By,<«- j 
posure to air in the presence of the paint dryer, j 
unsaturated diene groups of the linoleic ester p4y" j 
merize to yield a tough, weather-resistant coAtUSf«iJ 
.See Drying oil; Polymerization. "I 

The drying oil-alkyd described above may ^ -j 
further modified by the inclusion of a 
monomer, such as styrene, in the original 
fication process. Some of the styrene polymcrWVj 
perhaps as a graft polymer, and the 
polymerizes and copolymerizes in the final 
or curing of the paint. 

Unsaturated polyesters. The unaaturated 
esters were developed during and ahojAy 
World War 11. In combination with glass 
found immediate applicatiig|te as panda* 
domes, boat hulTs, and praS^ive artaor 1 
diers. The compositions are .distingtiistia^ ty ^ 
of fabrication and high impact resistance. | 
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Glycerol 


0 
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Cross din ked resin 


\ low-molecular-weight, unsaturated polyester 
intermediate is first produced. The reaction of 
iiidleic anhydride with diethylene glycol is typical, 

HC —CH 

+ IIOClIzCHaOCHaCHaOH — 

0 c c— 0 

0 

\Iilci( anhydride Diethylene glycol 

r O 0 -1 

II II 

L— OCCH CHC()CH2CH20CH2CH2— Jn 

IJnsalurated polyester 

lilt* product is a viscous oil of molecular weight 

12000 m)o. 

The low-rnolecular- weight unsaluraled polyester 
v\ill (FOSS link in the presence of a peroxide by 
npolvmenzalion with styrene or other vinyl 
nionomeis. The unsalurated maleic group copoly- 
nun/es in essentially a 1:1 ratio with styrene. 
Tht relore, each styrene molecule which reacts 
^'ffntiselv joins two ester chains together to yield 
m insoluble cross-linking structure, such as 


0 


() 


( )CCH-=CHC()CH2CH2(>CH2(JH2— ] „ 
Unsaturated polyester 


Co* 


Styrene 


0 


0 


— ()CCHCHC0CH2CH20CH2CH2 
H^H 

0 o 

— o1!:chch(!:och2CHiOCH2CH, 

4-0 

Crossdinked structure 


Jn 


The commercially available intermediate unsatu- 
rated polyesters usually contain about 30% styrene 
or other vinyl monomer. On addition of a peroxide 
or other free- radical catalyst and a paint drier, the 
copolymerization starts. In this stage, the resin 
may be handled as a viscous fluid for a few minutes 
to a few hours, depending upon the activity of the 
catalyst. The viscous liquid may be applied to glass 
fiber (with a special suiface treatment) in the form 
of matt, tow, roving, or cloth, with precautions to 
eliminate air bubbles and to avoid bubbles that 
may be caused by overheating as a result of too 
rapid curing. The surface of the glass fiber must 
have been given a special finishing treatment in ad- 
vance for the polyester to adhere strongly. Glass 
fibers treated with a vinyl silicone or an organo- 
chrome complex are commercially available. 

In the absence of the paint diier, oxygen of the 
air has an inhibiting effect on the curing process 
with the result that the surface of the product 
remains soft after the inner portions have hardened. 
In the presence of a paint drier, such as cobalt 
naplithenate, this skinning effect is eliminated. 

In recent years, a number of modifications of the 
composition described above have been made. Other 
acids, other glycols, and various combinations may 
be used to vary properties, such as flexibility, of 
the final product. The chlorinated derivatives have 
higher resistance to burning. By varying the free- 
radical initiator, the optimum temperature required 
for curing may be varied. There are thermosetting 
molding compositions which have glass fiber as a 
filler, and a catalyst which is relatively inactive at 
ordinary temperatures. The mixture is cross linked 
in the heated mold by the conventional process for 
thermosetting molding compounds. 

Polyethylene terephthalates. The aromatic poly- 
esters which have achieved general importance 
are the polyethylene terephthalates 


O 0 





OCHsCHj— 


which yield very strong and chemically resistant 
fibers and films. Polyethylene terephthalate is die 
principal ingredient of the polyester fibers that are 
available in this country and in Europe. 

The preparation of the polymer involves several 
steps. First, the dimethyl or diethylene glycol ester 
of terephthalic acid is produced and isolated. 
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O 0 

HC>— C-/~V-C— OH + 2CH»OH 

Terephthahc acid Methanol 

O 0 

II r~\ It 

CHjOC—f ^C— 0CH8 + 2H20 
Dimethyl terephthalate 
0 0 

BO— H— OH + 2 HOCH 1 CH 2 OH 

Terephthalic acid Ethylene glycol 

O O 

HOCHjCHjOC OCHaCHaOn + 2H2O 

Diethylene glycol terephthalate 

Dimethyl terephthalate is then converted to poly- 
ethylene terephthalate through ester interchange 
by heating with ethylene glycol in the presence of a 
catalyst. Further heating under vacuum of the 
condensate eliminates the methyl alcohol and any 
excess ethylene glycol and low-molecular-weight 
polymers, and results in the formation of high- 
molecular-weight, amorphous polyethylene tereph- 
thalate. If the diethylene glycol ester is utilized 
instead of the dimethyl ester, further heating under 
vacuum yields the polymer with the elimination of 
the excess ethylene glycol. 

Ethylene glycol is obtained by the oxidation of 
ethylene and terephthalk acid by the oxidation of 
p-dialkyl benzenes such as p-xylene or p-cymene 

As first produced, the polymer is usually amor- 
phous, but it readily crystallizes on reheating or on 
extension of the spun filaments or cast or extruded 
sheets. Polyethylene orlhophthalate does not crys- 
tallize readily, nor does it yield useful fibers and 
films. Polyethylene terephthalate does crystallize 
readily, and has the very high (r>stalline melting 
point of 249*^0. See Polymfr propfriies. 

The fiber is resistant to mildew and moths. It is 
used frequently in combination with cotton for 
women’s wear and men’s shiits. Its chemical and 
heat resistance have placed it in demand for sails 
and cordage. 

The film is tough, strong, and insensitive to 
moisture. It is used for special packaging, as pho- 
tographic film, in electrical transformers and ca- 
pacitors, and in high-strength laminates. 

Aromatic polycarbonates. These are a strong, 
tough group of thermoplastic polymers formed 
most frequently from bisphenol A and phosgene. 
The product are distinguished by high softening 
temperatures, usually greater than 140°C, and 
high impact resistance. 

The reaction between bisphenol A and phosgene 
leads to the polycarbonate and the evolution of hy- 
drogen chloride. Bisphenol A is obtained by the 
condensation of phenol and acetone, and phosgene 
is prbduoed by the reaction of carbon monoxide 
with chlorine. 


The polymer has recently become commeiciall 
available in this country as a molding compound^ 1 
it is being recommended for electrical hougm v 1 
and as a replacement for metals in certain apphea'^ 
tions, such as die castings and brass and zinc bear 
ings and bushings. Because it combines high m 
pact strength and high softening temperature (for 
a thermoplastic), the product may be expected to 
grow into many applications. 

CHa O 

no- + Cl— c— Cl 


CH 3 


Bisphenol A Phosgene 



Polycarbonate 


Polydiallyl esters. These are polymers of didlhl 
esters, such as diallyl phthalate, diallyl tarbondte 
diaJly] phenyl phosphonate, and diallyl stunnaii 
in which cross-linked products are prod in ed 1)\ 
polymerization of the ally! groups, as in iht la < 
of diallyl phthalate* 

0 0 

(| II Pnroxifl^ 

CH2=CHCIl2()C COCH2CH -CH2 



Diallyl phthalate 

O 0 

CH2CHCH2OC COCH2CII eWi 



Cross-linked polymer 

Thermosetting molding compounds may be pro 
duced by careful limitation of the initial polvmeri 
zation to yield a product which is fusible 1 hen tin* j 
polymerization and curing are completed in the 
final molding operation. 

Copolymers of diallyl phenyl phosphonate with 
methyl methacrylate may have a refractive index 
equal to that of glass. Class fiber laminates of the 
product are almost clear, and arc resistant le 
burning. See Plastics fabrication. 

fj.A.M.t L.MH 

Polyether resins 

Thermoplastic materials which contain ether-ox) 
gen linkages, — C — O — C — , in the polymer chain 
Depending upon the nature of the reactants an^ 
reaction condit^ns, polyethers with a wide rang 
of properties may be prepj^ed. 

Three main groups of polyethers fat 
(1) epoxy resins, prepared by the polyni#***^* ; 



of aromatic dtepoxy compounds; (2) polyoxyeth- 
^lene and polyoxypropylene resins, polymers of 
ethylene and propylene oxides, respectively; and 
(3) polyoxymethylene, a high polymer of formalde- 
hyde Other polyethers, obtained by the etherifi- 
cation of diols and polyols, such as pentaerythritol, 
are becoming available. See Polyoxyfthylation 
O f alcohol. 

Epoxy resins. The epoxy resins form a relatively 
new (lass of cross-linked polyethers characterized 
bv excellent chemical resistance, adhesion to 
jFla-.s and metals, electrical insulating properties, 
and ease and precision of fabrication. 

In the preparation of these products, a low- 
rnolcf ular- weight diepoxy compound is first mixed 
with (.ross-linking agents, fillers, and plasticizers 
and then allowed to cure either at room tempera- 
ture or with the application of heat. 

The intermediate diepoxy compounds are con- 
densation products of epichlorohydrin and aro- 
indtK diols and are available commercially. An 
example is the product of the reaction of epichloro- 
Indrin with bisphenol A: 


The type of curing agent employed has a marked 
effect on the optimum temperature of curing and 
has some influence on the final physical properties 
of the product. By judicious selection of the cur- 
ing system, it is possible to carry out the curing 
operation at almost any temperature in the range 
a-200°C. 

Various fillers such as calcium carbonate, metal 
fibers and powders, and glass fibers are commonly 
used in epoxy formulations in order to improve 
such properties as the strength and resistance to 
abrasion and high temperatures. Plasticizers, such 
as i ertuin oils and resin'», may also be incorporated 
in an epoxv formulation in order to increase elas- 
ticity and decrease brittleness. Some plasticizers, 
such as merca plans and poly amines, become per- 
manently hound to the epoxy groups and are usu- 
ally called flexibilizers. 

Because of the small density change on curing 
and because of their excellent electrical properties, 
the epoxy lesins are used as potting or encapsulat- 
ing compositions for the protection (d delicate 
electronic assemblies from the thermal and me- 


GIl, Cll CH2CI -f HO 
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Bisphenol A 


OH 4- NdOH 


Sodium 

hydroxide 
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Intermediate resin 



The liquid or solid intermediates obtained are 
quite stable, but do not have useful physical prop- 
eilies until they are polymerized further, by the 
addition of a curing or cross-linking agent, in a 
ttidnner similar to addition polymerization. Poly- 
merization may be initiated by catalysts such as 
boron trifluoride or tertiary amines. Alternatively, 
‘'ompounds containing a reactive hydrogen atom 
‘‘iKh as organic acids, alcohols, mercaptans, and 
primary and secondary amines can also serve as 
ratalysts. 


CH2 CHa -h NHa— R— NHa + CHa GH~ 

\ / \ / 

0 o 


^rid group of Amine End group of 

intermediate Compound intermediate 

resin resin 


— CH— CHa -NH— R— NH— Cda-^-CH— 

OH in 


Cross-linked resin 
(which can react further through 
>NH or -r-OH groups) 


c hdiiical shock of rocket flight. Because of their di- 
mensional stability and toughness, the epoxies are 
used extensively as dies for stamping metal forms, 
such as automobile gasoline tanks, from metal 
sheeting. 

Products with tensile strengths approaching 
those of steel can be made using fibrous fillers. 
Sheets and cylinders containing epoxy resin in 
combination with glass cloth have been produced 
with tensile strengths in the range of QO^COQ-lOO,- 
000 psi. 

The adhesive properties of the resins for metals 
and their relatively high resistance to heat and to 
chemicals have made the epoxy resins useful for. 
protective coatings for metals and for metal-to- 
metal bonding. 

Polyoxyolefln resins. Polyoxyethylene and paly* 
oxypropylene are thermoplastic products whose 
properties are greatly influenced by molecular 
weight, and in the case of polyoxypropylenS^ by 
the nature of the polymerization catalyst. In' gen* 
eral, the polymers are relatively stable as th^ are 
prepared. 
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«CHj CH* 
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Ethylene oxide 


Catftlyst 


( — CH2 — CH2 — 0 — ] n 


Polyoxyethylene 


nCHa CH 2 — CH 3 

Propylene oxide 


Catalyst 


(— CH*-CH— 0 — ]„ 
CH, 

Polyoxypropylene 


Low-tOf^moderatc molecuJar-weight polyoxyeth- 
yli#8 vary in form from oils to waxlike solids, 
l^y are relatively nonvolatile, are soluble in a 
variety of solvents, and have found many uses as 
thickening agents, plasticizers, lubricants for tex- 
tile fibers, and components of various sizing, coat- 
ing, and cosmetic preparations. The polyoxypro- 
pylenes of similar molecular weight have somewhat 
similar properties, but tend to be more oil-soluble 
(hydrophobic) and less water-soluble (hydro- 
philic). 

Nonionic surface-active agents can he prepared 
from Cio — C 20 fatty alcohols and acids by the con- 
densation of some 5-40 ethylene oxide groups, for 
example, 

CuHmCOOH + 2 OCH 2 — CHs 



Laurie acid Ethylene oxide 

CiiH 23 C()O(CH 2 CHO) 20 H 

A nonionic detergent 


An interesting commercial example of a block co- 
polymer has been produced by polymerization of 
propylene oxide onto polyoxyethylene to yield a 
linear chain with sequences of the two compounds. 


[— CHz—CHO— ]* -h 7CH2 CH2CH3 

\ / 

0 

Polyoxyethylene Propylene oxide 
[— CH2-CHO— 1 x-l— CHi 


CH— 0— ly 

in. 


in which x and y may be in the range 10-100. The 
hydrophobic-hydrophilic balance necessary for sur- 
face activity is achieved because the polyoxyethyl- 
ene sequence is relatively hydrophilic and the poly- 
oxypropylene sequence is relatively hydrophobic. 
See Polymerization. 

Oil-water emulsions prepared by use of the prod- 
uct have remarkable stability to both hydrophilic 
and hydrophobic precipitating agents. 

Solid, high-molecular-weight, crystalline poly- 
mers of ethylene oxide and propylene oxide have 
been prepared by use of special catalysts. The 
polymer prepared from ethylene oxide in the pres- 
ence of strontium carbonate is highly crystalline 
and melts at about 66^C. It is water-soluble, resist- 
ant to Otis and greases, and is recommended for 
thicketung and siaing applications and for ex- 
truded or cast films. 


Crystalline, high-molecular-weigbt polyoxypro- 
pylenes with melting points up to about 74®C have 
been prepared with three groups of catalysts* 
(1) solid potassium, (2) complexes of ferric or 
stannic chloride with propylene oxide, and (3) cer- 
tain metallic alkyls such as aluminum triethy]. By 
starting with optically active propylene oxide, an 
optically active polymer is produced. 

Poiyoxymethylene. Polyoxymethylene has a 
high molecular weight and is a very tough and 
strong thermoplastic material. The product has re- 
cently become commercially available, and has 

0 

nHCH [_CH^O_]„ 

Formaldehyde Polyformaldehyde or 
polyoxymethylene 

promise for diverse uses in molded and extruded 
articles because of its high strength and toughness, 
and its chemical and electrical properties. It is rec- 
ommended for carburetor parts, oil-resistant elec- 
trical cable sheathing, pump impellers, and water- 
sprinkler gears. The tendency of polyoxymethylene 
to depulymerize on heating has been eliminated in 
the commercial product, presumably by use of a 
polymerization system that yields inert end groups 
See EroxiDATioN; Plastics fabrication; Poly- ^ 

MER PROPERTIES. fj.A.M.; L.M.n.| 

Polyethylene glycol 

Water-soluble, oily/liquids, and waxes, of general 
formula, H0(CH2CH20) rH. Their properties de- 
pend upon their molecular weights. Diethylene and 
triethylene glycols are used as dehydrating agents 
for natural gas, as textile lubricants, as humectants 
for glues and cork, and as starting materials for the 
manufacture of plasticizers and explosives. The 
higher polyethylene glycols (up to a molecular 
weight of BOO) are relatively nonvolatile liquids, 
and find applications as heat transfer agents, lo- 
tion ingredients, and in the synthesis of nonionic 
surfactants. Solid polyethylene glycols are white 
crystalline products useful in pharmaceutical oint- 
ments, cosmetic creams, and rubber lubricants. 

Polyethylene glycols with molecular weights up 
to 20,000 are manufactured by an alkaline-cala- 
lyzed reaction of ethylene glycol with varying 
amounts of ethylene oxide. See Glycol; 

HYDROXY ALCOHOL. ('j.T.A.I 

Polyfluoroolefin resin 

A resin distinguished by resistance to heat and 
chemicals and by the ability to crystallize to a WK" 
degree. Two main products are the polymers of 
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C==(!^ and 
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Tetrafluoroethylene Monochlorotrifluoroethylane 

Copolymers of these monomers with various 



dlflins. including vinylidene fluoride, CH 2 ==CF 2 , 
he*«flu®*'®P*’®Py^®“*> CF 2 =CFCF 3 , are avail- 
,We. For a description of polyvinyl fluoride, see 
Polvvinyl resins. 

pQlytetrafluoro6thylene. Tetrafluoroethylene can 
be obained by the pyrolysis of monochlorodiflu- 
oromcthane, which, in turn, is obtained from a 
rather complex reaction between anhydrous hydro- 
gen fluoride and chloroform. 


(hioro Anhydrous 
form hydrofluoric 
acid 

FCHCI 2 + F 2 CHCI + CCI 2 F 2 4- HCl 
2 FCHCI 2 -h AICI 3 F 2 CHCI + CHCI 3 
H 

2Fjici F2C=CF, + 2Ha 

Monochloro- 
U ifl u orome thane 

\Jfhough polymerization in bulk can proceed with 
violence, the monomer can be polymerized readily 
v>nd (onveniently in emulsion under presbure, using 
free radical catalysts such as peroxides or persul- 
fjtc'' The polymer is insoluble, resistant to heat 
and ( lieinical attack, and in addition, has the low- 
(oeflRcient of friction of any solid Because of 
resistance to heat, the fabrication of polytetra- 
fliioToethylene requires modification of conven- 
tional methods After molding the powdered poly- 
mu using a cold press, the moldings are sintered 
at ^0 400 °C by procedures similar to those used 
in powder metallurgy. The sintered product can be 
nn( [lined or punched. Extrusion is possible if the 
powdci IS compounded with a lubricating material. 
Aqueous suspensions of the polymer can also be 
used for coating various articles. However, special 
'iirfdfe treatments are required to ensure adhesion 
[Jeouse poly tetrafluoroethylene does not adhere 
Ml to anything. 

Polytetrafluoroethylene is useful for applica- 
tions under extreme conditions of heat and chemi- 
activity. Poly tetrafluoroethylene valve seats, 
Barkings, gaskets, and tubing can withstand rela- 
tively severe conditions. Because of its excellent 
electrical properties, polytetrafluoroethylene is 
useful when a dielectric material is required for 
‘'ervice at a high temperature. The nonadhesive 
1 »Jalay can sometimes be turned to advantage in 
t use of polytetrafluoroethylene to co?it rolls to 
materials might otherwise adhere, 
^olymonochlorotrifluoroethylerie. The monomer 
'^prepared by the dechlorination of 1 , 1 , 2 -trichloro- 
2’2•trlfl^o^oethane: 

*^a 2 FCClF 2 + Zn dust CC1F==CF2 + ZnCla 

^ulymcrization can be carried out in aqueous 
*‘*®Pen8ion by the free-radical process in which a 
^*ubination of a persulfate and bisulfite is used as 
”‘®»n!tiator. 
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The properties of polymonochlorotrifluoroethyl- 
ene are generally similar to those of polytetraflu- 
oroethylene; however, the presence of the chlorine 
atoms in the former causes the polymer to be a little 
less resistant to heat and to chemicals. The poly- 
monochlorotrifluoroethylene can be shaped by use 
of conventional molding and extrusion equipment, 
and it is obtained in a transparent, noncrystalline 
condition by quenching. Dispersions of the polymer 
in organic media may be used for coating. 

The applications of polychlorotrifluoroethylene 
are in general similar to those for polytetrafluoro- 
ethylene. Because of its .stability and inertness, the 
polymer is useful in the manufacture of gaskets, 
linings, and valve seats that must withstand hot and 
corrosive conditions. See Halocenated hydrocar- 
bon; Plastics !• abrication ; Polymerization. 

[J.A.M.; L.M.H.] 

Polygon 

A polygon of n sides (n > 2) is a figure formed by 
joining an ordered set of n points called vertices 
by line segments called sides that connect each 
point to its immediate successor (where the first 
point 18 considered the successor of the last). Eu- 
clid considered a polygon to he this figure and also 
the plane region bounded by these vertices and 
sides Modern usage considers the polygon to be 
any set of line segments and vertices forming a 
closed broken line. A polygon is simple it each side 




Regular polygons, (o) Pentagon, (b) Hexagon. 

intersects only its two neighbors. It is plane or 
skew accoiding as its sides do or do not lie in a 
plane. A simple plane polygon is convex if the 
polygonal region that it bounds lies wholly on one 
side of the (extended) line of any side. A polygon 
of 3, 4, 5, 6 , 7, 8 , 10, or 12 sides is called a triangle 
(3), quadrilateral (4), pentagon (5), hexagon 
( 6 ), heptagon (7), octagon ( 8 ), decagon (10), or 
dodecagon ( 12 ). The sum of the exterior angles 
of any convex polygon is 360*^. The sum of the ^- 
terior angles is (n — 2) 180®. A convex polygon is 
called regular if it has equal angles and equal 
sides. See Hexagon ; Octagon ; Pentagon ; Poly- 
topes, regular; Quadrilateral; Square; Trape- 
zoid; Triangle. [j.s.f.] 

Polygonal ground 

A dominant form of patterned ground characteriz- 
ing fragment-bearing, gravelly, and silty soils in 
treeless polar and subpolar regions. Although par- 
ticularly typical of regions of Arctic permafrost. 
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Aeriaf oblique view over soil polygons, north of Fair- 
banks, Alaska. (AMTS, US. Air Force) 


polygonal ground is also found in some high alpine 
areas of the middle latitudes. Related ground pat- 
terns in these regions are stone circles, nets, steps, 
and stripes. In each, sorted (well-defined) and non- 
sorted varieties are found. The polygonal forms are 
the most striking and always occur in large groups, 
never singly. The most severe climate and greatest 
availability of water produce the most abundant, 
largest, and best-sorted forms. The smallest and 
least-sorted types are found in less severe and more 
arid frost climates. Under present climatic condi- 
tions polygonally patterned ground develops in 
areas where the mean ambient surface temperature 
is less than 10°C. Where large relict forms exist 
outside of permafrost regions, similar paleoclima- 
tological conditions are implied which may have 
bearing on Pleistocene history. Such “fossil” forms 
in middle latitudes suggest limits of frozen ground 
and permafrost associated with the climatological 
minima of the Ice Age. 

The well-sorted type of polygonal ground is the 
most widespread. The sorted material grades from 
silt and sand to gravel and angular rock fragments. 
Sorted polygons have been variously termed stone 
polygons, stone rings, Polygonenboden Typus I, 
Steinnetz, and others. In these, the mesh is of 
dominantly polygonal form with the sorted ap- 
pearance resulting from a border of stones outside 
o| the fine material. These features range in size 
from a few centimeters in diameter to 10 m or 
more across. Unsorted forms are still polygonal, 
but with an absence of stone borders. Special 
names applied to this type are fissure polygons, 
mud polygons, contractional polygons. Polygon- 
boden, Polygonenboden Typus II, Zellenboden, and 
other designations. 

The origin of polygonal ground is not clear. 
Whatever the process, the patterns are created 
by the aystematic segregation of coarse particles 
fmm the varieties in the surficial mantle. A 
cltie to the process involved comes from the fact 


that the largest polygonal forms are found ia frost 
affected areas, mainly in the polar regions. One of 
the chief causes seems to be local differential fron 
heaving. Other probable causes of sorting are des- 
sication as a result of aridity, and contraction re- 
sulting from extremely low temperatures. A fur 
ther cause appears to be cryostatic movement 
through freezing-induced hydrostatic pressure 
which facilitates the transfer of fines to points 
of easiest relief. In the most intense developments i 
it appears that a combination of these separate, 
processes is responsible for the striking surfate 
patterns which such ground displays. See PtsMA-i 
FROST. Tm.M.M 

Bibliography: A. L. Washjbum, Classification o, , 
patterned ground and review^of suggested origins 
Bull. Oeol. Soc. Am., 67 (7) :823-86S, 1956 
C. Troll, Structure Soils, Solifluction, and Frost 
Climates of the Earth. U.S. Army, Snow, Ice and 
Permafrost Research Establishment, Corps of En 
gineers Translation 43, 1958. 

Poiygonales 

An order of the plant subclass Dicotyledoneae lia\ 
ing one family (Polygonaceae) with 32 genera and 
880 species, mostly of the north temperate zone 
Usually the family is characterized bv swollen node^ 
and a stipular growth (ocrea) sheathing the stg;n 
The fruit is a triangular or lenticular achene In 
the order are many weedy plants and only a fen 
species of economic importance. Rhubarb or pie 
plant (Rheum/fhaponticum) is cultivated for 
edible petioles. R. officinale is the medicinal rhn 
barb. Prince’s feather {Polygonum orientate) and 
coralvinp {Antigonum leptopus) are grown as orna 
mentals. The sea grape (Coccoloha uvifera) of 
tropical beaches bears edible fruit. Buckwheat 
{Fagopyrum sagUtaturtt) is cultivated as a food 
plant and is prized by the apiarist as a honey plant 
See Buckwheat; RhuBarB; see also Dicoiyifdon- 
eae; Embryophyta; Plant kingdom. [ph^I 

Polyhedron 

A solid, all of whose boundary points lie in a finite 
number of planes (at least four). The bounding 
sections formed by these planes are plane polvgo 
nal regions called faces of the polyhedron, who'^e 
sides are called edges of the polyhedron, and whose 
vertices are called vertices of the polyhedron. Ac- 
cording as the number of faces is 4, 5, 6, 8. 12» 

20, a polyhedron is called a tetrahedron (4 faces , 
pentahedron (5), hexahedron (6), octahedron 
(8), dodecahedron (12), icosahedron (20)- ^ 
any convex polyhedron (but not for all ^ 
drons) the numbers of vertices E, edges ^ 
faces F are related by the equation E — i? + F ^ ^ 

Regular polyhedrons are convex polyhedrons 
whose faces are congruent regular polygon** 
ing equal dihedral angles at each edge. If tn ^ 
lar n-sided polygons meet at each vertex of 
regular polyhedron, then mV » 2E ^ nF^ 
equation E + E * £ + 2 implies 
l/n -» 1/2 A- 1/E. Either m ov n oar WP 




The five regular polyhedrons, (a) Tetrahedron, 
lb) Cube (c) Octahedron, (d) Dodecahedron, (e) Icosa* 
hedron 

UP 3, and there are only five integral solutions of 
this equation. To each solution corresponds one 
of the five regular solids, called platonic solids, as 


’\aniP 

m 

n 

V 

K 

F 

Hogular trtra hedron 

3 

3 

4 

6 

4 

( uhe (regular hexahedron) 

3 

4 

8 

12 

6 

K« giilar ortahedron 

4 

3 

6 

12 

8 

flepulnr dodecahedron 

3 

5 

20 

30 

12 

Regular ieosahedron 

,«> 

3 

12 

30 

20 


The midpoints of the faces of a regular solid 
ire veitices of the dual regular solid having f 
Nprtires and faces. Rectangular coordinates for 
vertices of the five regular solids can be chosen as 
follows, where t = (VS -f l)/2: 

Regular tetrahedron: 

(U,l), (1-1-1), (-1,1,-!), (-1,~U) 

Cube (=hl,±l,=bl) 

Regular octahedron: 

(±1,0,0), (0,±1,0), (0,0, ±1) 

Regular icosahedron: 

(±r,±l,0), (0,±T,±1), (±1,0, ±r) 

Regular dodecahedron : 

(iT2,±l,0), (0,±r^±l), (±l,0,±f«), (±r,±r,±T) 

Cube; Geometry, euclidean; Octahedron; 
Parallelepiped; Polytopes, regular; Prism; 
Prismatoid and prismoid; Pyramid and frustum; 
(geometric) ; Tetrahedron. [j.s.f.] 

^yhydroxy alcohol 

^•>6 of a class of compounds with more than one 
uydroxyl group (—OH), each attached td separate 
^®rbon atoms of an aliphatic skeleton. This group 
^ijclndes glycols, glycerol, pentaerythritol, and 
such products as trimethylolethane, tnroethyl- 
®'P>^opaiie, 1,2,6-hestanetriol, sorbitol, inositol, and 
Pollfvinyl Alcohol. 


4fi 

Polyols are obtained from many plant ant ani- 
mal sources and are synthesized by a variety of 
methods. 1,2-Glycols and glycerol arc produced by 
the hydrolysis of epoxides or chlorohydrins. Form- 
aldehyde reacts with acetaldehyde, propionalde- 
hyde, and butyraldehyde to form, respectively, 
pentaerythritol, trimethylolethane, and trimethyl- 
olpropane. Catalytic hydrogenation of sugars pro- 
duces sorbitol, and 1,2,6-hexanetrio] is obtained by 
the leduction of 2-hydroxyadipaldehyde. Saponi- 
fication of polyvinyl acetate is employed in the in- 
dustrial manufacture of polyvinyl alcohol 

( iH ). 

Polyols such as glycerol, pentaerythritol, tri- 
methylolethane, and triniethylolpropane are used 
in making alkyd resins for decorative and protec- 
tive coalings. Glycols, glycerol, 1,2,6-hexanetriol, 
and sorbitol find application as humectants and 
plasticizers for gelatin, glue, and cork. Explosives 
are made hy the nitration of glycols, glycerol, and 
pentaerythritol. The first step in the manufacture 
of vitamin C involves the fermentative oxidation of 
sorbitol to sorbose. Inositol, 

CHOH— CHOH— CHOH— CHOH—CHOH— CHOH 


is abundant in many plants and can be esterified 
with phosphoric acid to form inositol hexaphos- 
phate (phytic acid), which is used in medicine as 
the calcium-magnesium salt. See Alcohol; Glyc- 
erol; Glycol; Pentaerythritol. [j.t.a.] 

Polymastigida 

An order of the class Zoomastigophorea. This or- 
der, also known as Polymastigina, includes diverse 
genera se^^mingly not closely related morphologi- 
cally; considerable diversity of opinion as to taxo- 
nomic status of some representatives exists. 
P. Grasse abandons the order. Generally they are 
ovoid, pyriform, or elongate, 5-350 jul long, color- 
less, with a thin pellicle, and are plastic. Some have 
cytostomesv and some have undulating membranes 
bordered by trailing flagella. Many have an an- 
terior rostrum behind which three (Dallingeria) 
(Fig. 1) to many (Calonmypha) flagella emerge. 
Symmetry is bilateral which is sometimes obscured 
by a secondary radial symmetry, but one group 
possesses a double set of organelles, including 
nuclei, as mirror halves. Flagella arise from indi- 
vidual or fused blepharoplasls, often connected 
to a parabasal complex, connected with or close tp 
an anterior nucleus, both frequently associated 
with an axostyle or stiffening rodlike costa. 

There are at least 10 free-living fresb-wateor or 
marine genera; the remainder are parasites or com- 
mensals. Despite diverse taxonomic views, the Order 
is of considerable ecological imporumce. 

The termite dwelling Trichonympha^ placed in 
the Hypermantigida by Kudo, is a b^-^shcpod 
xylophagotts oEganiam vAiefa la^s a defi^tive 
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axostyle and parabasal body. Its nucleus is cen« 
trally located and many flagella occur in longi- 
tudinal rows down the bell sides. Wood is ingested 
posteriorly. L. Cleveland described its complicated 
sexual processes. 

Trichomonas buccalis^ T, hominis and T, va- 
ginalis (Fig. 2), inhabit respectively the mouth, 
colon, and vagina of human beings. Some workers 
believe all are one species, but differ on whether 
they cause disease. Tritrichomonas {Trichomonas) 




foetus causes abortion (Bang's disease) in cattle 
and ChUomastix mesnili is a commensal in the ku 
man colon, eating bacteria. Giardia {Lamblia) in, 
testinalis occurs in the human intestinal tract. In 
certain cases of human diarrhea, it has been re- 
covered with the implication that it may he the 
causative organism. The condition is known as 
giardiasis. See Zoomastigophorea. Fj-b.l.] 

Polymer 

The terms polymers, high polymers, macromole- 
cules, and giant molecules are used to designate 
high-molecular-weight materials. Resin refers to an 
uncompounded macromolecule. Plastics, rubbers, 
fibers, and coatings refer to ff^rmulations of poly- 
mer with other ingredients stich as fillers, pig 
ments, plasticizers, and age stabilizers. 

For a discussion of the general methods of prep 
aration, catalytic processes, and the effects of the 
conditions of polymerization upon the moleciilar 
weight and molecular structure or architecture of 
the polymeric product, see Polymerization, l-or a 
discussion of the effect of molecular weight, molec 
ular structure, and the conditions of fabrication 
upon final properties, see Polymer proper fifs 
For descriptions of typical synthetic polymers of 
the condensation type, see Amino resins; Cllli 

LOSE derivatives; PllFNOL-EORMALDLlIYDF RFSIN, 

Polyamide resin; Polylsclr resins; Poiyethfr 
resins; Polysulfide resin; Polyurethane rfs 
ins; Silicone rf.sins; Urea-formaldfhydf-typf 
RESINS. For descriptions of some important members 
of the addition-type synthetic polymers, see Hy 
DROr AKRON RESIN; POLYACRYLAIE RESIN; PoLY 
ACRYLONITRILE RESIN; POLYFLUOROOLEFIN RESIN, 

Polyolefin resins; Polystyrene resin; Poly 

VINYL RESINS. 

Natural products, rubbers, fibers, and paints are 
treated in other articles. Biological polymers, as m 
enzymes and living tissues, are treated in the ap 
propriate articles. .See Cellulose; Fiber, man 
made; Fiber, natural; Protein; Rubber; Sub 
face coating; Terrene. 

The first modified natural polymers, cellulose ni 
trate and casein-formaldehyde, were commercially 
produced about 1860, and the first fully synthetic 
polymer, phenol-formaldehyde, was made about 
1910. The major development of present polymer 
science and technology has taken place since about 
1920, while the production of polymeric materiah 
in the United States has grown from a few milhon 
pounds to several billion pounds in the same tune 
period. 

Interest in the synthesis of products similar 
natural products, but possessing more useful ptop* 
erties, has been continMally stimulated by the 
cessful synthesis of polyamide fibers and a rubber 
equivalent to natural rubber, and by increasing 
derstanding of the nature of proteins, 
drates, and engyjmes in living tissues. The n® 
for polymeric materials which can be ea** jj 
shaped, which possess high resistance to bcai an^ 
to chemicals, and which have high strcfl|i^ na 
initiated a rapidly growing interest in 


organic or completely inorganic polymers. These 
interests have emphasized the need for further urn 
dcrstanding of the principles of valence, intermo- 
lecular attractive forces, and the properties of 
crystals and other heterogeneities dispersed in 
amorphous matrices. See Plastics fabrication; 
Polymer, inorganic. [j.a.m.; l.m.h.] 

Bibliography: P. J. Flory, Principles of Poly^ 
jiier Chemistry, 1953; Modern Plastics Encyclope- 
dia, 1960; W. J. RofI, Fibers, Plastics, and Rub- 
bers, 1956 ; A. X. Schmidt apd C. A. Marlies, Prin- 
aples of High-Polymer Theory and Practice, 1948. 

Polymer, inorganic 

\ polymer whose molecular architecture is inor- 
ganic rather than organic. Interest has been di- 
rected toward synthetic inorganic polymers be- 
oaii'^e of their ability to withstand high tempera- 
tures and other extreme conditions such as found 
in rocket technology. This property of high thermal 
resistance contrasts sharply with most organic 
polymers. Modem techniques such as x-ray analy- 
sis have shown that many simple inorganic com- 
pound's are macromolecular in nature. The sili- 
cates, in which oligometric and polymeric struc- 
tures abound, are the best-known group of such 
inorganic compounds (see Silicate; Silicate min- 
FR/VLs). Well-known examples of these silicates 
which find wide technological application are 
sheetlike mica and fiberlike asbestos. Particularly 
important are the relationships between molecular 
structure and physical properties, for example, 
the lubricating action of graphite and molybdenum 
disulfide. Other examples of inorganic macromole- 
rules (as yet without technological application, 
however) are as follows: silicon disulfide (I), 
palladium chloride (II), and silver thiocyanate 
(llll. 
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Silicon disulfide has a tetrahedral arrangement of 
sulfur atoms around the silicon atom, palladium 
chloride has a planar arrangement of chlorine 
atoms around the palladium atom, while silver 
thiocyanate consists of zigzagging chains. Other 
types of polymeric species are the orthorhombic 
phosphorus pentoxide (IV) and one modification 
of antimony trioxide (V) : 
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The fact that many of these types of polymers exist 
only in the solid state and react with solvents has 
directed attention toward other classes. 

Perhaps best known of all the synthetic polymers 
based on inorganic molecular' structures are the 
silicones, which are derived from the following 
basic units (VI) : 



(HI) 
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(IX) 


terials varying from oils to waxes, resins, and 
elastomers. Silicones have found a wide variety 
of uses as hydraulic and dielectric fluids, lubri> 
cants, antifoaming agents, and mold-release agents, 
and in addition have been incorporated in many 
waxes and polishes. The resins can be used as 
electric insulators, and the silicone elastomers can 
be used at both higher and lower temperatures 
than most natural and synthetic rubbers. Other 
inorganic polymers which have attracted a good 
deal of attention are the phosphazenes (phosphoni- 
trilic chlorides), (PNX 2 )n^ and the phosphinobo- 
rines, (R 2 PBR' 2 )n. The elastomer (VII) derived 
from the chlorophosphazenes has a physical re- 
semblance to natural rubber and plastic sulfur, but 
it is hydrolytically unstable. 

Linear silicones, chlorophosphazenes, and phos- 
phinoborines transpose, on heating, into lower- 
molecular-weight cyclic forms, a tendency which 
has not so far been overcome. Other systems where 
different elements such as boron, phosphorus, 
aluminum, silicon, and tin are linked by means of 
oxygen are still in the relatively early stages of 
investigation. 

In addition, polymeric metal coordination com- 
pounds have been made from metal ions and low- 
molecular-weight polydentate ligands (VIII), as 
well as by adding metal ions to already existing 
polydentate macromolecules (IX). Most of the 
inorganic polymers are prepared by condensation 
rather than by addition polymerization because of 
the relative lack of suitable monomers for the lat- 
ter process. In this respect, the apparent scarcity 
of polymerizable multiple bonds in elements other 
than carbon is noteworthy. A few exceptions to 
this paucity occur, for example, in sulfur trioxide, 
gaseous selenium dioxide, and similar compounds. 

Work on inorganic polymers has been hampered 
by the relative lack of knowledge of even the sim- 
plest starting materials because of the long period 
of neglect which inorganic chemistry has suffered 
in pretisreiiee to organic chemistry. Difficulties in 
obtaining the nuinired degree of purity in the 
starting materials also is a hampering factor^ 
'Chese factors are accentuated in many cases by the 


lower volatility of the monomers, and their higher 
reactivity, especially toward hydrolysis and oxida- 
tion, compared with similar organic compounds 

It should be noted that while resistance to high 
temperatures is one of the aims in inorganic poly- 
mer research, the whole field holds promise for 
many other types of applications as, for example, 
adhesives, textile finishes, and fertilizers. See 
Chelation; Inorganic chemistry; Polymer, 
Polymer properties; Polymerization. [r.a.shJ 

Bibliography: R. A. Shaw, Inorganic polymers. 
New Scientist, 8(213) :160»-1605, 1%0; R. A 
Shaw, Inorganic Polyfners, in High Temperature 
Resistance and Thermal Degradation of Polymers, 
Soc. Chem. Ind. (London), Monograph 13, 1%1; 
D. B. Sowerby and L. F. Audrieth, Inorganic poly- 
merization reactions, J, Chem, Educ,, 37:2-10, 86- 
91, 134-137, 1960; A. F. Wells, Structural Inor- 
ganic Chemistry, 2d ed., 1950. 

Polymer properties 

The properties of polymeric materials, which are 
determined by the molecular properties of the ma- 
cromolecules, the type of formulation involving 
plasticizers or fillers, the conditions of fabrication 
in which molecular orientation or crystallization 
may be induced. Properties also depend on the tem- 
perature and elapsed time of the measurement. 

Molecular proparties. These include molecular 
size and weight, molecular structure or architec- 
ture, molecular-weight distribution, polarity, and 
flexibility of the polymeric chains (or chain seg- 
ments between cross-links in cured or vulcanized 
polymers). Molecular properties taken together 
determine the attractive forces between the mole- 
cules, and the general bdhavior of the polymer. 

Molecular weight and distribution. The desirable 
properties of high polymers (strength and resist- 
ance to solvents) increase rapidly with increasing 
molecular wei|^t in the low ranges of mokeiilet 
weight, and more slowly in the hi|^ ranges. On 
the other hand* the mdt viscoatly increases witn 
molecular weight in the opposite 
first and rapidly in the higher-inoliN^stor-^ 
range. The ease of fabrication (moldii^ 



and shaping) of polymeric compositions varies in- 
versely with the melt viscosity; that is, the mate- 
rials become increasingly difficult to mold or ex- 
irude at very high values of molecular weight. The 
optimum molecular weight of a polymer frequently 
varies for different applications and different meth- 
of fabrication. Commercial products are usu- 
ally available in several molecular-weight ranges. 
In all cases, however, the optimum molecular 
weight must be selected on the basis of the best 
compromise for desirable properties and ease of 
fabrication. Techniques of measuring molecular 
properties and methods of fabrication are briefly 
dmrussed at the end of this article. 

The molecular-weight distribution represents the 
particular combination of material of low, medium, 
and high molecular weight in a given product. The 
presence of low-molecular-weight portions may 
lower the softening temperature range of the prod- 
uct, make it more subject to attack by solvents and 
chemical agents, and lower the melt viscosity or in- 
crease the ease of fabrication. The lower-molecu- 
lar weight portions behave more or less as plasti- 
cizers. The presence of very high molecular-weight 
portions increases the melt viscosity but it does 
no! have pronounced effects on the physical prop- 
erties. 

Frequently, the portions of very high molecular 
weight are actually insoluble, being highly 
branched or cross-linked. The insoluble portions 
^h(»w up as “fish-eyes” in films and discontinuities 
m fibers. They also give undesirable nerve (elastic 
memory) characteristics to compounded, uncured 
rubber. 

Attractive forces. The atoms in the chains are 
held together by primary valence bonds. If it were 
possible to apply a force of tension only to the pri- 
mary valence bonds, then a tensile strength of 
more than 2,000,000 psi would be observed. In real- 
ity, however, under tension the molecules slip past 
one another and the resistance to that slippage is 
tine to the effective attractive forces (van der 
Waals forces) between the molecules. See Chemi- 
f al binding. 

The effective attractive forces are the result of 
the polarity of the groups in, or attached to, the 
chains, and of the degree of fit between chains. 
Strongly polar groups, such as those containing 
®*ygen, nitrogen, and* sulfur, and other polar atoms 
exert the strongest attractive forces. Bulky side 
groups attached to the main chains stiffen the 
chains and also by their bulk may prevent a close 
fit between chains. 

However, if the bulky side groups are arranged 
ttt a stereoregular way (as in isotactic polymers), 
^hen close fit is possible and crystallization may 

t>ccur. 

An example of the strong attraction of polar 
^oups is found in the following comparison of the 
^nperties of polyamides and iV-methyl polyamides* 
ia relatively high melting, hard, strong, 
isnoluble, whereas the Mmethyl derivative fs 
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OH 0 CHa 

<4-i — (CH,)*— ), (— 1:— N— (CH*),— ), 

Nylon-6 iV-Mcthyl nylon-6 

lower melting, less strong, and more readily solu- 
ble. The strength of the hydrogen bond between the 
>N — H group and the oxygen atom of an adjacent 
chain is some 10 kcal/mole. By replacing the 
>N — H by >N — CHs, the inteimolecular attrac- 
tive forces are reduced to perhaps 2-3 kcal/mole. 

Fit. An example of the effect of the regularity of 
chains on the fit between them is seen in the com- 
parison of the properties of polyethylene ortho- 
phthalate and polyethylene terephthalate. 

O 0 

II II 

0— c c— ocai2— CH 
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Polyethylene orthophthalate 

0 0 

j^-O-C— OCHir-CHir- 

Polyethylene terephthalate 

The para derivative, polyethylene terephthalate, 

has the more regular structure. It softens at higher 
temperatures, crystallizes more readily, and is 
stronger and less soluble than the other polymer. 
Although the chemical nature and polarity of the 
two polymers are identical, the effective intermo- 
lecular attractive forces between adjacent chains 
are greater for the para product because its struc- 
ture allows a closer interchain fit. 

Crystallinity. When a close fit between chains 
is possible, crystallization can take place spon- 
taneously or by drawing or cooling. The crystals 
represent a configuration of minimum distance 
between molecules. Because the long, threadlike, 
coiled and entangled chains are never fully untan- 
gled, even on drawing, crystallization never reaches 
completion. Crystalline polymers may contain up 
to 90-95% crystallinity, with the crystals em- 
bedded in and exercising an effect upon the re- 
maining amorphous polymer. The behavior of a 
partially crystalline polymer is somewhat like that 
of an amorphous polymer containing a finely dis- 
persed filler -or strengthening pigment, and for 
rapid stresses, it is somewhat like that of a chemi- 
cally cross-linked product. 

Amorphous products which are strongly oriented 
by cold draiving, but which are not thereby crys- 
tallized, show evidence of closer fit between chains 
by increased strength in the direction of stretching. 

Flexibility,, llte flesdbility of linear polymmr 
chains and of the segments between cross-Unks in 
cured products is deereaaedt by the piesence Of 
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polar groups and regularity in the molecular struc- 
ture, A nonpolar, irregular chain should be the 
most flexible. Products containing highly flexible 
chains are rubbery, soft, and non brittle, with rel- 
atively high resistance to impact and to tear. 

The limited type of Brownian motion that is pos- 
sible in polymer chains and the effective attractive 
forces between chains are highly temperature-de- 
pendent. If the temperature is increased, the rub- 
bery qualities increase. The second-order transi- 
tion temperature or glass point is, in somewhat 
arbitrary terms, that temperature below which the 
chain segments are relatively immobile and the 
product has glasslike properties, being brittle and 
hard. The first-order transition temperature is the 
crystalline melting point. Above the glass point, 
the chain segments have relatively high Brownian 
motion, and the product is leathery to rubbery. 
Thus with variation of temperature and treatment, 
many polymers may exist as rubbers or gums, 
hard glassy solids which may be partially crys- 
talline, or strong fibers and films which are fre- 
quently highly crystalline and have high softening 
points. 

Behavior under stress. The illustration indicates 
the type of stress-elongation behavior shown by a 
typical glassy or crystalline polymer, and a typical 
rubber or amorphous polymer capable of strength- 
ening or crystallization on orientation. 

The nature of the properties depends also upon 
the elapsed time of the measurement. In high- 
speed vibration, rubber is stiff and acts more like a 
plastic glass. Under long-term tension, some glass- 
like plastics will simply flow as liquids. 

The cross-linked polymers are usually substan- 
tially stronger than corresponding linear products; 
however, their strengths fall far short of the hypo- 
thetical 2,000,000 psi. Linear polymers break by 
overcoming the intermolecular attractive forces 
and possibly to some extent by the rupture of pri- 
mary bonds. Cross-linked polymers break by the 
latter process. In both cases, the break probably 
starts at a fault in the sample. 

Elasticity. There is a profound difference in the 
elasticity of rubbers, of hard brittle plastics, and of 
strong, partially crystalline fibers. When rubber is 
stretched, the flexible, coiling segments between 
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5tr««i-alortootipfi behavior of polynwirt. Curve 1, glossy 
or crystdilino polymor. Curve 2, rubbgr or amorphous 
polyttior. 


the cross-links are straightened. On release of the 
stretching tension, the segments resume their ran- 
dom coiling condition. An increase in temperature 
increases the freedom of the segments to seek their 
random condition and thereby increases the restor- 
ing force for a particular elongation. In crystalline 
solids, and in polymeric glasses and fibers at tem- 
peratures below their glass points, the elasticity of 
the Hookean type is small and is due to the bend- 
ing of bonds. On increasing the temperature, the 
restoring force is lessened. On extension of poly, 
meric materials, both rubberlike and Hookean 
elasticity may be present, and there may be some 
cold flow or permanent slippage ol^the molecules. 
On release of the external force, there may be an 
immediate recovery of the Hookean deformation 
and some of the rubberlike deformation, a slow re- 
covery of some of the rubberlike deformation (in 
cases in which free coiling and uncoiling of the 
segments is impeded by polar groups), and nonre- 
covery of the deformation due to slippage of the 
molecules, or cold flow. 

The term elastic memory applies to cases in 
which a polymer is deformed at an elevated tem- 
perature, as in shaping of a sheet into a dome, and 
then is cooled before the tangled chains have 
reached an equilibrium condition in the new shape. 
Strains are said to be frozen in, and at a later time, 
especially if the product is warmed, these strains 
wUl cause the produc^o assume a distorted shape. 

Compounding. Plastic masses, rubber formula- 
tions, coatings, and other polymeric composition^ 
may contain a^e inhibitors, strengthening and col- 
oring pigments, and plasticizing or softening agents. 
Roll mill, sigma blade, and dough mixers are gen- 
erally employed to mix the resin with plasticizers 
and pigments at moderately elevated temperatures, 
SO-llS^^C. 

Additives. The addition of plasticizers to a poly- 
meric material causes it to be softer and more rub- 
bery in character. Plasticizers are held in associa- 
tion with the polymer chains by secondary valence 
forces. They separate thq, molecules, thus reducing 
the effective intermolecular attractive forces. 

Finely divided polar substances may act as 
strengthening fillers for plastics. The filler sur- 
faces can adsorb links of several polymer chains 
and produce the effects of cross-linking. Filled 
polymeric compositions arc frequently harder, 
stronger, more resistant to abrasion, and less clas- 
tic than the unfilled products. The effect of strong 
fiber fillers (glass, sisal, or other materials) on the 
tensile properties of several polymers is imprea- 
sivc. Products with tensile strengths of 50 , 000 - 100 r 
000 psi can be obtained. 

Age inhibitors are almost incorporated in 

polymeric compositions. Oxyglj^^l^ozone, light, 
electric discharge produce iti^b radicals which 
cause degradation of the polymer chains. 
radical inhibitors and light-maaking agents 
therefore commonly used. See Inhibitor 
cal). ^ ^ ‘ 

Polyblends. In completing a discussion df J 
feet of molecular-segment chAracteiistica on 




properties of polymers, mention should be made of 
the interesting characteristics of polyblends. By 
the addition of small amounts of a rubbery polymer 
to a polymeric glass, the impact strength of the 
latter is substantially increased. The rubbery poly- 
mer is not truly compatible and exists as a finely 
dispersed separate phase. The phenomenon has 
somewhat similar counterparts in inorganic glass 
technology and in physical metallurgy. The study 
of polyblends demonstrates the growing interest in 
the solid-state physics and physical metallurgy of 
macromolecules. 

Fabrication. Polymer formulations can be fabri- 
cated into useful forms or articles by a variety of 
methods. 

In the use of molded thermosetting compositions 
in which heat and pressure are required for the 
production of sound articles, some form of com- 
pression molding is employed. The physically 
compacted composition containing the resin in the 
fusible stage is forced into a mold cavity of the de- 
sired shape and is held under heat and pressure un- 
til the curing or vulcanization is complete. When 
high pressure is not required, as in the preparation 
of epoxy compositions, polyester-styrene-glass fiber 
compounds, and in various fast-curing resin lami- 
nates, it is still desirable to use moderate pressure 
to obtain a uniform molding. 

Various forms of injection molding are used for 
the shaping of thermoplastic (permanently fusi- 
ble) compositions. The composition is first soft- 
ened temporarily by forcing the compounded resin 
granules through a heating chamber, after which it 
IS driven into a relatively cold mold. Under proper 
conditions, the resin remains soft long enough to 
fill the mold completely and then rapidly hardens 
as it cools. Variations of the injection molding 
process are used in the extrusion of films, rods, and 
pipe, and the spinning of fibers. 

Films are also produced by extrusion of a tube 
into which air is forced. The process is called bub- 
ble extrusion. The pipe expands, because of the air 
pressure, to a wall thickness equivalent to the film 
thickness desired. The walls of the expanded bub- 
ble are pressed together in nip rolls and later the 
large, thin-walled, collapsed pipe is slit to yield 
flat film. Films and sheets are also produced by 
calendering in which the hot resin is forced be- 
tween tightly fitted rolls. 

In the casting process, fluid compositions are 
poured into molds of the desired shape and then 
allowed to cool or cure. This process is used for 
the production of foams and in encapsulation, 
such as in the protection of electronic components 
Of the mounting of biological specimens. In broad 
terms, coating, slush-molding, and painting may 
be considered to be casting operations. 

In the shaping of thermoplastics particularly, 
the conditions of molding (temperature, time, and 
pressure) have a marked effect on the properties of 
the final product. Uneven cooling produces strains 
^ncL the flow of the plasticized fesin can cause 
some orientation of the molecules. In bxihble mold- 
^ng of film, biaxial orientation is produced. In the 
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drawing of films and fibers, uniaxial orientation re- 
sults, although films may be partially stretched 
with equipment similar to the Tenter frames of the 
textile industry. Orientation results in a substan- 
tial increase in the strength of the product in the 
direction of stretching; in many polymers, crys- 
tallization is induced during cold-drawing or 
stretching. On occasion, discontinuities or areas of 
strain are produced by partially orienting the mol- 
ecules, and the product becomes more subject to 
stress cracking in the presence of solvents or other 
agents. Thus the optimum condition of a product 
results from a judicious combination of mechani- 
cal treatment and thermal annealing. See Plastics 
FABRICATION. 

Measurement of molecular properties. Because 
of the random, statistical nature of the polymeriza- 
tion process, a distribution of chain lengths, that 
is, molecular weights, is always formed, and meas- 
ured molecular weights are necessarily average 
values. Because of the very high molecular weights 
of macromolecules, the common methods of meas- 
uring properties of solutions (for example, the 
freezing point lowering) are frequently not suit- 
able. Among the colligative methods, the osmotic- 
pressure procedure is most useful and gives num- 
ber-average molecular weights of reasonable ac- 
curacy up to about 500,000. The boiling-point ele- 
vation method is suitable for molecular weights up 
to 5,000- 10,000. 

The fact that the amount of light scattered by a 
solution is a function of the molecular weight of 
the dissolved particles has provided a means for 
the determination of weight-average molecular 
weights up to several million. The light-scattering 
measurement can also yield valuable information 
regarding the shape of the molecule in solution. 

The determination of molecular weight and also 
molecular-weight distribution can be accomplished 
by use of the ultracentrifuge in which the rates of 
settling of particles in intense centrifugal fields are 
measured. 

The intrinsic viscosity of a polymer in solution 
(the viscosity which the unassociated polymer mol- 
ecules give to the solution) is a function of the 
molecular weight and is very easily measured. In- 
trinsic viscosity is commonly used for control pur- 
poses, and the values can be converted into molecu- 
lar weight by calibration with osmotic pressure, 
light scattering, or sedimentation measurements. 

The second-order transition temperature is a 
time-dependent function. Normally, it is measured 
by noting the temperature at which the slope of a 
flexibility-temperature curve changes abruptly. See 
Colloid; Fiber, man-made; Polymer; Poly- 
merization; Scattering (electromagnetic ra- 
diation); UlTRACENTRIFUGE. [J.A.M.; L.M.H.] 

Bibliography \ P. D. Ritchie, A Chemistry of 
Plastics and High Polymers^ 1949. 

Polymera 

A division of the phylum Vermes" proposed by 
O. Biitschli in 1910, with the rank of a subphyluxu. 
The Polymera are equivahht to die phylom An- 
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ndida. The Amera and Oligomera are the other 
subdivisions of the Vermes which were recognized. 
5ee Ameba; Oligomera. [c.b.c.] 

PoiymerlKation 

The linking of email molecules (monomers) to 
make larger molecules. Polymerization requires 
that each small molecule have at least two reaction 
points or functional groups. There are two distinct 
types of polymerization processes, the condensa- 
tion polymerization in which the chain growth is 
accompanied by elimination of small molecules 
such as H2O or CH3OH, and addition polymeriza- 
tion in which the polymer is formed without the 
loss of other materials. 

An example of the condensation process is the 
reaction of c-aminocaproic acid in the presence of 
a catalyst to form the polyamide, nylon-6: 

0 

|»H*N— (CHj)»— {:— OH *^**^'^'* » 

6'Aminoc8proic acid 

r H 0-1 

1 II 

hL— N— (CH2)s— C— J«OH -H (n - l)HjO 
Polyamide, nylon-6 

The repeating structural unit is equivalent to the 
starting material minus H and OH, the elements of 
water. A similar product would be obtained by the 
reaction of a diamine and a dicarboxylic acid. In 
both cases, the molecules formed are linear be- 
cause the total functionality of the reaction system 

uHaN— (CHalfl— NH2 
Hexamethylene 
diamine 

0 0 

II 11 

+ nHO— C— (CH*)*— C— OH -► 

Adipic acid 

j- H HO 0 “I 

hL- -i— (CHj) ,r-N— (CH,) 4 — (1— J«0H 

Polyamide, nylon -6,6 

+ (2n - llHjO 

(functional groups per molecule) is always two. 
However, if a trifunctional material, such as a tri- 
carboxylic acid, were added to the nylon-6,6 poly- 
merisng mixture, a branched polymeric structure 
would result, because two of the carboxylic groups 
would participate in one polymer chain, and the 
third carboxylic group would start the growth of 
another. At high conversion, these chains could be- 
come bridges between linear chains and the poly- 
mer would then be cross-linked. 

branched polymer crott-linked 

drain polymer drain ^ 


Hneor polymer 
drain 


Some examples of addition polymerization are 


iiH 8C=0 ; [— CHa— 0— In 

Initiator (I) ^ ^ 

Formal- Polyoxymethylene 

dehyde 


nCH 2 =CH 2 

Ethylene 


Catalyst 
Initiator (I) 


[ — CH2 — CHj — 

Polyethylene 


The structure of the repeating unit is the difunc- 
tional mer. In the presence of catalysts or initia- 
tors, the monomer yields a polymer by the joining 
together of n mer links. If n is a small number, 
2~10, the products are dimers, trirndfs, tetramers, 
or oligomers, and the materials are usually gases, 
liquids, oils, or brittle solids. In most solid poly- 
mers, n has values ranging from a few score to sev- 
eral hundred thousand, and the corresponding 
molecular weights range from a few thousand to 
several million. The end groups of these two exam- 
ples of addition polymers are shown to be frag- 
ments of the initiator. 

If only one monomer is polymerized, the product 
is called a homopolymer. The polymerization of a 
mixture of two monomers of about equal reactivity 
leads to the formation of a copolymer, a polymer in 
which the two types of mer units have entered the 
chain in a random fashion. If chains of one homo- 
polymer are chemically joined to chains of another, 
the product is called bl^k or graft copolymer: 

A— B— A— A— B— B— B 
Random copolymer 


A — A — A — A — B — B — B — B — B 
Block copolymer 

A— A— A— A— A 

i 

i 

Craft polymer 

Isotactic and syndyotactic (stereoregular) poly- 
mers are formed in the presence of complex cata- 
lysts. The groups attached to the chain in a stereo- 
regular polymer are in an ordered arrangement. 
The regular structures of the isotactic and syndyo* 
tactic forms make them capable of crystallization. 
The crystalline melting points of isotactic poly* 
mers are substantially higher than the softening 
points of the atactic product. 



Atactic (raildom) 




Syndyotactic (alternating) 


H H H H 

— C— CH J: — CH CH A- 

6 6 6 6 


Isotactic 


The production of cis-polyisoprene, “synthetic 
natural rubber,” is also an example of stereoregu- 
lar polymerization. 


CONDENSATION POLYMERIZATION 


The formation of macromolecules by the con- 
densation process, as in the production of poly- 
amides, yjolyesters, and polysulfides, requires the 
elimination of small molecules as noted above; at 
tlie same time, strongly polar and strongly attract- 
ing groups are produced. In the equimolar reaction 
of a dicarboxylic acid with a diamine, as an exam- 
ple, after 50% of the groups have reacted, the aver- 
age degree of polymerization (DP) of the polymer 
formed is 2; after 90% reaction, the DP is 10, and 
after 99.5% reaction, the DP is 200. If the molecu- 
lar weight of the repeating unit is 100, then the 
average molecular weight of the polymer is 20,000. 
In order to obtain a high-molecular-weight prod- 
uct, the small molecules formed during the conden- 
sation must be removed in order for the reaction to 
approach 100% completion. In practice, the con- 
densations are usually started under moderate con- 
ditions of temperature and pressure and completed 
at high temperature and low pressure to yield 
linear products in the molecular-weight range of 
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about 5,000-30,000. The linear products, thermo- 
plastic and condensation resins, are used in fibers, 
films, coatings, molding compounds, and adhesives. 

Useful condensation polymers which are highly 
cross linked are prepared from low-molecular- 
weight polyfunctional reaction systems. The con- 
densations of formaldehyde with phenol and with 
urea, and the condensation of phthalic anhydride 
with glycerol and others are discussed in the arti- 
cles on specific products. The reaction of formalde- 
hyde with urea will serve as an example. 

In the Intermediate compound, dimethylol urea is 
tetrafunctional. The H — and HO — groups on one 
molecule react with the HO — and H — groups on 
other molecules to form water. Each urea unit fi- 
nally becomes bound to other urea units via four 
methylene ( — CHg — ) bridges. Because the final 
product is cross linked and infusible, the final shap- 
ing operation must coincide with the final curing or 
cross linking. In practice, the soluble, low-molecu- 
lar-weight intermediate condensate could be iso- 
lated and mixed with strengthening fillers, coloring 
pigments, and curing catalysts to yield a molding 
powder. By subjecting the urea- formaldehyde mold- 
ing powder to heat and pressure in a mold, the 
curing reaction takes place, some of the water is 
driven off as steam, and some is adsorbed by the 
filler. The molded object, such as a radio cabinet 
or lamp shade, is now insoluble and infusible. Be- 
cause all the molecules are joined together, the 
molecular weight of a highly cross-linked polymer 
is a meaningless term since its value would depend 
upon the amount of material present. 

The end groups of the polymer molecules are the 
functional groups that have not reacted at any 
stage. It is apparent that at exactly 100% conver- 
sion in a difufictional condensation, the reaction 
system would consist of only one molecule. The fact 
that the end groups of a condensation polymer can 
always undergo further reaction creates a difficulty 
in the high-temperature-melt spinning of polyam- 
ides and polyesters. To prevent subsequent changes 
in molecular i^eight, such as might occur in the 
melt during spinning at elevated temperatures, a 
monoacid or monoalcohol (molecular- weight piodi- 
fier) is added to the original polymerization mix- 
ture. The excess of hydroxyl groups, for example, 
places a limit on the chain growA. That limit is 
reached when all the acid, groups have reacted and 
all the end groups are hydroxyl. See Condensation 

REACTION. 


ADDITION POLYMERIZATION 

Unsaturated compounds such as olefins and dt 
enes polymerize without the elimination of other 
products. The molecular weight and structure of 
the polymer are determined by the reaction condt 
tions, that is, the nature of the catalyst or initial 
tor, the temperature, and the concentration of ro 
actants, monomer, inhiatot, and modifying agents* 
The unique of addition pd(yERerizatfeh & 

the fAct that the Average oha& lengA of tfaojpply^ 
mer formed ioitlaHy U Uiffa wai may 
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ther through secondary branching reactions as the 
polymerization approaches completion. 

The molecular-weight range for many useful ad- 
dition polymers is relatively high, typically, from 
20,000 to several million, as compared with the mo- 
lecular weight range of 5,000-30,000 for typical 
condensation polymers. 

The types of catalysis or initiation which are ef- 
fective for addition polymerization may be identi- 
fied in four groups: (1) free-radical catalysis by 
peroxides, 'persulfates, azo compounds, oxygen, and 
ultraviolet and other radiation; (2) acid catalysis 
by the Lewis acids, such as boron trifluoride, sul- 
furic acid, aluminum chloride, and other Friedel- 
Crafts agents; (3) basic catalysis, by alkali metals 
and metallic alkyls; and (4) heterogeneous cataly- 
sis, by chromic oxide on silica-alumina, nickel or 
cobalt on carbon black, molybdenum on alumina, 
and complexes of aluminum alkyls with titanium 
chloride. 

The fourth group may be indeed a separate 
group ; however, further information may show 
that it is simply a new example of one of the other 
groups or of some combination of them. It is con- 
venient to discuss the mechanism and experimental 
methods of free-radical initiation as one subject, 
and to treat the remaining three types under the 
heading complex or ionic catalysts. 

Free-radical catalysis. Among the several kinds 
of polymerization catalysis, free-radical initiation 
has been most thoroughly studied and is most 
widely employed. Atactic polymers are readily 
formed by free-radical polymerization of vinyl and 
diene monomers and some of their derivatives. 

At an appropriate temperature, a peroxide de- 
composes to yield free radicals. In the presence of 
a monomer, the greater proportion of these radicals 
adds to the monomer and thereby initiates chain 
growth. The growing chains may terminate by cou- 
pling, by disproportionation, or by transfer with 
monomer, polymer, or added materials (transfer 
agents, retarders, and inhibitors). The series of 
equations on the facing page illustrates the reac- 
tions of initiation, propagation, and termination by 
coupling in vinyl acetate. 

If transfer occurs with the unreacted monomer or 
pol 3 rmer already formed, highcr-molecular-weight 
branched structures will be produced, and if branch- 
ing is excessive, insoluble products may be formed. 
If the radical produced in the transfer process is 
not sufficiently active to initiate a new chain, the 
transfer agent is called an inhibitor or a retarder. 
Mercaptans (RSH), carbon tetrachloride, and var- 
ious organic solvents are examples of transfer 
agents, whereas amines and phenols are frequently 
used as inhibitors or retarders. 

The rate of free-radical polymerization is in- 
creased by raising the temperature or increas- 
ing the concentration of monomer and initiator, 
whereas the molecular weight of the polymer is in- 
creased by increasing the monomer concentration, 
by lowering the tmnperature, and by lowering the 
concentration of initiator and transfer agents. 


Polymerization processes. The bulk process 
consists of polymerization of the pure monomer in 
liquid form. On initiation by heat or light or very 
small amounts of azobisisobutyronitrile, a very pure 
polymer can be formed. The monomer and polymer 
are poor heat conductors; therefore the tempera* 
ture of bulk polymerization is difficult to control. A 
further disadvantage is that small quantities of un. 
reacted monomer are difficult to remove from the 
polymer. Polymerization in solution offers a means 
of carrying out the polymerization at lower mono- 
mer concentrations. Because solvents frequently 
act as transfer agents, polymerization in solution 
generally leads to the formation of h(wer-moiecular- 
weight products. 

Polymerization in aqueous emulsion has the ad- 
vantages of giving a high rate of polymerization, 
a high molecular weight, and ease of temperature 
control. A liquid monomer is emulsified in water 
by use of a surface-active agent, such as soap. The 
soap micelles provide the polymerization centers. 
The free radicals ( from a water-soluble initiator or 
growing chains of low molecular weight) diffuse 
into the soap micelle in which they react to form 
relatively linear polymer of high molecular weight. 
The polymer particles of small diameter, .500- -1.^00 
A, are in stable suspension because the soap of 
the original micelle remains adsorbed in the outer 
layer of the polymer particle. The rate of emulsion 
polymerization and the molecular weight of the 
polymer increase wim increasing numbers^ of mi- 
celle particles per unit volume. The product, a sta- 
ble colloidal suspension of the polymer in water, 
usually is called a polymer latex or polymer emul- 
sion. Polymer latexes are used directly for water- 
based paints, for adhesives, and for treating tex- 
tiles. When polar solvents or electrolytes are added 
to the colloidal suspension, the polymer coagulates, 
and it can be separated and dried. In order to pro- 
duce polymer emulsions which have the desired 
mechanical and thermal stability, it is frequently 
necessary to use moderately high concentrations 
of surface-active agents and protective colloids. 
Therefore, emulsion polymers are generally less 
pure than bulk polymers. 

The redox initiation system was developed for 
polymerization in aqueous emulsions. In the pres- 
ence of a water-soluble reducing agent such as so- 
dium bisulfite or ferrous sulfate, the peroxide de- 
composes more rapidly at a given temperature, and 
consequently polymerization at useful rates can 
take place at lower temperatures. By the use of the 
redox system, the temperature for the commercial 
emulsion polymerization of styrene and butadiene 
is lowered from 50®C to 5®C to form “cold” rup®/,; 
which is higher in molecular weight than the “50 
or “hot” synthetic rubber. 

The suspension polymerization system offers sev* 
cral advantages. By fhe use of a very amall amou® 
of surface-active materials and mechanical 
gation, the monomer can be 
the water. The monomer is u 
but is temporarily broken 
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would coagulate if the stirring were discontinued. In 
the presence of a peroxide which is soluble in the 
monomer, bulk polymerization takes place in the 
droplets. When the polymerization reaches some 
15-40%, the droplets containing the dissolved poly- 
mer become sticky and may coalesce. Various 
agents, such as talc and metallic oxides, have been 
^recommended for use in very small amounts to pre- 
vent coagulation in the sticky stage. At higher de- 
grees of conversion, the droplets will be trans- 
formed to hard balls of polymer containing dis- 
solved monomer. At the completion of the polymcri- 
^tion, the balls or beads seUle out. The beads may 
5e dried easily and are ready for use. In the sus- 
Ponsion system, the possibility of producing a 
pure polymer in bulk polymerization is combined 
the ease of temperature control in the aque- 
ous emulsion polymerization. There is the addi- 
tional advantage that the product of suspension 
Polymerization can be easily isolated for use. 
Comptox or ionic Some polymeriza- 

can be initiated by materials, often called 
*^c|catalyst8. that comm hig^y polar reactive 
. ^ or complexes. The term heterogeneous catalyst 


is also applied to these materials because nearly 
all the catalyst systems are insoluble in monomers 
and other solvents. These polymerizations are usu- 
ally carried out in solution from which the poly- 
mer can be obtained by evaporation of the solvent 
or by precipitation on the addition of a nonsolvent. 

A general mechanism is shown in the following 
equations in which the growing chain is repre- 
sented as an activated complex with the complex 
catalyst, without attempting to specify whether 
separate ions or free radicals are involved. 


Complex catalyst + M — > 
CM* 

CM* + M-iM*CM 

Mx*CM-^M* + CM 

M,*CM + M->M* + 
M*CM 


Initiative complex 
Initiation 

Termination by decom- 
position of complex 
Termination by trans- 
fer to monomer 


The distinguishing feature of complex catalysis 
is the ability of a few representatives of each type 
to initiate stereoregular polymerization or to cause 
the fonnatiou of polymers which can he crystdt- 
Used. The pdsmmization pxo&M is visualis^ as 
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the formation of an activated complex of the mono- 
mer with the complex catalyst. For stereoregular 
growth to take place, the entering monomer must 
collide with the complex and be adsorbed in an ori- 
ented fashion. As reaction takes place, the new 
monomer assumes an activated condition within the 
complex catalyst and, at the same time, pushes the 
old monomer unit out. Qiain growth is therefore 
similar to the growth of a hair from the skin. 

The ejffect of conditions on rates of polymeriza- 
tion and on molecular size and structure is not 
yet fully understood. In general, the rate of poly- 
merization is proportional to the concentrations of 
complex catalyst and monomer. The effect of tem- 
perature on the rate depends upon the stability and 
activity of the complex catalyst at the temperature 
under consideration. If the complex catalyst decom- 
poses on increasing the temperature, then the rate 
of polymerization will be reduced. The effect of 
temperature upon molecular weight also depends 
upon the stability of the complex catalyst and upon 
the relative rates of propagation and termination. 
In some cases, at an optimum temperature of poly- 
^ merization, the molecular weight depends upon the 
product of the ratio of the rate of propagation to 
termination and the monomer concentration, and in 
other cases, only upon that ratio of rates. 

Examples of polymerization with the different 
types of complex catalysts are briefly described in 
the following paragraphs. 

Lewis acids, Carbonium-ion catalysts such as 
BFs, Aids, or H 2 S 04 usually require the presence 
of a promoter such as H20 or HCl. 


CHs 


BF2H2O 


+ CHf=i 


CHi< 
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CHs 

,i+-BF,OH 


Complex Isobutylene 
catalyst 


Initiating 

complex 


It has been suggested that the point of chain growth 
is a carbonium (positive) ion, although it is not 
contended that the ion necessarily has more than 
a transitory existence. Polymerization in the pres- 
ence of Lewis acids takes place very rapidly at 
low temperatures, —100 to — 0®C. The order of re- 
activity of some olefins in Lewis acid catalysis is 
vinyl ethpre > isobutylene > a-mcthyl styrene > 
isoprene > styrene > butadiene. 

Alkali metals and metallic alkyls, Carbanion 
catalysts such as sodium, lithium, and lithium butyl 
function at moderate temperatures, 25-150'’C. Im 
ert hydrocarbon or ether solvents are generally 
used as reaction media. 


H H 


IiC4Hs + CHif=CH2 • 


(C 4 H,— i— i-; 

u 


)+y 


lithium Ethylene Initiating complex 
butyl 


It has been suggested that the point of chain 
growth is a negative or anionic center, although not 
necessarily a separate ion. The order of reactivity 
of some monomers in carbanion or anionic polymeri- 
zation is acrylonitrile > methacrylonitrile > methyl 
methacrylate > styrene > butadiene. Heterogene- 
ous catalysts (certain heavy metals or metal oxides 
on supports and complexes of aluminum alkyls with 
titanium chloride) function at moderate to high 
temperatures, 5Q-220^C. Inert hydrocarbon or ether 
solvents are generally used as reaction media. The 
catalysts may be used in a fixed bed or as a slurry. 
Two examples are shown : 
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See Acid and base; Addition reaction; Cataly- 
sis; Chain reaction, chemical; Fiber, man- 
made; Free radical; Inhibitor (chemical); Ki- 
netics (chemical) ; Organic reaction mecha- 
nism; Oxidation-reduction; Plastics fabrica- 
tion; Polymer; Polymer, inorganic; Polymer 
properties. [j.a.m.; l.m.h.] 

Bibliography X E. C. Bernhardt (ed.). Processing 
of Thermoplastic Materials^ 1959; B. Golding, 
Polymers and Resins, 1959; H. Mark et al. (eds.), 
High Polymers, 12 vols., 1940-1958; Modern Plos- 
tics Encyclopedia^ vol. 37, 1960; W. J. Roff» Fibers, 
Plastics and Rubbers, 1956; C. E. Schildknecht, 
Vinyl and Related Polymers, 1952; A. X. Schmid* 
and C. A. Marlies, Principles of High-Polymer 
Theory and Practice, 1948. 


Polymorphism (crystallography) 

The property of crystallizing in two or more forms- 
The term is applied to crystals of the same sub- 
stance having a different structure. Substances such 
as CaCOs which exist in two crystal forms are s^d 
to be dimorphous, while substances such as T 1 O 2 
which appear in three forms are termed trim^' 
phous. The polymorphic modifications of CaCOs 
are aragonite, which is orthorhombic, and calcite. 
which is trigonal. The modifications of Ti02 
rutile (tetrogonal), anatase (tetragonal)^ an 
brookite (orthorhomblTc). These modifications 
stable at normal temperature and in a compera^ 
temperature range. Other polymorphic fonns* 
as those of SiOs (quartz, cristohallitef 
have a spedfio nonoverlapping atal^7y’'a’^^ 



p, W. Bridgman discovered many polymorphic 
modifications which are only stable under high 
pressure. The polymorphic forms of the elements 
gre called allotropic modifications. See Crystal 
structure. 

From a structural standpoint, molecular polari- 
zation and its change with temperature are im- 
portant factors in bringing about changes from one 
structure to another. For substances having poly- 
morphic forms stable at the same temperature, the 
atomic or ionic ratios are such that they are at 
the limit of the stability of a structure. Therefore 
the structure is sensitive to external secondary con- 
ditions such as temperature at which the crystals 
are formed, pressure, and impurities. 

Polytypism is polymorphism in a narrow and 
specific sense. This term is applied to substances 
having structures like that of zinc blende. The zinc 
blende structure can be described as a close pack- 
ing of sulfur layers, zinc layers in a similar ar- 
rangement being sandwiched in between. Calling 
4, B, C the three possible positions of sulfur layers 
and A\ B\ C' the zinc layers, the structure of 
zinc blende can be written symbolically as A A' 
BB'CC AA'BB'CC' . A polytype is a structure in 
, which longer sequences such as ABC are periodi- 
( ally repeated. Many polytypes of carborundum are 
known. The occurrence of such polytypes has been 
fully explained by the spiral growth of crystals. For 
a discussion of the chemical composition and 
crystal structure of polymorphous minerals, see 
Mineralogy. [w.d.] 

Bibliography: H. Baiimhauer, Z. Krist,, 55:249, 
1915; R. C. Evans, Introduction to Crystal Chem- 
istry, 1939; F. C. Frank, Growth of carborundum: 
dislocation and polytypism, Phil. Mag., 42(332): 
1014-1021, 1951. 

Polymyxin 

The basic polypeptide^ antibiotic produced as one 
of the fermentation products when certain strains 
of the bacterium, Bacillus polymyxa, are grown in 
suitable nutrients. Polymyxin’s antibacterial action 
is uniquely directed only toward certain gram-nega- 
tive bacteria. For examples of polypeptides active 
against gram-positive bacteria, see Bacitracin ; 
SUBTILIN. 

Prior to public disclosure in 1947, developmental 
''^ork on polymyxin had taken place independently 
in laboratories in the United States and Great Brit- 
ain. The British investigators first published on 
polymyxin under the name “acrosporin,” adopted 
from Bacillus aerosporus, a synonym for B. poly- 
^yxa. Detailed chemical studies on the purified 
antibiotic formed by each of a number of B. poly- 
^yxa strains revealed a family of closely relat^ 
polymyxins. Furthermore, a single strain produced 
^nly one member of the family. 

Only threonine and a,y-diamino butyric acid are 
<^ommon to all of the members of the family. The 
aaiRo Cg optically active fatty acid, present in all 
^on^bers, has been identified as D-6miethylootan«l« 
oio acid« 
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Purification and chemicai properties. At the 

completion of 48-72 hours of fermentation time at 
26-28 ^C, the antibiotic may be removed from the 
culture broth by adsorption on activated carbon, 
and then washed off the carbon by acid methanol. 
Precipitation in acetone is followed by extraction 
into butyl alcohol and, finally, conversion to pol- 
ymyxin hydrochloride. The latter product is a 
nearly colorless, white powder, very soluble in 
water and methanol. It is insoluble in ethers, esters, 
ketones, hydrocarbons, and chlorinated solvents. 
The molecular weights range from 900-1150. The 
only polymyxin type for which a structural formula 
has been postulated is polymyxin D, in 1949. 
There is a hesitation to specify any arrangement of 
the groups on the ring structure because 5000 pos- 
sibilities could exist. 
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Polymyxm D hydrochloride 

Toxicity. The least toxic member of the family is 
polymyxin B. However, administration of type B 
to humans via the parenteral route is not advisaUe 
unless a serious infection by a polymyxin-suscepti- 
ble bacterium has not respond^ to previous treat- 
ment by other chemotherapeutic drugs. The patient 
must be hospitalized so that posirfble toxic effect 
of polymyxin therapy, such as proteinuria or nitro- 
gen retention, may be quickly ascertained. The 
drug has been formulated into ointments and tpo- 
ches, alone an|d with other antibiotics, and in titis 
manner has been sucoessfiiUy nsed lor topical 
treatment of various infectims. ^ [ii.G.nSI^] 
Bibliograp^yi E, laweti^ Ngipniytd^ 

Bacitracin, Adtibioties Mon^nph 5, 1956; P. BL 
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Long et al.t Antibiotics derived from Bacillus pol- 
ymyxa^ Ann. N.Y. Acad. Sci., 51(5) :853-1000, 
1949. 

Pdlynomiat systems of equations 

Systems of mathematical equations of the form 

. . . yXn) - 0 

/2(«i,«a, . . . yXn) - 0 


• • • >^n) " 0 

Each fi(xi,X2y . . . ,Xn), I - 1, 2, . . . , m, is a 
sum of terms of the form 

• • • • Xn** 

where the coefficient 


is a constant, or fixed number, and the exponent ij 
of the variable Xj is a nonnegative whole number. 
An example of such a system in two variables is 

ac*-ay + y*-l-0 -2) 

«* + — 2a; + 2y+l“0 

’'The expressions /i(xi,X 2 , . . . ,JCn) are called poly- 
nomials, in several variables. The problem posed 
by system (1) is to find necessary and sufficient 
conditions that there exist values of the variables 
xi «■ ai, X 2 =* 02 , . . . , Xn *= On which simultane- 
ously satisfy each equation of the system, and to 
find all such sets of values, which are called solu- 
tions of the system. In example (2), a complete set 
of solutions is given by x 1, y « 0; x = 0, 
y»l; x*l; y®*!; and x * — 1, y = —1. 

The equations of system ( 1 ) can be written as 
polynomials in one of the variables, for example, 
Xi, with coefficients which are polynomials in the 
remaining variables X 2 , X 3 , . . . , Xn. If system ( 1 ) 
has a solution, then for certain values of the vari- 
ables X 2 *• 021 *3 “ 03 , . . . , Xn * o„, the equa- 
tions of the system, as polynomials in Xi, have a 
common root xi = oi. The process of finding a 
condition involving the variables X 2 , X 3 , . . , , Xn 
which is both necessary and sufficient for the equa- 
tions to have a common root xi » Oi is called 
eliminating xi from the equations. In the example 
(2), it can be shown that if x is eliminated from 
the equations, the condition 12y(y — l)*(y4-l) ■■ 
0 is obtained. Corresponding to the values y » 
0, 1, -—1 "which satisfy this condition, the four 
solutions of the system given earlier are obtained. 

Example (2) illustrates a system of two polyno- 
mial equations, which can be written in the form 

f{x) - -t- • • • + Uix -f Oo - 0 .ox 

g(x) - bntX^ + -f • • • 4- 5lX + 60 - 0 ' ^ 

where the coefficients are either constants or poly- 
nomials in the variables y, z, . . . . 

The resultant of the polynomials /(x) and g(x) 
of (3) is the following determinant (see Determi- 
nant) with elements which are the coefficients of 
the ^en polynomials: 
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where it is understood that the blank spaces should 
be filled with zeros. The resultant in this form is 
called Sylvester’s determinant. It qan be proved 
that the condition Rx(fyg) “0 is ^th necessary 
and sufficient for f(x) =0 and g(x) * 0 to have 
a common root x = a, provided not both On » 0 
and 6m » 0. In the example (2), 

R^(f.g) 

1 -y y* - 1 0 

0 1 — y y* — 1 

“ 1 y - 2 -3y* -h 2y -h 1 0 

0 1 y— 2 — 3y*-f2y-fl 

- 12y(y - l)2(y + 1) 

It does not matter in which order the polyno- 
mials /(x) and g(x) are taken as it can be shown 
that Rx(g.i) = (~l)"'“/?x(/,g). Let ri, r 2 , . . . , r„ 
be the roots of /(x) *= 0 and Su 52 , . . . , 5m be 
the roots of g(x) = 0. 'phe resultant can be written 
in the following factored forms: 

Rx(Ag) - an’"6m”(ri - 5i)(ri - 52 ) • • • (ri - 5^) 
(r2 - 5i) (r2 - 52 ) • • • (r2 ~ Sm) 


(rn - 5i) (rn - 52) • • • (rn “ 5m) 

- arrg{ri)g{r 2 ) • • • g(rn) 

- (-l)’*-6my(5l)/(52) • • •/(5m) 

This form of the resultant is often useful if all of 
the roots of one of the polynomials are known. 

The method for solving systems consisting of 
more than two equations will be illustrated by con- 
sidering a system 


f(x,y,z) - 0 
g(x,y,z) - 0 
Hx.yyz) - 0 


( 4 ) 


As before /, g, and h are considered to be polyno- 
mials in x with coefficients which are polynomials 
in y and z. If the system has a solution, x « a, y * 
z ■■ c, then ioT y ^ 1 ^ c each pair of equations 

has a common root x » a. Hence Rxitfg) * 
Rx(gfh) -• 0, and /l*(/,A) « 0. These latter equa- 
tions are polynomials in y and z, and for 
they have a common root y ^ b. Hence Ry[Rx(ffgf* 
«*(^A)]»0, RylRAgJi). «^(M)]-0, and 
RylRAU). RxifM Sf 0. These three equaUons 
are polynomials in z, and give necessary conditions 
for the system (4) to have a solution. Howev^* 
these conditions are not, in general, sufficient p**® 
is, it is possible for a value of z to satisfy alL^mtee 



equations without system (4) having a solution, 
f^'evertheless in many cases these equations make 
it possible to tell whether system (4) has solutions 
and to find them. The following example will il- 
lustrate the method. 

f{x,y,z) + 0 

g(x,y,z) - 2 ; + z* - y - 0 (5) 

h(xyy,z) — flp-fz-hl “0 

This gives Rx {f,g) = __ 2z2y y + z* + z, 

RAb^) * y - + 2 + 1. and RxU,h) = -y + 

:2 -f 3z 4- 1. The necessary conditions are 

Ry[Rx(f.g). RzigM] = 2(2z + l) = 0 
Ry[Rx{g.h). «z(/,A)] = 2(2z + 1) = 0 

and 

Ry[Rx{Ug).Rx{f.h)'] =4z(2z + l) -0 

Now z = —% is the only value of 2 satisfying the 
necessary conditions. In system (5), z = gives 
x= —Vz and y = Since these values satisfy all 
three equations, this is the unique solution of sys- 
tem (5). 

Other methods of elimination are applicable 
when the equations of system (1) have a special 
form. If one of the equations is linear, as in system 
(5), such an equation can be solved for one of the 
variables and this variable can be eliminated. Sys- 
tems which are linear (see Linear systems of 
KQUATiONS) in powers of the variables may be 
solved by the methods applicable to linear systems. 
See Equations, theory of. [r.a.b.] 

Bibliography: B. L. van der Waerden, Modern 
Algebra, vol. 1, rev. ed., 1953. 

Polynuclear hydrocarbon 

One of a class of hydrocarbons possessing more 
than one ring. The aromatic polynuclear hydro- 
t'arbons may be divided into two groups. In the 
first, the rings are fused, which means that at least 
two carbon atoms are shared between adjacent 
rings. Examples are naphthalene (I), which has 
two 6-membered rings, and acenaphthene (II), 
which has two 6-membered rings and one 5-mem- 
fi^red ring. 



(I) 

CeUjCHsCHaCsHB 

(IV) 

h the second group of polynuclear hydrocar- 
i, the aromatic rings are joined either directly, 
in the case of biphenyl (III) 9 or through a ehain 
one OT more carbon atoms, as in 1,2-diphenyl- 
«ftanc (IV). 

Polynuclear hydrocarbons are found in the 
higher-boiling coal tar fractions, but some, espe- 
cidly those without condensed rings, for example, 
^Bl)^ and (IV), are most readily obtained from 
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benzene derivatives by synthesis. See Anthracene; 
Aromatic hydrocarbon; Biphenyl; Diphenyl- 
methane; Hexaphenylethane; Indene; Naph- 
thalene; Phenanthrene; Steroid; Triphenyl- 
methane. [C.K.B.] 


Polyolefin resins 


Polymers derived from unsaturated hydrocarbons 
containing the ethylene or diene groups. Broadly, 
polyolefin resins may include virtually all addition 
polymers; however, the term polyolefin is specifi- 
cally used for polymers of ethylene, the alkyl de- 
rivatives of ethylene (the a-olefins), and for the 
dienes. 

The polyvinyl resins, the fluorocarbon polymers, 
and other addition polymers are covered in other 
articles. This article includes discussions of the pol- 
ymers of ethylene, propylene, and isobutylene, and 
brief mention is made of polymers of other a-olefins 
and of butadiene, isoprene, and 2-cblorobutadiene. 
See POLYFLUOROOLEFIN RESIN; PoLYVINYL RESINS. 

Polyethylene. Polyethylene is a whitish, trans- 
lucent polymer of moderate strength and high 
toughness. The available forms are partially crys- 
talline. The physical properties vary markedly with 
the degree of crystallinity. The densities d of the 
products increase with increasing degrees of crys- 
tallinity, and it is common to classify the commer- 
cial grades as low density (d < 0.925), medium den- 
sity (d 0.925-0.94), or high density (d > 0.94). 
With increasing crystallinity or density, the prod- 
ucts become stiiler and stronger, and have higher 
softening temperatures and higher resistance to 
penetration by liquids and gases ; at the same time, 
they lose some of their resistance to tear, impact, 
and stress cracking, and higher temperatures and 
pressures are needed for molding. 

Polyethylene is produced in very large volume. 
The major uses are as packaging films, containers, 
molded articles, electrical insulation, wire coating, 
and pipe. 

Ethylene is produced on a large scale by the 
cracking of aliphatic hydrocarbons found in petro- 
leum. The monomer can be conveniently produced 
in smaller volumes by the catalytic dehydration of 
ethanol. 

The low- and medium-density polymers are 
formed by the polymerization of highly purified 
ethylene at about 150-250®C and 20,000-35,000 
psi in the presence of a very small amount of oxy- 
gen or organic peroxide. At the higher tempera- 
tures, the lovZ-density polymer is formed and at the 
lower reaction temperatures, the medium-density 
product is produced. 


nCH2=CH3 


200«C 
25.000 pn 




> (— CHar-CH* — )* 

Polyethylene 


The high-density polymers are formed at rela- 
tively low temperlitures and pressures (for exam*^ 
pie, SO-ISO'^C and 100-2000 psi) in the presence of 
special catalyi^ often referred to as stereospecific 
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caialyttt* These include oxidized forms of certain 
heavy metals such as chromium, reduced forms of 
heavy metals such as cobalt and nickel, and the 
2Segler catalyst, a complex of an aluminum alkyl 
and a titanium chloride. 

For the low-density material, the softening tem- 
perature and the maximum temperature for contin- 
uous use are about 105-1 l.S^C and 75*^ C, respec- 
tively; the corresponding temperatures for the 
high-density product are some 25-40®C higher. 

Structural studies have shown that the higher- 
density polymers have highly linear structures and 
are approximately 85-95% crystalline. The lower- 
density materials are branched and are 50-85% 
crystalline. See Ethylene. 

Polypropylene. High-molecular-weight, isotactic, 
highly crystalline polypropylene is generally simi- 
lar in properties to high-density polyethylene. In 
comparison with the latter, isotactic polypropylene 
is harder and stronger, and softens at about 160°C. 

Propylene is available in large quantities from 
the cracking of petroleum hydrocarbons, and 
the high-molecular-weight isotactic polymers are 
formed in the presence of the stereospecific catalyst 
^ used in the ethylene polymerization : 

CHa / CH3\ 

I 50-120*C \ H H /„ 

H 

Polypropylene 

The crystalline product has been recently intro- 
duced, and should have many uses for molded ob- 
jects, films, and fibers. 

The low-molecular- weight polypropylene oils 
formed in the presence of acid catalysts, such as 
boron trifluoride or phosphoric acid, are useful in 
the manufacture of gasoline and synthetic deter- 
gents, but are not employed in plastics technology. 
See Propylene. 

Polyisobutylene. The polyisobutylene polymers 
vary in properties from low-molecular-weight oils 
to high-molecular-weight rubbery solids. 

The monomer, obtained by cracking petroleum 
hydrocarbons, readily polymerizes in the presence 
of acid catalysts, such as boron trifluoride, alumi- 
num chloride, or tin (IV) tetrachloride: 



Polyisobutylene 


Polymerization conducted at 0-25^0 yields oils 
which are useful in calking and sealing composi- 
tions. At low temperatures, such as —100 to 
— 80®C, rubbery solids are formed. The solids are 
also useful in calking compositions and adhesive 
formulations t however, the main use of polyisobijh 


tylene is in the form of the copolymer with 2-4% 
isoprene. The copolymer, known as butyl rubber 
can be prepared at — 90®C in the presence of 
methyl chloride as a diluent and aluminum chloride 
as the catalyst. The product, distinguished by its 
impermeability to gases and its resistance to aging, 
is used in automobile tires and tubes. 

Polymers of other 1 -olefins. The discovery of 
the stereospecific catalysts listed for ethylene poly, 
merization has made possible the formation of high- 
molecular-weight, isotactic, crystalline polymers of 
other l-olefins, such as 1-butene, 1-octene, and 
1-dodecene. The softening temperati^res (sp) of the 
crystalline, isotactic polymers of soiA of the l-ole- 
fins are relatively high : 



propylene 
(sp 176®C) 



CHa 

Poly-3-methyl 
butene-1 (sp 300®C) 
H 


(-CH2-i-)n 


/ 


CH, 

CH, 


CHs 

Polypentene-1 
(sp 75‘’C) 

The high melting points of certain of the isotactic 
crystalline polymers may result from special spa- 
tial arrangements necessary to accommodate the 
presence of bulky branched groups near the poly- 
meric chain. The high-melting polymers are of 
considerable interest because relatively few ther- 
moplastic polymers are available which have high 
softening temperatures and at the same time can be 
easily fabricated. 

Polydienes. Butadiene, isoprene, and 2-chloro- 
butadiene have gained the widest use of dienes em- 
ployed in the polymer field. Butadiene and 2-chlo- 
robutadiene have long been used in the production 
of synthetic rubbers by free-radical catalysis. The 
isoprene structure has long been recognized to cor- 
respond to the repeating unit in natural rubber. 
See Rubber. 

Special stereospecific catalysts are useful in the 
polymerization of butadiene and isoprene. Natural 
rubber consists largely of ci^-polyisoprene. 


( 


H CHt 

U 

H/ \H'*f 

— c c— 

H H > 

cts-Polyisoprene 
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and is characteri2ed by high elasticity and low in< 
ternal friction (on flexing). The polymers of buta- 
diene and isoprene formed by free-radical catalysis 
contain mixtures of the cis and trans forms, to- 
gether with some 1,2 or 3,4 structures, or a mixture 
of all four forms. 
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3,4-PoIyis()prene 


The presence of trans and 1,2 and 3,4 structures 
causes the rubber to have lower elasticity and 
hifjher internal friction on flexing. 

The application of the stereospecific catalysts to 
the polymerization of isoprene and butadiene has 
led to the development of synthetic rubbers which 
contain high proportions of the cis structure and 
which are essentially equivalent in properties to 
natural rubber. See Addition reaction; Alkene; 
1,3-Butadiene; Diene; Isoprene; Plastics fabri- 
cation ; Polymerization. 

[ J. A. MANSON ; L. M. HOBBS] 

Polyoma virus 

A virus which is capable of producing a number of 
tumors in newborn mice, rats, guinea pigs, ham- 
sters, and rabbits. It was first described in 1955 by 
S. E. Stewart during studies on Gross’s leukemia. 

When inoculated into newborn mice, the follow- 
ing tumors, alone or in combination, may be pro- 
duced: parotid tumors, mammary adenocarcinomas, 
thymomas, mesotheliomas, bone tumors, sweat 
gland carcinomas, and many other odd tumors. In 
newborn rats the same virus produces mostly sar- 
comas; in hamsters, angiomas and sarcomas; and 
in rabbits, a fibroma that regresses. 

The virus grows readily in mouse embryo tissue 
culture and destroys the cells (cytopathogenic 
effect) with the production of a hemagglu- 
tinin. It is potentiated by growth in tissue culture, 
'vhere it attains a high titer. It transforms hamster 
cells growing in tissue culture, which ari^ then 
capable of producing sarcomas in hamsters. Dur- 
ing the transformation process the infectious virus 
disappears, although an antigen to the virus can 
1)^ demonstrated in the tumors. 

The virus readily produces antibodies in injected 
anigials, and they are often found in uninoculated 



Electron micrographs of ultrathin sections of hamster 
kidney infected with the polyoma virus, (cr) Two cells 
of a tumor In the homster kidney infected with the 
polyoma virus. In the cytoplasm of both cells are In- 
clusion bodies composed of polyoiha virus portides. 
(b) Inclusion body shown on the left-hand side in fa), 
of higher mognificotion; characteristic polyomo vfriis 
particles may be seen, (c) lnclus*on body, shown ,'on 
the right-hgnd side in (o), ot higher mognificcftfan; 
polyoma virus particles ore f^esenf in an orderly br- 
ray. (leOn OmocfiOwski, C/ftfard f. Orpy, ond EUko* 
beth Bereczlry] 
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stock mice. It spreads in the laboratory, probably 
from the inoculated newborn, for virus is present in 
the urine. It is found in mice throughout the world 
but causes no disease, so its ability to produce 
tumors is strictly a laboratory phenomenon. 

Antibodies can be measured by four types of in 
vitro tests: inhibition of cytopathogenicity, the 
mouse-antibody protection test, the complement- 
fixation test, and the hemagglutination-inhibition 
test. Of these, the last is most extensively used 
and has shown that infection occurs naturally and 
that the virus is carried in many transplantable 
mouse tumors, where it conveys immunity to the 
host. Humans have no natural antibodies to the 
virus. [a. e. moore] 

Bibliography \ S. E. Stewart and B. E. Eddy, 
Tumor induction by SE polyoma virus and the in- 
hibition of tumors by specific neutralizing anti- 
bodies, Am. J. Public HcaltK 49(11) :! 493^1496, 
1959. 

Polyoxyethylation of alcohol 

The process of effecting reaction of alcohols with 
ethylene oxide to produce poly ethers. The poly- 
<iiethcrs so produced are characterized by a repeat- 
ing chemical structure of oxyethyl groups. They 
have the formula, R — 0 — rCH 2 ~“CH 2 — O — JnH, 
in which n represents an integer from 1 to 20, and 
R represents the alkyl residue of the alcohol, ROH. 

Although polyoxyethylation of alcohols is for- 
mally a polymerization reaction, the products are 
not of the extremely high molecular weight that 
characterizes the high polymers obtained, for exam- 
ple, by the polymerization of organic vinyl mono- 
mers. In fact, a special and useful class of com- 
pounds, in which n » 1 in the above formulation, 
can be obtained by varying reaction conditions; 
this process is known as hydroxyethylation of al- 
cohols. As a rule, however, the products are low- 
molecular- weight polyethers in the molecular 
weight range of 200-1000. See Polymerization. 

Polyoxyethylation of alcohols is accomplished 
by heating the alcohol and ethylene oxide in the 
presence of a catalyst; certain compounds, both 
acidic and basic, are effective catalysts. The molec- 
ular weight and nature of the product are deter- 
mined by the amount and kind of catalyst, time 
and temperature of reaction, and molar ratio of 
ethylene oxide to alcohol. The larger ratios of eth- 
ylene oxide to alcohol generally give the higher- 
molecular-weight polyethers. The reaction is lim- 
ited to primary and secondary alcohols. 

The poly ether products are either viscous liquids 
or low-melting, waxy solids which are soluble in 
water and most polar organic solvents. They are 
useful as water-soluble lubricants, emulsifying 
agents, and formulants for cosmetics and oint- 
ments, adhesives, and paper coatings. Polyoxyeth- 
ylation of methanol leads to commercial products 
marketed as Methoxy Polyethylene Glycols, and 
the commercial Polyethylene Glycols (Carbowax). 

They ore also similar in structure to poly (ethyl- 


ene oxide), although the latter polymers are of 
much higher molecular weight and are prepared 
by a different process. See Polyethylene glycol 

[d. l. heywood] 

Polyplacophora 

An order, also known as the Loricata, of the class 
Amphineura. These molliisks are commonly called 
chitons. The body is elliptical and the dorsal shell 
comprises eight calcareous plates which overlap 
posteriorly. A muscular girdle surrounds the plates. 
The plates are composed of two layers, the inner 
articulamentum and outer tegmentubj. The latter 
contains ectodermal tissue, located in canals, which 
terminates in phototropic structures, the aesthetes. 
Gills, which resemble ctenidia, vary in number from 
6 to 80 pairs. 

Chitons are found in shallow coastal waters and 
range from the Ordovician to the Recent. Com- 
mon examples are Chiton. Tonicella, Chaetopleura. 
Craspedochilus, and Cryptochitin. See Amphi- 
NEIJRA. [c. B. CURTIN] 

Polyploidy 

The occurrence of related forms possessing chro- 
mosome numbers which are multiples of a basic 
number (n), the haploid number. Forms having 3n 
chromosomes are triploids; 4n, tetraploids; 5n 
pentaploids, and so on. Autopolyploids are forms 
derived by the multiplicdifion of chromosomes from 
a single diploid organism. As a result the homolo- 
gous chromosomes come from the same source. 
These are distinguished from allopolyploids which 
are forms derived from a hybrid between two 
diploid organisms. As a result, the homologous 
chromosomes come from different sources. About 
one-third of the species of vascular plants have 
originated at least partly by polyploidy, and as 
many more appear to have ancestries which involve 
ancient occurrences of polyploidy. The condition 
can be induced artificially with the drug colchicine 
and the production of polyploid individuals has 
become a valuable tool for plant breeding. 

Polyploid series arc irregularly distributed 
through the plant kingdom. They are particularly 
common in some families, notably the Gramineae 
and Rosaceae, and are rare in others, such as 
the Fagaceae and Umbelliferae. Not infrequently 
there exist related genera of the same family, one 
with and one without polyploidy, such as Thalic- 
trum and Aquilegia of the family Ranunculaccae, 
or Salix and Populus of the family Salicaceac. 
Polyploidy has a significantly higher frequency in 
perennial herbs than in annual herbs and woody 
plants. A polyploid series often cited is that of the 
wheats in which the basic chromosome number is 7 
and somatic chromosome numbers of 14, 28, and 42 
occur. .h. . : 

In animals, undoubted examples of polyploidy 
are confined to groups which are parthenogencU^ 
such as crustaceans of the genus ArtemiOf oeriaitt 



earthworms, weevUs of the family Curculionidae, 
pjolhs of the genus Solenobia, and sawflies of the 
gfnus Diprion; or which produce asexually by 
(jfcsion, as the flatworm Dendrocoelum infernale, A 
partial explanation of this situation is that in 
many animals the sex chromosome mechanism is so 
upset by polyploidy that sterile intersexes are 
produced Because hybrid sterility in animals is 
usually genic rather than chromosomal in nature, 
and IS not eliminated by chromosome doubling, 
allopolyploids can occur only rarely. Genic hybrid 
sterility, as in the mule, is the result of genes, 
(ontributed by the parents, interacting in the 
hybrid to disturb the course of meiosis and sex-cell 
formation. Chromosomal hybrid sterility is the re- 
sult of the inability of homologous chiomosomes 
ti pair at meiosis due to rearrangement of the 
penes on the chromosome by a chromosomal aber- 
ration such as inversion, translocation, or defi- 
fiencv 

Hybridization. Polyploidy and hybridization are 
associated with each other in evolution 
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When distantly related species are crossed, the 
sterile Fi hybrid often has little or no meiotic 
chromosome pairing. However in some cells the 
chromosome complement undergoes a doubling, 
leading to the formation of a few seeds from which 
second generation hybrids are formed. This fertile 
polyploid derivative possesses only bivalents, so 
that it breeds true for the intermediate condition. 
Such a polyploid is designated allopol>ploid. Well- 
known examples are bread wheat {Triticum 
aestivum, 2n = 42), cultivated tobacco {Nicotiana 
tabacum, 2n = 48), and Raphanobra^sica {2n =* 
36) whith IS the hybrid between radish {Raphanub 
sativuSs 2n = 18) and cabbage {Brassica oleracea, 
2n = 18). Polyploids have also originated from 
hybrids between closely related species (Primula 
kewensis), or between subspecies of the same spe- 
cies (Dartylis glomerata) These are designated as 
segmental allopolyploids and autopolyploids of 
hybrid origin, respectivelv Such polyploids may 
form varying numbeis of trivalent and quadrivalent 
chromosmne configurations and so may segregate 
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1* Diploid and totraploid snapdragon. 
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Fig. 2. Seed pods and somatic chromosome comple- 
ments of radish, cabbage, and hybrids between them, 
(o) Radish (Raphanus), (b) The diploid hybrid of radish 
ond cabboge. (c) Their allotetraploid hybrid Raphano- 
brossico. (d) Cabbage (Brassica). (After Karpechenko 
from £. W. Sinnoff, L C. Dunn, and T. Dobzhansky, 
Prtndpies of Genetics, 5th ed., McGraw-HUi, 1958) 

in the direction of their parental types. Autopoly- 
ploids derived from a single diploid race have been 
produced many times artificially but are rare in 
nature since they are usually weaker and less 
fertile than their diploid progenitor. In many plant 
genera, the simultaneous occurrence of several 
polyploids of these three types, plus others which 
combine characteristics of auto- and allopolyploidy, 
along with their diploid ancestors, has produced 
the polyploid complex. This consists of a series of 
usually distinct diploid species or subspecies, which 
represent extremes of morphological and ecological 
variation, plus a much larger number of polyploids, 
which form a network of connecting links between 
the diploids. Examples are Bromus, Vaccirdum^ 
Galium, and Antennaria, 

Distribution. The geographic distribution of 
polyploids in relation to their diploid ancestors 
does not follow any consistent set of rules. Certain 
northern regions, such as Iceland and Spitsbergen, 
have floras with particularly high percentages of 
polyploidy, but so do some regions with subtropical 
or even tropical climates, such as New Zealand and 
Ceylon. Lowland and adjacent high alpine floras in 
western Europe do not differ significantly in per- 
centage of polyploids. Diploid representatives of 
individual polyploid complexes tend to occupy 
geologically older habitats, and tetraploids are 
most prevalent in regions newly open to coloniza- 
tion. Consequently, the larger, older, and more 
stable land masses have relatively high percentages 
of diploids, while islands with floras derived 
through immigration, and areas disturbed by 
glaciation, volcanic activity, or other causes have 
high percentages of polyploidy. 

Phlfit breeding. Artificial polyploids have been 
produced in most of the major species of crop 
plants by treating seeds or cuttings with colohiciitef 
Cetierally, they have been less useful than their 


diploid progenitors because of their slower growth 
and reduced fertility, but economically valuable 
autopolyploids have been produced in rye, sugar 
beets, rapeseed oil, red clover, snapdragons, maii. 
golds, various orchids, and some other plants 
Success has been achieved only when the doubling 
has been accompanied by intervarietal hybridiza. 
tion and selection. Although several artificial allo- 
polyploids such as wheat-rye and wheat-^ gropyron 
or quack grass have achieved partial success, none 
has yet been grown on a commercial scale. Artifi. 
cial autopolyploids have also made possible the 
transfer of genes for disease resistance from wild 
species to cultivated species, even Hs instances in 
which the species are so distantly related that the 
Fi hybrids between their normal diploid forms are 
completely sterile. Examples are the transfer of 
rust resistance from goat grass (Aegilops umbel- 
lulata) to bread wheat and of resistance to both 
tobacco mosaic and black shank diseases from wild 
species of Nicotiana {N, glutinosa, N. plumbagini- 
folia) to cultivated tobacco. Polyploidy is, there- 
fore, a useful tool in plant breeding when combined 
with hybridization and selection. See Breeding 
(plant); Chromosome aberration; Gene; Ge- 
netics; Plant evolution; Speciation. [c.l.s.] 
Bibliography: Brookhaven National Laboratory, 
Genetics in Plant Breeding, Brookhaven Symposia 
in Biol. 9, 1956; G. L. Stebbins, Variation and 
Evolution in Plants, 19^. 

Polypteriformes 

A distinctive order of actinopterygian fishes, also 
called Cladistia, or the bichirs. Their characters in- 
clude thick, rhombic, ganoid scales ; a well-ossified 
internal skeleton; a symmetrical caudal fin, basi- 



Bichir, Polypterus endlieheri; length to 3 ft. (After 
G. A, Boulenger, Cataloguo of the Fresh Water Fishes 
of Africa in the British Museum, voL 1, 1909) 

cally heterocereal, with the upper part continuous 
with the dorsal fin; a dorsal series of free, spine- 
like finlets, each supported by a radial; a distinc- 
tive pectoral fin base with three enlarged radials; 
paired gular plates; paired ventral lungs; and a 
very large opisthotic. 

This order consists of a single family, the Pol* 
ypteridae, that is known from the Eocene (Creta- 
ceous?). The two recent genera, Polypterus with 
about 10 species, and Calamoichthys, with 1 
cies, are confined to fresh waters of tropical Africa. 
Bichirs were long claslified with Crossopterygians? 
but they are now believed to 
ants of early palaeonisciform 
Actinopterycil 


be modem descena* 

actinopterygiaitB. ^ 



Polysaccharide 

A class of high-molecular-weight carbohydrates, 
colloidal complexes, which break down on hydroly- 
sis to monosaccharides containing &ve or six car- 
bon atoms. The polysaccharides are considered to 
be polymers in which monosaccharides have been 
glycosidically joined with the elimination of water. 
A polysaccharide consisting of hexose monosac- 
charide units may be represented by the following 
empirical equation : 

nC6Hi206— > (C6HioOB)n+ {ft — 1)H20 

The term polysaccharide is limited to those poly- 
mers which contain 10 or more monosaccharide 
residues. Polysaccharides such as starch, glycogen, 
and dextran consist of several thousand D-glucose 
units. Polymers of relatively low molecular weight, 
consisting of two to nine monosaccharide residues, 
are referred to as oligosaccharides. See Dextran ; 
Glucose; Glycogen; Monosaccharide; Starch. 

Polysaccharides are either insoluble in water or, 
when soluble, form colloidal solutions. They are 
mostly amorphous substances. However, x-ray anal- 
ysis indicates that a few of them, such as cellulose 
and chitin, possess a definite crystalline structure. 
As a class, polysaccharides are nonfermentable 
and are nonreducing, except for a trace of reducing 
power due, presumably, to the free reducing group 
at the end of a chain. They are optically active, but 
do not exhibit mutarotation, and are relatively sta- 
ble in alkali. See Cellulose; Chitin; Optical 
ACTIVITY. 

The polysaccharides serve either as reserve nu- 
trients (glycogen, inulin) or as skeletal materials 
(cellulo.se, chitin) from which relatively rigid me- 
chanical structures are built. Some polysaccharides, 
such as certain galactans and mannans, however, 
serve both functions. Through the action of acids 
or certain enzymes, the polysaccharides may be de- 
graded to their constituent monosaccharide units. 
Some polysaccharides yield only simple sugars on 
hydrolysis; others yield not only sugars but also 
various sugar derivatives, such as D-glucuronic acid 
or galacturonic acid (known generally as uronic 
acids) , hexosamines, and even nonsugar compounds 
such as acetic acid and sulfuric acid. 

The constituent units of the polysaccharide 
molecule are arranged in the form of a long chain, 
cither unbranched as in cellulose and amylose, or 
branched as in amylopectin and glycogen. The 
linkage between the monosaccharide units is gen- 
erally the 1,4- or l,6-glyco8idic bond with either 
the a or P configuration, as the case may be. 
The branched glycogen and amylopectin contain 
both the 1,4 and 1,6 linkages. However, other types 
^f linkage are known. In plant gum and mucilage 
polysaccharides, 1,2, 1,3, 1,5, and 1,6 linkages oc- 
cur more commonly than the 1,4 type. 

In an attempt to systematize the carbohydrate 
npfnenclature, the generic nam^ glycan was iniro- 
as synonymous with the tenm polysaecha- 
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ride. This term is evolved from the generic word 
glycose, meaning a simple sugar, and the ending, 
‘^an,’* signifying a sugar polymer. Examples of es- 
tablished usage of the "*an^* ending are xylan for 
polymers of xylose, mannan for polymers of man- 
nose, and galactomannan for galactose-mannose 
copolymers. Cellulose and starch' are both glucans 
or glucoglycans, since they are composed of glu- 
cose units. 

Polysaccharides are often classified on the basis 
of the number of monosaccharide types present in 
the molecule. Polysaccharides, such as cellulose or 
starch, that produce only one monosaccharide type 
(D-glucose) on complete hydrolysis are termed 
homopolysaccharides. On the other hand, polysac- 
charides, such as hyaluronic acid, which produce 
on hydrolysis more than one monosaccharide type 
(iV-acetylglucosamine and D-glucuronic acid) are 
named heteropolysaccharides. See Carbohydrate. 

[W.Z.H.] 

Bibliography: R. L. Whistler and C. L. Smart, 
Polysaccharide Chemistry, 1953. 

Polystyrene resin 

A hard, transparent, glasslike thermoplastic 
resin. Polystyrene is characterized by excellent 
electrical insulation properties, relatively high re- 
sistance to water, high refractive index, and low 
softening temperature. 

Styrene is produced by the dehydrogenation of 
ethyl benzene, which, in turn, is obtained by the 
alkylation of benzene with ethylene. 


cH^, + Q Qr®-™* 

Ethylene Benzene Ethyl benzene 


MgO 

600 - 600*0 


Styrene 

Free-radical catalysts such as peroxides are often 
used for polymerization and copolymerization in 
bulk, solution, and in aqueous emulsion and sus- 
pension. 



The high-molecular-weight homopolyroers, copol- 
ymers, and polyblends are used as molding com- 
pounds for electronic mountings and insuladim, 
toys, gift boxes, and panels* For a discussion of 
copolymers of styrene with unsaturated polyesUM 
and with drying oils, see Polyester resins. 

The copolymer of styrene and butadiene was |be 
major synthetic rubber of World War II. Dur^ 
the 1940b, the redox system ^ of p<dymerizalion Was 
developed in vddhh &e jifieseikce o| a veduoii^^ 
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agent caused the peroxide to yield free radicals 
more rapidly at lower temperatures. At the lower 
temperature of the redox polymerization, a more 
linear copolymer called cold rubber is obtained in 
high conversion with improved physical proper- 
ties. Styrene-butadiene copolymers are still used 
in large volume for automobile tires and in various 
rubber articles. See Polymerization. 

High-styrene-butadiene copolymers (containing 
more than 50.% styrene) arc resinous rather than 
rubbery. The latexes, as produced by emulsion pol- 
ymerization, have achieved wide usage in water- 
based paints. 

By sulfonation of the copolymer of styrene and 
divinyl benzene, an insoluble polyelectrolyte is pro- 
duced. This product in the form of its sodium salt 
is employed as a cationic-exchange resin which is 
used for water softening. 

The effects of blending small amounts of a rub- 
bery polymer, such as butadiene-acrylonitrile rub- 
ber, with a hard, brittle polymer are most dramatic 
when the latter is polystyrene. The polyblend may 
have impact strength greater than ten times that of 
^polystyrene. 

The strength of amorphous, atactic polystyrene 
may be increased by cold drawing, even though 
crystallinity is not produced. Cold-drawn products 
in the form of filaments and sheets are available. 

Crystallizable, isotactic polystyrene has been 
formed In the presence of ( 1 ) triphenylmethyl po- 
tassium in hexane solution, (2) the Alfin catalyst 
(sodium allyl-sodium isopropoxide) in hexane and 
benzene solutions, and (3) a Ziegler catalyst (ti- 
tanium tetrachloride-aluminum triethyl) in petro- 
leum ether solvent. The softening temperature of 
the crystalline polymer is substantially greater 
than that of the amorphous product. 

Besides the many applications of styrene in com- 
bination with other materials as in rubber and 
paints, large quantities of the homopolymer and the 
polyblends are employed in the injection molding 
of toys, panels, novelty items, and also in the 
extrusion of sheets. The sheets are used for panels 
or they may be further shaped by vacuum forming 
for uses such as liners for refrigerator doors. See 
Plastics fabrication; Rubber; Styrene. 

[j.A.M.; L.M.H.] 

Polysulfide resins 

Resins that vary in properties from viscous liquids 
to rubberlike solids. Organic polysulfide resins are 
prepared by the condensation of organic dihalides 
with a polysulfide: 

aCHiCHaCl + NaS4 

14!-Dichloro- Sodium 

ethane tetrasulfide 

(— CHjr*“CHa— S— S — )n + 2NaCl 
Polysulfide resin 

By use of dichlorides, such as bis(2-chlo- 
roethyl) ether, QCHaCHaOCHaCHaQ, the proper- 


ties may be varied. The condensation is usually con- 
ducted in an aqueous medium from which the prod- 
uct may be separated and dried. Many of the poly, 
sulfide resins have an odor which is generally char- 
acteristic of monomeric sulfur compounds but is 
usually milder in nature. 

The linear polymers can be cross-linked or cured 
by reaction with zinc oxide. Compounding and fab- 
rication of the rubbery polymers can be handled 
on conventional rubber machinery. The polysulfide 
rubbers are distinguished by their resistance to sol- 
vents, such as gasoline, and to oxygen and ozone. 
The polymers are relatively impermeable to gases. 
The products are used to form chemmally resist- 
ant coatings and special rubber articles, such as 
gasoline bags. 

The polysulfide rubbers were among the very first 
commercial synthetic rubbers. Although the prod- 
ucts are not as strong as other rubbers, their chem- 
ical resistance makes them useful in various appli- 
cations. 

The polysulfide rubbers were among the first pol- 
ymers to be used in solid-fuel compositions for 
rockets. See Orcanosulfur compound; Polymeri- 
zation; Propellant; Rubber. 

[j.A.M.; L.M.H.] 

Bibliography: H. Gilman (ed.), Organic Chem- 
istry, vol. 1, 2d ed., 1943. 

Polytopes, regular ^ 

The n-dimensional analogs of the regular polygons 
(n = 2) and platonic solids (n = 3). They arc 
conveniently denoted by their Schlafli symbols 
{p,q,...}; for instance, the pentagon, hexagon, octa- 
gon, tetrahedron, octahedron are denoted by {5}, 
{6}, {8}, {3,3}, {3,4}. The cube is {4,3} because its 
faces are squares {4} and there are 3 of them at 
each vertex. The five platonic solids {p,q}, which 
are the subject of Euclid’s Elements, Book XIII, 
are determined by the inequality 

(p-2)((7-2) <4 

The numbers of vertices, edges, faces (V, E, F), as 
listed in the table, can be deduced from the obvi- 
ous relations pF - 2E ^ qV with the help of 
Euler’s formula V — E + F ^ 2. 

The general poly tope (sometimes loosely called 
a polyhedron regardless of the number of dimen- 
sions) is a finite region of n-dimensional space en- 
closed by a finite number of hyperplanes. When any 
redundant hyperplanes have been discarded, those 
that remain contain (n — 1) -dimensional polytopes 
called cells. For instance, the cells of a polygon are 
its sides, those of a polyhedron are its faces, and 
those of a 4-dimen8ional polytope are solids. 

The platonic solid {p,q} is said to be regular 
because its faces are regular and its vertices are all 
surrounded alike. The ^dimensional regular poly* 
tope {p,q,r} has S-dimensional solid cells {p*?)* ^ 
of which surround each edge; the S-dimensionw 
regular polytope {p«q,r,5} has cells {p»9f^}» ^ ^ 
which surround each plane face; and sO Pn. « 
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flegular polytopes In n dimensions 


Polytope 

Schlafli 

symbol 

Vertices 

Edges 

Faces 

Solid 

cells 

Hypersolid 

cells 

n - 2 







p.gon 

1p1 

P 

P 




n • 3 







tetrahedron 

{3,31 

4 

6 

4 



cube 

14.31 

8 

12 

6 



octahedron 

(3,41 

6 

12 

8 



dodecahedron 

15,31 

20 

30 

12 



icosahedron 

13.51 

12 

30 

20 



n “ 4 







5-cell 

{3,3,31 

5 

10 

10 

5 


8-cell 

{4,3,31 

16 

32 

24 

8 


16-cell 

{3,3.41 

8 

24 

32 

16 


24-cell 

{3,4,31 

24 

96 

96 

24 


120.cell 

{5,3,31 

600 

1200 

720 

120 


600-cell 

{3,3,51 

120 

720 

1200 

600 


n > 4 







simplex 

{3,3 31 

n + 1 

}4n{n -I- 1) 



n + 1 

hypercube 

{4,.3,...,31 


2»‘-^n 



2n 

cross polytope 

|3 3,41 

2n 

2n{n — 1) 



2" 


The six regular 4-dimensional polytopes {p,q,r} 
are determined by the inequality 

4 4 

p h 2g -h r <12 

P r 

The 5-cell {3,3,3} may be drawn in perspective as 
a pentagon with its 5 diagonals, though in reality 
its 10 edges are all equal. The simplest drawing of 




1. Two regular polyhedrons, (a) Dodecahedron 
{^f3}. (b) Icosahedron {3/5}. 


(q) (b) 

2. Two regular 4-dlmqntional polytope*. (o) Tho 
®^«IU3,3,3}. (W The 8<o« {4,3,3). 


the 8-cell {4,3,3} consists of an octagon with a 
square placed inward on each side. The squares on 
two alternate sides are easily visualized as two op- 
posite faces of a cube. The 8 such cubes are the 
cells of the 8-cell. 

The regular tetrahedron can be inscribed in the 
cube, in the sense that the 4 vertices of the former 
occur among the 8 vertices of the latter. In the 
same sense, the cube can be inscribed in the do- 
decahedron, the 16-cell in the 8-cell, the 8-cell in 
the 24-cell, the 24-cell in the 600-cell, the 600-cell 
(and also the 5-cell) in the 120-cell. 

The vertices of the n-dimensional simplex 
{3, 3,..., 3} consists of n -f 1 points, all equidistant 
from one another. Those of the cross polytope 
{3, ...,3,4} are at equal distances from the origin in 
both directions along the n coordinate axes; thus 
their coordinates (for a cross polytope of edge 
\/2) are the permutations of (dbl,0,...,0) . Similarly, 
the 2^ vertices of the hypercube {4,3,..., 3}, of edge 
2, are (=tl,dbl,...,sbl). See Analytic geometry; 
Geometry, euclidean. [h.s.m.c.] 

Bibliography \ H. S. M. Coxeter, Regular Poly* 
topes, 1948; D. Hilbert and S. Cohn-Vossen, Geom- 
etry and the Imagination, 1952; H. P. Manning, Ge- 
ometry of Four Dimensions, reprint, 1955. 

Polytrichales 

An order of acrocarpous, perennial mosses. They 
vary in size from small to large and short to tall. 
The stems are usually rigid, simple, or slightly 
branched. They arise from a prhstrate subter- 
ranean rhizome. The stems are regarded as being 
highly developed, with a specialized central axie. 

The leaves are mostly lanceolate from a sheath* 
ing base. The costa varies from narrow to broai 
and is often toothed on the lower surfaeew Th^ 
upper leaf surface (both surfaces in OJ^oiridkom) 
has narrow, Yertical, green faundlae attached % 




apex 



Potyfrichum commune, (a) Female plant, (b) Serrate 
opex of leaf, (c) Male plant, (d) Cross section of leaf 
showing lamellae, (e) Lamellae enlarged, (f) Urn of 

one edge to the costa and bistratose portion of the 
blade. The lamellae extend parallel to one another 
along the midrib, either few and distant or numer- 
ous and crowded. Each lamella is a few cells in 
height and one cell in width ; the apical cell of the 
row often differs from the lower ones. 

The inflorescence is usually dioecious. The male 
flower is terminal, large, and discoid. The female 
flower is terminal and budlike. The calyptra is 
cucullate, smooth, spinulose or spinulose-papillose, 
or with few to a felt of erect or deflexed hairs. Tbp 
elongated seta bears a large capsule, which is oval, 
cylindric, or prismatic, with two to six angles. The 
hypophysis is fairly distinct in Polytrichum, The 
operculum is conic to convex and apiculate to 
rostrate. The peristome^ regarded as a primitive 
type, is rarely lacking and is usually single. It 
consists of 16, 32, or 64 short, ligulate, unbarred 
teeth whkh are trisngiilar in cross section. They 
arise from a basal membrane. The columella is 



Polytrichum tp. (From W, H, Wofch, Mosses of Indiana, 
Ind. Dopf. Conserv., 1957) 


expanded at the apex into a shield-shaped mem- 
brane, the epiphragm, which covers the mouth of 
the urn and is united at its margin with the peri- 
stome teeth. See Musci; see also Eubrya. 

[w.fl.w.] 

Polytropic process 

An expansion (or contraction) of a gas during 
which some heat enters (or leaves) the system but 
not enough to maintain a constant temperature- 
During the polytropic expansion of a gas, external 
work is done both at the expense of some decrca»® 
in stored internal bnergy of the system and also at 
the expense of the heat transferred to the system 
from its surroundings. The polytropk path is com 
pared to other thermodynamic processes on the ac- 
companying graph. In comparison wiidi the tsen* 
tropic process, volume for volume, tb4 polytro^ 
paA has a pressure and temperature,^^ 

cause the addition^ energy is prmrihled hF ^ 


mint 4Mn 


heat transfer process. See Thermodynamic proc- 
esses. 

When a reversible polytropic expansion is 
plotted on P-v coordinates, as illustrated, the re- 
sult is a curve. However, if the expansion is plotted 
on log-log paper, the result is a straight line. The 
negative slope of this line equals the polytropic ex- 
ponent, n, which characterizes the expansion. Thus 

PiVi^ = = constant 

Further, the work done during the expansion 
process is given by 

IT “ f * P dv - constant f * dv » 

1 — n 

where fP is work done in foot-lbs per pound of gas, 
F IS absolute pressure in pounds per square foot, 
y is specific volume in cubic feet per pound, and n 




•ntropy, s 

Polytropic process compared to other thermodynamic 
processes. 


is constant for the process. For an expansion, n is 
less than the value of the isentropic k H heat is 
added to the gas while expanding, and it is greater 
than k if heat is transferred from the gas. See 
ISEffTRQPIC PROCESS. 


Polyurethane resins 

Resins that can be produced in forms varying from 
hard, glossy, solvent-resistant coatings, to abrasion- 
and solvent-resistant rubbers, and flexible or rigid 
foams. The foams have found the widest use in re- 
cent years. The flexible foams are employed as up- 
holstery material for furniture, for rug backing, in*^ 
sulation, and crash pads. The rigid foams are em- 
ployed as the core in structural laminates, such as 
in airplane wings. 

Polyurethane (or poly isocyanate) resins are pro- 
duced by the reaction of a diisocyanate with a com- 
pound containing at least two active hydrogen 
atoms, such as a diol, diamine, or dicarboxylic acid. 
Toluene diisocyanate and hexamethylene diisocya- 
nate are frequently employed. They are prepared 
by the reaction of phosgene with the correspond- 
ing diamines. 



NH2 NCO 

2,4-Diamino- Phosgene 2,4-Toluene 
toluene diisocyanate 

The condensation of a 1,6-hexamethylene diiso- 
cyanate with 1,4-butanediol, 


nOCN(CH2)6NCO -h nHO— (CH2)4— OH 
1,6-Hexamethylene 1,4-Butanediol 
'^iisocyanate 

r HO 0 H “I 

L-(CH,) A-I:o(Ch,)40<1— N- -J. 

A linear polyurethane 

yields a linear polyurethane having excellent fiber- 
forming qualities. The fibers are generally similar 
to those of polyamides; however, they have lower 
softening points. 

Polymers for coatings and foams are frequently 
prepared by the reaction of toluene diisocyanate 
with a polyester having unreacted — OH groups. 
For the production of foamed products, advantage is 
taken of the fact that the isocyanate group will re- 
act with water or carboxylic acids to yield carbon 
dioxide and either an amine or an amide : 

RNCO + H2O RNHCOOH RNHj -I- CO2 
Carbamic Amine 
* acid 


RNCO + R'COOH RNHCOOCOR' 

A mixed - 
anhydride 

RNHCOR' -h COi 

Amide 

The amino groups can react with additional isooya- 
nate to form cross-linkages. Thus by starting witt a 
polyester having a known quantity oT free earb^x- 
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ylic groups as well as free — OH groups, or by add- 
ing a predetermined quantity of water to the poly- 
ester containing free — OH groups, insoluble cross- 
linked foams of desired density can be prepared. 
The foamed products can be cast in place around 
valvOs or between the walls of jacketed containers 
to provide mechanical or thermal insulation. 

llie flexible polyurethanes may be used for coat- 
ing rubber articles to give them additional resist- 
ance to abrasion and solvents. Wire insulated with 
polyurethane resin can be soldered directly without 
previously removing the coating because the poly- 
mer decomposes at the soldering temperature to 
yield a clean wire surface. Among these various ap- 
plications, the uses of the foamed products are de- 
veloping most rapidly because of the ease of vary- 
ing the density and flexibility, and the resistance 
to aging and solvents. See Plastics fabrication; 
Polymerization; Urethane. [j.a.m.; l.m.h.] 

Poljfvinyi resins 

Polymeric materials generally considered to include 
polymers derived from monomers having the struc- 
^ture 

Ri 

/ 

CH,=C 

\ 

R 2 

in which Ri and R 2 represent hydrogen, alkyl, 
halogen, or other groups. This article refers to 
polymers whose names include the term vinyl. Of 
these polymers, several have been used for a num- 
ber of years, such as polyvinyl chloride, polyvinyl 
acetate, poly vinyl idene chloride, polyvinyl alcohol, 
polyvinyl acetals, and polyvinyl ethers. Indeed, the 
terms vinyls and vinyl resins are frequently used to 
refer to the first three polymers of this group. Some 
polyvinyl resins of more recent origin are polyvinyl 
fluoride, polyvinylpyrrolidone, and polyvinylcar- 
bazole. For discussions of other vinyl-type poly- 
mers, see Polyacrylate resin; Polyacryloni- 
trile resin; Polyfluoroolefin resin; Polyole- 
fin resins; Polystyrene resin. 


Many of the monomers can be prepared by addi« 
tion of the appropriate compound to acetylene. For 
example, vinyl chloride, vinyl fluoride, vinyl ace- 
tate, and vinyl methyl ether may be formed by the 
reactions of acetylene with HCl, HF, CH3OOH 
and CH3OH, respectively. 

The polyvinyl resins may be characterized as a 
group of thermoplastics which, in many cases, are 
inexpensive and capable of being handled by solu- 
tion, latex and injection molding, and extrusion 
techniques. The properties vary, depending upon 
chemical structure, crystallinity, and molecular 
weight. 

Pol3fvinyl acetals. These are refstively soft, 
water-insoluble thermoplastic products obtained 
by the reaction of polyvinyl alcohol with aldehydes. 
Polyvinyl butyral is soft and rubbery and is used 
primarily as the inner layer and binder for safely 
glass. Polyvinyl formal is the hardest of the group; 
it is used in making light-polarizing lenses and 
films, and to some extent in adhesive and wire- 
coating formulations. 

Polyvinyl butyral is usually obtained by the reac- 
tion of butyraldehyde with polyvinyl alcohol. The 
formal can be produced by the same process, but 
is more conveniently obtained by the reaction of 
formaldehyde with polyvinyl acetate in acetic acid 
solution. 

Polyvinyl acetate. Polyvinyl acetate is a leathery, 
colorless thermoplastic |4haterial which softens at 
relatively low temperatures and which is relatively 
stable to light and oxygen. The polymers are clear 
and noncrystalline. The chief applications are as 
adhesives and binders for water-based or emulsion 
paints. 

Polymerization and copolymerization may be 
conveniently effected by free-radical catalysis in 
aqueous emulsion and suspension systems. Vinyl 
acetate copolymerizes readily with various other 
vinyl monomers; however, it does not copolymerize 
with styrene by the free-radical process. 

Anhydrous solid polymers and copolymers may 
be used directly in chewing gum and in adhesive 
formulations. 


O 

Form Aldehyde 


— CHir-CH— CHj—CH— 

in in 

Polyvinyl alcohol 


o 


CiHtCH 


Butyraldehyde 


€Hr-CH— CHj— CH— + HOH 

i A 

^ch/ 

Polyvinyl formal 

CHr-CH— CH,— CH— + HOH 

A A 



iiHr 


Polyvinyl butyral 



Fre»-radioal 


fiCHaf=CH 

A 

A=o 

ifla 

Vinyl acetate 


CatalyitB 


■— CH*— CH— 1 

L 


in, J, 

Polyvinyl acetate 


Aqueous dispersions, produced by the emulsion 
polymerization process and commonly called poly- 
mer emulsions or latices, are used for treating 
textiles and paper, as adhesives, and as water- 
based paints. 

The water-based paints, prepared by pigmenting 
vinyl acetate polymer and copolymer emulsions, 
have achieved wide usage because of low cost of 
materials, ease of application, and resistance to 
weathering. 

As water is removed from the latex hy evapora- 
tion or absorption, the suspended polymer particles 
coalesce into a tough film. The character of the 
film may be modified by the use of comonomers in 
the original polymerization or by the addition of 
plasticizers to the final emulsions. 

Polyvinyl alcohol. Polyvinyl alcohol is a tough, 
whitish polymer which can be formed into strong 
films, tubes, and fibers that are highly resistant to 
hydrocarbon solvents. Although polyvinyl alcohol 
is one of the few water-soluble polymers, it can be 
rendered insoluble in water by drawing or by the 
use of cross-linking agents. 

So far, vinyl alcohol itself, CH 2 =CHOH, has not 
been isolated; reactions designed to produce the 
monomer yield the tautomeric acetaldehyde instead. 
However, the polymer can be produced on a com- 
mercial scale by the hydrolysis of polyvinyl acetate. 


-CH 2 — GH— CH 2 — CH— 

A 


A 
U 

dsi, 


i=o 

(!:h, 


Polyvinyl acetate 


+2HOH 

Catalyst 


— CH 2 — CH — CHs — CH" 

Ah Ah 

Polyvinyl alcohol 


0 

+ 2CH jAoH 
Acetic acid 


Two groups of products are available, those, 
formed by the essentially complete hydrolysis 
(97% or greater) of polyvinyl acetate, and those 
formed by incomplete hydrolysis (50-90% ) . 

The former, the “completely hydrolyzed” prod- 
^*018, may be plasticized with water or glycols and 
folded or exttuded into films and tubes and fila- 
*^^ts which are resistant to hydrocarbons and can 
be r^^dered insoluble to water by cold-drawing or 
beat, or by the use of chemical cross-linking 
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agents. On cold-drawing, the degree of crystallinity 
is substantially increased. These products are used 
for liners in gasoline hoses, for grease-resistant 
coatings and paper adhesives, for treating paper 
and textiles, and as emulsifiers and thickeners. 
Insolubilized fibers have found large uses in Japan 
for clothing, industrial fabrics, and cordage. 

The “partially hydrolyzed” products are gen- 
erally more water-soluble and less subject to crys- 
tallization by drawing. These materials are used as 
emulsifying agents and thickeners, in steel-quench- 
ing solutions, in adhesive formulations, and in 
textile sizes. 

Polyvinyl carbazole. Polyvinyl carbazole is a 
tough, glassy thermoplastic with excellent electri- 
cal properties and the relatively high softening 
temperature of 12Q-150'’C. Polymerization can be 
carried out in bulk by free-radical catalysis. Uses 
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I 

CH==CH, 
Vinyl carbazole 
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CHa— J 
Pol 3 r\rinyl carbazole 


of the product are limited to special electrical 
applications requiring resistance to moderately 
high temperatures. 

Polyvinyl chloride. Polyvinyl chloride is a tough, 
strong thermoplastic material which has an excel- 
lent combination of physical and electrical proper- 
ties. The products are usually characterized as 
plasticized or rigid types. 

The plasticized types, either soft copolymers or 
plasticized homopolymers, are elastic materials 
which are familiar in the form of shower curtains, 
floor coverings, raincoats, dishpans, dolls, bottle- 
top sealers, prosthetic forms, and packaging films, 
among others. 

Rigid polyvinyl chloride products, which may 
consist of the homopolymer, copolymer, or poly- 
blends, are commonly used in the manufacture of 
phonograph records, pipe, chemically resistant 
liners for chemical-reaction vessels, and for wire 
coating. 

The monomer is frequently prepared from chlo- 
rine, acetylene, and ethylene by a combination of 
processes which affords complete utilization of the 
chlorine: 

9 

CH*=CHj-^CH*a— CHaQ CH,==CHa + Ha 
Ethylene 1,2-Dichloro- Vinyl Hy- 
ethane Chloride dro- 

chio- 

ride 

chbOi -5^ CH*=cHa 

Acetylene Vinyl chloride 

The polymerization of vkiyl chloride and its 
oopolymerlzatlon with other, vinyl monotnera may 
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be initiated by peroxides, and are conveniently 





Vinyl chloride Polyvinyl chloride 


carried out in the presence of chain-transfer agents 
in aqueous emulsion or suspension systems. 

Because polyvinyl chloride products have a tend- 
ency to lose hydrogen chloride at high tempera- 
tures, a stabilizer such as calcium carbonate is 
usually included in the final composition. 

Blends or alloys of polyvinyl chloride with small 
amounts of rubbery materials such as the copoly- 
mer of butadiene and acrylonitrile have been pro- 
duced for applications such as panels and pipe in 
which impact resistance, as well as hardness and 
strength, is desired. 

Polyvinylidene chloride. Polyvinylidene chloride 
is a tough, horny thermoplastic with properties 
generally similar to those of polyvinyl chloride. In 
comparison with the latter, polyvinylidene chloride 
is softer and less soluble; it softens and decom- 
poses at lower temperatures, crystallizes more 
readily, and is more resistant to burning. 

Because of its relatively low solubility and de- 
composition temperature, the material is most 
widely used in the form of copolymers with other 
vinyl monomers, such as vinyl chloride. The copoly- 
mers are employed as packaging film, rigid pipe, 
and as filaments for upholstery and window screens. 

Vinylidene chloride is normally prepared by the 
pyrolysis of 1,1,2-trichloroethane. The latter is ob- 
tained by the chlorination of 1,2-dichloroethane 
which, in turn, is formed by the addition of chlorine 
to ethylene. 
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Polymerization as well as copolymerization may 
be initiated by peroxides and other free-radical 
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catalysts and is most satisfactorily effected by 
emulsion and suspension techniques. 


Because of the relatively low decomposition 
temperature of polyvinylidene chloride, a stabilizer 
such as an amine is normally included in the com- 
position. 

Films of polyvinylidene chloride, and especially 
the copolymer containing about 15% of vinyl 
chloride, are resistant to moisture and gases. Also, 
they can be heat sealed and have the property of 
shrinking on heating. By warming a food product 
wrapped loosely with a film of the polymer, a skin- 
tight, tough, resistant coating is produced. 

By cold-drawing, the degree of crystallinity, 
strength, and chemical resistance oi sheets, fila- 
ments, and even piping can be greatly mcreased. 

Polyvinyl ethers. Polyvinyl ethers exist in sev- 
eral forms varying from soft, balsamlike semi- 
solids to tough, rubbery masses, all of which are 
readily soluble in organic solvents. Polymers of 
the alkyl vinyl ethers are used in adhesive formula- 
tions and as softening or flexibilizing agents for 
other polymers. 

The monomers may be prepared by the reaction 
of alcohols with acetylene in the presence of alkali. 
Polymerization may be effected in bulk or solution 
at temperatures of —100 to +25° C by use of 
cationic initiators such as boron trifluoride. By 
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careful choice of conditions, it is possible to achieve 
stereoregular polymerizations which yield partially 
crystalline polymers that are harder and tougher 
than the amorphous products. 

Polyvinyl methyl ether is soluble in cold water, 
but precipitates when the temperature is raised to 
about 35°C. The other alkyl vinyl ether polymers 
are insoluble in water. 

Polyvinyl fluoride. Polyvinyl fluoride is a tough, 
partially crystalline thermoplastic material which 
has a higher softening temperature than polyvinyl 
chloride. Films and sheets are characterized by 
high resistance to impact and cracking caused by 
flexing and temperature, and to weathering. 

Polymerization can be effected in the presence of 
oxygen and peroxidic catalysts. Because of the low 
boiling point (— 88°C) and high critical tempera- 
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ture of the monomer^ polymerization is accom- 
plished by use of pressure techniques similar 
those employed in the high-pressure process 
polymerizing ethylene. Like other polyvinyl haK^ 
polyvinyl fluoride tends to lose the ^ 

elevated temperatures. 



Fopicir 497 


Commercial production has just been initiated, 
and it seems likely that films and filaments of poly- 
vinyl fluoride will find many applications. 

Polyvinyl pyrrolidone. Polyvinyl pyrrolidone is 
a water-soluble polymer of basic nature which has 
film-forming properties, strong absorptive or com- 
plexing qualities for various reagents, and the 
ability to form water-soluble salts which are poly- 
electrolytes. The polymer can he prepared by free- 
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radical polymerization in bulk or aqueous solution. 
Isotonic solutions were used in Germany in World 
War II as an extender for blood plasma. The main 
(urrent uses are as a water-solubilizing agent for 
medicinal agents such as iodine, and as a semi- 
permanent setting agent in hair sprays. Certain 
s>nthetic textile fibers containing small amounts of 
vinv I pyrrolidone as a copolymer have improved 
dlhnity for dyes. 

New resins. New polyvinyl resins are made 
available, often in the form of copolymers, when 
effective combinations of monomer preparation, 
polymerization methods, and property-use relation 
ships are developed. For example, vinyl 2-ethyl- 
hexoate, vinyl oleate, and vinyl stearate are cur- 
rently being used in copolymers; on the other 
hand, the homopolymer of vinyl stearate, a waxy 
substance, is employed in wax formulations and as 
a leather-treating agent. It is likely that new poly- 
vinyl resins will be making their way into common 
usage over a period of many years. See Plastics 
fabrication; Polymer properties; Polymeri- 
zation. [j.A.M.; L.M.H.l 

Pomegranate 

Small deciduous trees of the species Punica grana- 
turn, belonging to the plant order Myrtales. Pome- 
granate is grown as an ornamental as well as for its 
fruit. Propagation is by cuttings and occasionally 
by layering. The pomegranate is a native of Asia, 
having been described by writers as early as 300 
B c. It was originally known for its medicinal quali- 
hes, and cures for various ills were attributed to the 
fruit juice, the rind, and the bark of the roots. The 
fruit is a reddish, pomelike berry, containing 
numerous seeds imbedded in crimson pulp, from 
which an acid, reddish juice may be obtained. 
L>imited quantities are grown in California and the 
Gulf States. See Fruit (tree) ; Myrtales; Stem 

cuttings. [J.H.CE.] 

Poplar 

Any tree of the genus Poptdus, family Salicaceae, 
*najrked by simple, alternate leaves which are usu- 
ally broader than those of the willow, the other 
Am&ican representative of this family. Poplars 
scaly budSf faiuer bark, fiowers and {ndv in 



(a) Quaking aspen or trembling aspen, Popuius fremu- 
hides, (b) Bigtooth aspen, P. grandidentafa. (c) Cot- 
tonwood or necklace poplar, P. deftofdes. (d) Balsam 
or tacamahac poplar, P. bafsamifera, (e) Lombardy 
poplar, P. nigro var. ifo/rco. 


catkins, and a 5-angled pith. See Salicales; Wil- 
low. 

Some species are commonly called cottonwood 
because of the cottony hairs attached to the seeds. 
Other species, called aspens, have weak, flattened 
leaf stalks which cause the leaves to flutter in the 
slightest brqpze. One of the important species in 
the United States is the quaking nspen, P. trerrm- 
hides, which attains a height of 90 ft in the Rock- 
ies but is smaller in the East. This tree is widely 
distributed in North America from Labrador to 
Alaska. In the West it extends south through ^e 
Rockies and California to New Mexico and Lovmr 
California, and in the eastern United States it 
grows as far south as West, Virginia. It is readily 
recognized by its compaJtativdy Imall, finely 
toothed leavoi, and by tW shiny p<^ntad^ wmtor 
buda. Tlie soft wood of ^tbiawpecies if used for 



per pulp; several million board feet are cut an- 
nually. P. grandidentata^ the bigtooth aspen, 
attains a height of 60-70 ft, and occasionally, a 
diameter of 2 ft. The bigtooth aspen has a more re- 
stricted range in the northeastern quarter of the 
United States. The leaves arc usually of larger size, 
2%-4 in. long and have larger teeth, hence the 
common name. The buds are plumper and some- 
what downy. 

The European aspen, P. nigra, which is similar 
to the quaking aspen, is sometimes planted, and its 
variety, italica, the Lombardy poplar of erect col- 
umnar habit, is used in landscape planting. 

The black cottonwood, P. trichocarpa, is the 
largest American poplar and is also the largest 
broad-leaved tree in the forests of the Pacific 
Northwest. It attains a height of 17S-225 ft and a 
diameter of 7 -8 ft. This tree ranges from southern 
Alaska to California and eastward through Wash- 
ington and Oregon to Idaho, Montana, and Ne- 
braska. The hairy fruit of the black cottonwood is a 
3-valved capsule. 

Popul'US deltoides, native in the eastern half of 
the United States, is a fast-growing tree which usu- 
ally attains 80-100 ft in height and 3-4 ft in diame- 
ter, but under favorable conditions in the Missis- 
sippi Valley, it may attain a height of ISO ft and a 
diameter of 7-8 ft. The leaves are broadly triangu- 
lar, hence the specific name, and the large terminal 
buds contain a pleasant-smelling balsamic resin. 
In P. balsamifera, the balsam or tacamahac poplar, 
the resin is used in medicine as an expectorant. The 
wood is used for veneer, boxe.s, crates, furniture, 
paper pulp, and excelsior. It is also planted as a 
shade tree and used in shelter belts. See Forest 
AND forestry; Tree. [a.h.c.] 

Poppy 

A plant, Papaver somniferum, which is probably a 
native of Asia Minor, It is now cultivated exten- 
sively in China, India, and elsewhere. This plant is 
the source of opium obtained by cutting into the 



(a) Opium poppy iPapavr SQmniforum). (From H, Kra- 
Appihd and Economic Botany, pub/fshed by fho 
author, 1^14) (b) Capiuio of poppy, (From W. B, 
Loomff and C. i. Wilton, Botany, rov. od,/ Oryddn, 


fruits (capsules) ^oon after the petals have fallen 
The white latex (juice) flows from the cuts and 
hardens when exposed to the air. This solidified 
latex is collected, shaped into balls or wafers, and 
often wrapped in the flower petals. This is the 
crude opium, which contains at least 20 alkaloids 
including morphine and codeine. These drugs are 
used in medicine to allay pain, induce sleep, and 
relax spasms. Opium i.s one of the most useful 
drugs, but it is habit-forming and consequently 
should be used with the utmost caution. The opium 
habit is deleterious physically, mentally, and mor- 
ally, and misuse of the drug is an jpxtremely seri- 
ous problem. See Papaverales. % 

Population dispersal 

The process by which groups of living organisms 
expand the space or range within which they live. 
Because of their reproductive capacity, all popula- 
tions have a natural tendency to expand. As in- 
creased area supports more individuals, dispersal 
and reproduction are intimately correlated. 

Distinction should be made between dispersal and 
seasonal migration. Birds, butterflies, salmon, and 
others migrate regularly without necessarily ex- 
panding their geographic range, since they usu- 
ally return to their original areas or die out. 

Dispersal phases. Dispersal consists of several 
phases: (1) the production of units, that is, of in- 
dividuals or parts of individuals (disseminules) fit 
or adapted for dispersal; (2) the transportation of 
individuals or disseminules to the new habitat; (3) 
ecesis, the process of becoming established through 
germination, rooting, physiological and psychologi- 
cal adjustment. 

Dispersal units. These are disseminules (propa- 
gules, or diaspores) which may represent various 
stages of the life cycle of the individual. Many free- 
living animals do not produce special dispersal 
structures but rely upon the ability of the entire 
organism to move about (vagility). Organisms at- 
tached to a substratum, as most plants and certain 
animals, produce disseminules adapted to certain 
agents of dispersal. In order to be effective, a dis- 
seminule must have the ability to develop into one 
or more complete individuals. The structures listed 
in Table 1 are examples of disseminules. Spern^ 
cells, unfertilized eggs and pollen grains, although 
capable of migration, are not true disseminules, 
because they cannot give rise to new individuals- 

It is possible to analyze plant communities on the 
basis of morphological features of the disseminules- 
By assigning species to dispersal types one can con- 
struct dispersal spectra comparable to life form 
spectra in purpose and in usefulness. 

Transportation. Individuals or disseminules are 
transported in five general ways: self-dispersa- 
(autochory), water dispersal (hydroebory)* 
dispersal (anemochory), animal dispersal (zoO' 
chory), and dispersal by man (anthrapochory)* 

In active self-dispersal, autochory, the ®*'^**^ 
spreads in the course of its normal acllvidj^* T**® 
flight of starlings resulting in their ‘gradttal^^*^^ 
through the United States and the motBilV ^ 



Table 1. Examples of dispersal stages In IHe cycle 
ofplanU and animals 

Unviroiimcnt OrgaQiain Diaiieifiinule Disparaal by 

SeB bottom Kelp Zoospore Currents 

Coral Planula Currents 

Sea worm Trochophore Currents 

Clam Trochophore Currents 

Barnacle Adult Driftwood, ships 

Crab Zoea Currents 

Sea urchin Pliiteus Currents 

Fish Adult Aiitochory 

Lamprey Adult Fish 

Terrestrial Mushroom Spore Wind 

Fern Spore Wind 

Pine Seed Wind 

Blueberry Fruit Birds 

Tumbleweed Entire plant Wind 

Insect Adult Aiitochory, wind 

Spider Young animal Wind 

Boptiles, Adult Autochory 

birds, mam- 
mals 

PnruBitir. Bacteria Entire cell Water, food, air 

Intestinal Cyst Water, fixid, man 

ameba 

Malaria para- (ramete. Mosquito 

site aiMirozoite 

Tapeworm Egg Pig 

HlcKid fluke V^gg, cerraria Water, snail 


Table 2. Plant dispersal types based 
upon morphological adaptations 


\jinu* 

Definition 

Example 

Sarcor bores 

Dissi'niinules fleshy 

ChiTry 

Deainochorcs 

Disseminules sticky or 
barbed 

C^ocklobur 

S|)oro<'hort*s 

Disseminules minute, 
light 

Fern 

P()Koii<K‘hore.«i 

Disseminules plumed 

Milkweed 

Pfeiochores 

Disseminules winged 

Maple 

r.yc'loi'liores 

Spherical framework 

Tumbleweed 

Ralloi'JidrcR 

Shot uwuy by parent 
plant 

'rouch-me-not 

Auxochores 

Deposited by parent 
plant 

Walking fern 

Sflorochores 

Disseniinule without ap- 
parent adaplutioiis 

Violet 

Barochores 

Disseminules heavy 

Oak 


teria resulting in gradual spread through the nutri- 
ent media are examples. Certain plants possess 
mechanisms of self-dispersal as auxochores and 
l>ttllochores listed in Table 2. In passive dispersal, 
t>ne or more agents carry the dispersal unit to a new 
location. Such agents or vectors are water currents, 
wind, animals, any of man’s vehicles such as trains, 
ships, and airplanes. 

Water dispersal, or hydrochory, is prevalent in all 
marine and other aquatic populations. Plankton 
usually contains larval forms of bottom-dwellers 
1). Terrestrial forms associated with shore 
habitats are commonly dispersed by water. Buoy^ 
ancy and resistance to salt water are a prerequisite 
for ocean dispersal. The first invaders of new is- 
lands stich as Krakatau, are often of this type. 
T'ransoceanic similarities in floras and faunas have 
been explained partly by ocean currents. 

Wind dispersal, anemochory, has various effects. 

pioves rolling disseminules in open deserts and 
^ftsjlands (cyclochorea. Fig. 2a) ; It deflects fall- 
, lQg winged disseminules (pterochores. Fig. 2hf c, 
it cEirieB lightweight spores and dias^vSii* 
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Fig. 1. Disseminules in plankton, (a) Kelp zoospore. 
(b) Coral planula. (c) Worm trochophore. (d) Crab 
zoea. (e) Brittle star pluteus. (f) Ceratium tripos. 


miles with plumes for great distances (sporochores 
and pogonochores. Fig. 2e, A). Insects, spiders, and 
other light animals have been found many miles in 
the air, together with poplar seeds and other dis- 
seminules (Fig. 2/, g). Thus they may be carried 
hundreds of miles. 

Animal dispersal, zoochory, is divided into epi- 
zoochorv (barbed or sticky disseminules, desmo- 
chores. Fig. 3a, b, c) and endozoochory (dissemi- 
miles eaten and egested by animals). Disseminules 
adapted to endozoochory are those like arillate 
seeds (Fig. 3d), common in the tropics and fruits 
with a fleshy mesocarp (Fig. 3f, g). Survival in the 
digestive tract of animals is a prerequisite. Bright 
fruit colors are frequent. 

Dispersal by man, anthropochory, involves pur- 
posely dispersed organisms such as domesticated 
animals and plants and those accidentally trans- 
ported such as weeds along railroads, beetles in 
grain shipments, birds, rats, barnacles, and starfish 
on and in ships. 

Ecesis. Success in population dispersal depends 
upon three factors: fitness of the new habitat, fit- 
ness of the migrating individuals, and the chance of 
the juxtaposition of these two which, in the long 
run, depends on the number of individuals invading 
the new habitat. The probability for a new habitat 
to be favorable is greatest close to the parent popu- 
lation. Spores blown over great distances have less 
chance of landing in spots suited for germination 
than have deeds falling close to the parent plant. In 
wide-range dispersal larger numbers of dissemi- 
nules are usually necessary than at close range, to 
insure ecesis. 

The fitness of the individuals depends partly upon 
their genetic make-up. Offspring of org;anisms that 
reproduce without sexual union (apomictic) am 
likely to succeed only in identical habitats, |is 
aphids, dandeliona, an^ it^ilar c^^^aiimmil. 
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Fig. 2. Dissaminules dispersed by wind, (a) Panic 
grass, (b) Pine seed, (c) Elm samara, (d) Tulip tree 
carpel, (e) Clematis carpel, (f) Spider, (g) Moth. 
ih) Cottonwood. 



IHg. 3. DimmtniiltH tronsported by animals, (o) Ar\U 
bM* legume seed, (b) Cherry (drupe), (c) Tick, (d) Bpg- 
gtaf*!! tick hrult. (e) Ctirront berry. (F) Sanc&ur splkdlet. 
<g) Jmdper cone. 


spring from self- pr cross-fertilizing parents may 
succeed in a variety of situations. However, somf* 
hybrids which are sexually sterile are known to 
perpetuate themselves through apomixis. These are 
usually very successful locally. 

Barriers to dispersal. A barrier is any discon- 
tinuity in the habitat greater than the maximum dis- 
tance traveled by organisms in their normal disper- 
sal. Oceans separating terrestrial habitats, conti- 
nents separating marine habitats, mountain ranges 
intercepting wind dispersal, and deserts interrupting 
the continuity of forested land are all effective 
major barriers. Through the intervfgntion of man 
these harriers are broken down in^ many cases. 
Since the development of frequent world travel 
thousands of species have become established on 
new continents as a result of anthropochory. See 
Parthfnocenf.sis; Population dispersion; Spe- 
^^JATION. [k.le.] 

Bibliography: P. Dansereau and K. Lems. The 
grading of dispersal types in plant communities and 
their ecological significance, Contrib. inst. botnn. 
univ. Montreal, 71, 1957; P. A. Fryxell, Mode of re- 
production of higher plants, Botan. Rev. 23:135 
233, 1957; P. A. Click. The Distribution of Inserts, 
Spiders and Mites in the Air, USDA Tech. Bull. 673. 
1939; R. Hesse, W. C. Allee, and K. P. Schmidt, 
Ecological Animal Geography^ 1937; E. J, Salis- 
bury, The Reproductive Capacity of Plants, 1942. 

Population dispers^n 

The spatial distribution at any particular moment, 
of the individuals of a species of plant or animal. 
Under natural conditions organisms are distributed 
either by active movements, or migrations, or bv 
passive transport by wind, water, or other organ- 
isms. The act or process of dissemination is usually 
termed dispersal (.see Population dispf!rsal). 
while the resulting pattern of distribution is best 
referred to as dispersion. Dispersion is a basic 
characteristic of populations^ eontrolling various 
features of their structure and organization. It de- 
termines population density, that is, the number of 
individuals per unit of area, or volume, and its re- 
ciprocal relationship, mean area, or the average 
area per individual. It also determines the fre- 
quency, or chance of encountering one or more in- 
dividuals of the population in a particular sample 
unit of area, or volume. The ecologist therefore 
studies not only the fluctuations in numbers of in* 
dividuals in a population but also the changes in 
their distribution in space. 

Principal types of dispersion. The dispersion 
pattern of individuals in a population may conform 
to any one of several broad types* such as random, 
uniform, or contagious (clumped). Any pattern i® 
relative to the space being examined ; a popnlat*®'^ 
may appear clumpecL. when a large area is 
sidered, but may prove to be distributed, at random 
with respect to a much smaller area. 

Random or haphazard dispersion, Thifl ****1^!!^^ 
that the individuals have been 
chance. In such a distribotion/tiie ^ 

finding an individual at any pomt in 
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Fig 1 Three basic patterns of the dispersion of indi- 
viduals in a population, (a) Uniform, (b) Random, 
ic) Clumped, but groups random. (E. P. Odum, Funda- 
mentals of Ecology, Saunders, 1953) 


‘^ame for all points (Fig. lb). Hence a truly random 
pattern will develop only if each individual has had 
■in equal and independent opportunity to establish 
Itself at any given point. In a randomly dispersed 
population, the relationship between frequency and 
density can be expressed by the formula 

F = 100(1 - e-^) 

where F is percentage frequency, D is density, and 
^ the base of natural or Napierian logarithms, 
Tluis> when a series of randomly selected samples 
Js taken from a population whose individuals are 
dispersed at random, the numbers of samples con- 
taining 0, 1, 2, 3, . . . , n individuals conform to 
the well-known Poisson distribution 
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Randomly dispersed populations have the further 
characteristic that their density, on a plane surface, 
related to the distance between individuals within 
population, in the following way 


D- 


1 

4F* 


^here ? is the mean distance between an individual 
i|^ nearest neighbor. These mathematical prop- 
random distributtons provide the principal 
for a quantitative study of population dia- 
(see Examples of approxfp 


Populotlon diaparaiofi SOI 

mately random dispersions can be found in the pat- 
terns of settlement by free-floating marine larvae 
and of colonization of bare ground by airborne dis- 
seminules of plants. Nevertheless, true randomness 
appears to be relatively rare in nature, and the 
majority of populations depart from it either in the 
direction of uniform spacing of individuals oi 
more often in the direction of aggregation. 

Uniform dispersion. This type of distribution im- 
plies a regularity of distance between and among 
the individuals of a population (Fig. la). Perfec! 
uniformity exists when the distance from one in- 
dividual to its nearest neighbor is the same for all 
individuals. This is achieved, on a plane surface, 
only when the individuals are arranged in a hexag- 
onal pattern. Patterns approaching uniformity arc 
most obvious in the dispersion of orchard trees and 
in other artificial plantings, but the tendency to a 
regular distribution is also found in nature, as foi 
example in the relatively even spacing of trees ir 
forest canopies, the arrangement of shrubs in des- 
erts, and the distribution of territorial animals. 

Contagious or clumped dispersion. The most fre- 
quent type of distribution encountered is conta- 
gious or clumped (Fig. Ic), indicating the exist- 
ence of aggregations or groups in the population 
Clusters and clones of plants, and families, flocks, 
and herds of animals are common phenomena. The 
degree of aggregation may range from loosely con 
nected groups of two or three individuals to a large 
compart swarm composed of all the members oi 
the local population. Furthermore, the formation oi 
groups introduces a higher order of complexity ir 
the dispersion pattern, since the several aggrega 
tions may themselves be distributed at random 
evenly, or in clumps. An adequate description o' 
dispersion, therefore, must include not only the de 
termination of the type of distribution, but also ar 
assessment of the extent of aggregation if the lattei 
is present. 

Analysis of dispersion. If the type or degree oi 
dispersion is not sufficiently evident upon inspec 
tion, it can frequently be ascertained by use oi 
sampling techniques. These are often based or 
counts of individuals in sample plots or quad^'ats 
Departure from randomness can usually be demon 
strated by taking a aeries of quadrats and testinn 
the numbers of individuals found therein for then 
conformity to the calculated Poisson distributior 
which has been described above. The observed val- 
ues can be compared with the calculated ones by i 
chi-square test for goodness of fit, and lack oj 
agreement is an indication of nonrandom distribu- 
tion. If the numbers of quadrats containing zero oi 
few individuals, and of those with many individuah 
are greater than expected, the population ii 
clumped; if these values are less than expected, 4 | 
tendency towards uniformity is indicated, Anotkel 
measure of departure from ratidomness is provide4 
by the variance-meBn ratio, which is 1.00 in the cass 
of the Poisson (random) distriiiutioii. If Jthe ratib 
variance to mean is less than LOO, a regular dispen 
sion is indtoatod; if eatio Ps greater than 
the dispersion is ehmtjped. 





SM F^inphitiM dispersion 

In the case of obviously aggregated populations, 
quadrat data have been tested for their conformity 
to a number of other dispersion models, such as 
Neyman’s contagious, Thomas* double Poisson, 
and the negative binomial distributions. However, 
the results of all procedures based on counts of in- 
dividuals in quadrats depend upon the size of the 
quadrat employed. Many nonrandom distributions 
will seem to be random if sampled with very small 
or very large quadrats, but will appear clumped if 
quadrats of medium size are used. Therefore the 
employment of more than one size of quadrat is rec- 
ommended. 

The fact that plot size may influence the results 
of quadrat analysis has led to the development of a 
number of techniques based on plotless sampling. 
These commonly involve measurement of the dis- 
tance between a randomly selected individual and 
its nearest neighbor, or between a randomly se- 
lected point and the closest individual. At least four 
different procedures have been used (Fig. 2). The 
closest-individual method (Fig. 2a) measures the 
distance from each sampling point to the nearest 
individual. The nearest-neighbor method (Fig. 26) 
measures the distance from each individual to its 
nearest neighbor. The random-pairs method (Fig. 
2c) establishes a base line from each sampling 
point to the nearest individual, and erects a 90^ ex- 
clusion angle to either side of this line. The dis- 
tance from the nearest individual lying outside the 
exclusion angle to the individual used in the base 
line is then measured. The point-centered quarter 
method (Fig. 2d) measures the distance from each 
sampling point to the nearest individual in each 
quadrant. 



fig. 2. Distances measured in four methods of plotless 
somplinq. (o) Closest individual, (b) Neorest neighbor, 
(c) Random pairs, with 180® exclusion angle, (d) Point- 
centered quorter. x is the sampling poini in eoch cose. 
(P. Gf 0 ig^Smith, Quantftotive Plant feology. Buffer- 
worths^ 1957) 


In each of these four methods of plotless sam- 
pling, a series of measurements is taken which can 
be used as a basis for evaluating the pattern of dig. 
persion. In the case of the closest-individual and the 
nearest-neighbor methods, a population whose 
members are distributed at random will yield a 
mean distance value that can be calculated by use 
of the density-distance equation which has been 
given above. In an aggregated distribution, the 
mean observed distance will be less than the one 
calculated on the assumption of randomness; in a 
uniform distribution it will be greater. Thus the 
ratio rA /r®, where r>i is the actual mean distance 
obtained from the measured popufAtion and is 
the mean distance expected under random condi- 
tions, affords a measure of the degree of deviation 
from randomness. 

Additional information about the spatial rela- 
tions in a population can be secured by extending 
these procedures to measurement of the distance to 
the second and successive nearest neighbors, or by 
increasing the number of sectors about any chosen 
sampling point. However, since all of these methods 
assume that the individuals are small enough to he 
treated mathematically as points, they become less 
accurate when the individuals cover considerable 
space. 

Factors affecting dispersion. The principal fac- 
tors that determine patterns of population disper- 
sion include (1) the ^lion of environmental agen- 
cies of transport, (2)^the distribution of soil types 
and other physical features of the habitat, ( 3 ) the 
influence of temporal changes in weather and cli- 
mate, (4) the behavior pattern of the population in 
regard to reproductive processes and dispersal of 
the young, (5) the intensity of intra- and interspe- 
cific competition, and (6) the various social and 
antisocial forces that may develop among the mem- 
bers of the population. Although in certain cases 
the dispersion pattern may be due to the over- 
riding effects of one factor, in general populations 
are subject to the collective aild simultaneous ac- 
tion of numerous distributional forces and the dis- 
persion pattern reflects their combined influence. 
When many small factors act together on the pop- 
ulation, a more or less random distribution is to be 
expected, whereas the domination of a few major 
factors tends to produce departure from random- 
ness. 

Actions of environmental agencies of transports 
The transporting action of air masses, currents o 
water, and many kinds of animals produces bpm 
random and nonrandom types of dispersion. Air- 
borne seeds, spores, and minute animals are often 
scattered in apparently haphazard fashion, 
gregation may result if the wind holds steadily 
from one direction. Wave action is frequently 
cause of large concentrations of seeds and orB*"' 
isms along the drift I5ne of lake shores. The 
of fruit-eating birds give rise to the clusters of 
ling junipers and cherries found beneath 
perching sites as trees and fencerows, jSS ■ 

the occurrence of isolated individnals (arlfroBa t" ; 
original source. Among plants, it seems to "he ^ ; 



cral principle that aggregation is inversely related 
to the capacity of the species for seed dispersal. 

Physical features of the habitat. Responses of the 
individuals of the population to variations in the 
habitat also tend to give rise to local concentra- 
tions. Environments are rarely uniform throughout, 
some portions generally being more suitable for life 
than others, with the result that population density 
tends to be correlated directly with the favorability 
of the habitat. Oriented reactions, either positive or 
negative, to light intensities, moisture gradients, or 
to sources of food or shelter, often bring numbers of 
individuals into a restricted area. In these cases, 
aggregation results from a species-characteristic 
response to the environment and need not involve 
any social reactions to other members of the popu- 
lation (see Environment). 

Influence of temporal changes. In most species of 
Lnimal, daily and seasonal changes in weather 
evoke movements which modify existing patterns of 
dispersion. Many of these are associated with the 
disbanding of groups as well as with their forma- 
tion. Certain birds, bats, and even butterflies, for 
example, form roosting assemblages at one time of 
day and disperse at another. Some species tend to 
be uniformly dispersed during the summer, but flock 
together in winter. Hence temporal variation in the 
habitat may often be as effective in determining dis- 
tribution patterns as spatial variation. 

Behavior patterns in reproduction. Factors re- 
lated to reproductive habits likewise influence the 
dispersion patterns of both plant and animal popu- 
lations. Many plants reproduce vegetatively, new in- 
dividuals arising from parent rootstocks and pro- 
ducing distinct clusters; others spread by means of 
rhizomes and runners and may thereby achieve a 
somewhat more random distribution. Among ani- 
mals, congregations for mating purposes are com- 
mon, as in frogs and toads and the breeding swarms 
of many insects. In contrast, the breeding terri- 
tories of various fishes and birds exhibit a com- 
paratively regular dispersion. 

Intensity of competition. Competition for light, 
water, food and other re.sources of the environment 
tends to produce uniform patterns of distribution. 
The rather regular spacing of trees in many forests 
is commonly attributed largely to competition for 
sunlight, that of desert plants for soil moisture. 
Thus a uniform dispersion helps to reduce the in- 
tensity of competition, while aggregation increases 
it. 

Social factors. Among many animals the most 
powerful forces determining the dispersion pattern 
are social ones. The social habit leads to the format 
tion of groups or societies {see Social animals). 
Plant ecologists use the term society for various 
types of minor communities composed of several to 
species, but when the word is applied to ani- 
t*tsls it is best confined to aggregations of individ- 
uals of the same species which cooperate in their 
activities. Animal societies or social groups 
*‘an^ in size from a pair to large bands, herds, or 
colofties. They can be classified functionally as 
Stating societies ^ which in turn arc monogamous or 
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polygamous, depending on the habits of the spe- 
cies), family societies (one or both parents with 
their young), feeding societies (such as various 
flocks of birds or schools of fishes), and as migra- 
tory societies, defense societies, and other types. 
Sociality confers many advantages, including 
greater efficiency in securing food, conservation of 
body heat during cold weather, more thorough con- 
ditioning of the environment to increase its habita- 
bility, increased facilitation of mating, improved 
detection of, and defense against, predators, de- 
creased mortality of the young and a greater life 
expectancy, and the possibility of division of labor 
and specialization of activities. Disadvantages in- 
clude increased competition, more rapid depletion 
of resources, greater attraction of enemies, and 
more rapid spread of parasites and disease. Despite 
these disadvantages, the development and persist- 
ence of social groiips in a wide variety of animal 
species is ample evidence of its over-all survival 
value. Some of the advantages of the society are 
also shared by aggregations that have no social 
basis. 

Optimal population density. The degree of ag- 
gregation which promotes optimum population 
growth and survival, however, varies according to 
the species and the circumstances. Groups of or- 
ganisms often flourish best if neither too few nor too 
many individuals are present; they have an optima] 
population density at some intermediate level. The 
condition of too few individuals, known as under- 
crowding, may prevent sufficient breeding contacts 
for a normal rate of reproduction. On the other 
hand, overcrowding, or too high a density, may 
result in severe competition and excessive interac- 
tion that will reduce fecundity and lower the growth 
rate of individuals. The concept of an intermediate 
optimal population density is sometimes known as 
Allee’s principle. 

Bibliography: W. C. Alice, Animal Aggrega- 
tions: a Study in General Sociology y 1931; P. 
Greig-Smith, Quantitative Plant Ecology^ 1957. 

Population dynamics 

The aggregate of processes that determine the size 
and composition of any population. In this context, 
a population is considered to consist of organisms 
of a single species. The group is characterized by 
definite time rates of birth and death and often by 
a definite composition with respect to the ratio 
between the sexes and between the numbers of 
individuals belonging to different age classes. An 
Aggregation < of individuals brought together for- 
tuitously may or may not constitute a population 
in this sense. 

Populfttion siX6 snd drasity. Population size is 
normally measured in terms of numbers of indi* 
viduals, while productivity is often expressed as 
number of new individuals produced per unit time. 
There are exceptions such as stands of timber \or 
populations of commerciallyivaluabk fish. In those 
instances, productivity and population size are ap- 
propriately measured in terjins of mass or voKum 
rather than numbers. The st^y of d3fr|Mtiiitesin 
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|H)pulalion6 merely requires consideration of in- 
dividual i^owth rates in addition to numbers and 
ageSt and we will here limit our discussion to popu- 
lations measured by enumeration. 

In practice, it is difficult to define the limits of a 
population, and enumeration normally measures 
some type of population density. Crude density is 
the number of individuals per unit of selected space 
or volume. Examples of this are the number of deer 
in a county or other areal unit, or the mean num- 
ber of fish per acre of water surface or per cubic 
meter of water. This measure suffers from the fact 
that the units of area and volume are heterogeneous 
and the population does not utilize all of the avail- 
able space. Ecological or economic density refers 
to the mean number of individuals per unit of space 
actually utilized. Sometimes it is easiest to enumer- 
ate a population under conditions of maximum den- 
sity as when fur seals or colonial birds are on their 
breeding grounds, when deer are in winter yards, or 
when snakes are congregated in dens. Often, the 
only practicable measures of natural populations 
involve relative density and are designed to show 
whether a population is increasing or decreasing 
without determining its actual size. Thus, the num- 
ber of birds seen per man-hour of walking and the 
number of squirrels treed per dog-hour have been 
used to compare population densities in different 
years and places. Formidable statistical and prac- 
tical problems are involved in the mensuration of 
natural populations. 

Population growth. A population can gain in 
numbers only by birth and immigration, and it can 
decrease only by death and emigration. In consid- 
ering theoretical population dynamics, we custom- 
arily ignore migratory movements and concentrate 
our attention on the birth and death processes. In- 
dividuals of every species have the potentiality for 
producing more offspring than are required to re- 
place the parents. Without this potential, the spe- 
cies could not meet emergencies and would neces- 
sarily become extinct. Some organisms reproduce 
once per lifetime, others many times. Some produce 
tremendous numbers of gametes, others few. Also, 
the age at which reproductive maturity occurs var- 
ies tremendously — from a few minutes in bacteria 
to more than a century in the giant Sequoia tree. 
These life history features determine the potential 
growth rate of the population or the biotic potential 
of the species. 

If these life history features remained the same 
in successive generations, the population would ulti- 
mately grow in accordance with the equation Nt ^ 
Ae^* for which the growth rate at time t is 
dN/dt rNf In this formula Nt is the population 
size at time t, A is sl constant, e is the base of the 
natural logarithmic system, and r is a measure of 
population growth. The value of r, which is deter- 
mined by natural history features, is commonly re- 
ferred to as the intHnsic rate of natural increase, 
and it has been proposed to define biotic potential 
as the normal maximum vdkm of r for a given 
population. 


This exponential form of potential population 
growth implies exceedingly rapid expansion. A sin. 
gle individual of an annual plant in which each in. 
dividual produces only two viable seeds would leave 
1,000,000 descendants in 20 years if all seeds sur. 
vived,.and, in fact, every species is theoretically 
capable of overflowing the earth. In actuality, shifts 
in natality (birth rates) and mortality inhibit un- 
limited exponential growth. 

Population control or regulation. Since poten- 
tial population growth is exponential, while real 
population size is limited, much interest and con- 
troversy has centered about the form of actual pop- 
ulation growth. Commonly, when th^^size of a grow- 
ing population is plotted against time, the result is 
a broad S-shaped (sigmoid) form of growth curve 
which often appears to be symmetrical about a cen- 
tral point of inflection, where the rate of growth 
shifts from increase to decrease. 

Attempts to give a generalized mathematical for 
miilation of population growth have led to consid- 
eration of equations of the form dN/dt = rNf(N). 
This equation differs from that describing exponen- 
tial growth in that the factor f{N) serves as a gov- 
ernor or damping factor which takes the value zero 
when N is very large, indicating that there is some 
finite upper limit to the size of a population that is 
capable of further growth. 

Various proposals have been offered concerning 
the form of this goveuiing factor. If f(N) is as- 
sumed to be merely aMecreasing function of time 
the result is one form of the discredited doctrine of 
racial senescence, the supposition that populations 
age and die as do individual organisms. Numerous 
workers have supposed that f(N) is a random vari- 
able, sometimes positive and sometimes negative, so 
that populations normally fluctuate about a steady- 
state, or equilibrium, size. Modern probability 
theory shows this position to be untenable in so 
simple a form. By this doctrine, random extinction 
would be the eventual fate of all populations, but 
contrary to experience, small populations of ob- 
scure forms often should be observed to grow to 
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iremendous siae, at least approaching the condition 
of overflowing the earth. 

In a somewhat more realistic approach, the gov* 
ernmg factor is regarded as a decreasing function 
of population density so that the population inhibits 
Its own growth beyond a certain size. It is obvious, 
however, that maximum population size must also 
be affected by the quality of the habitat. Popula- 
tions of the same species are commonly more dense 
jn some regions than in others owing to differences 
in the availability of essential resources such as 
food and nesting sites. Therefore, it is usual to 
speak of a carrying capacity for any given habitat 
and to define this as the maximum steady-state pop- 
ulation of a given species that can be supported 
there. 

Carrying capacity. No general agreement has 
been reached on a precise definition of carrying 
(Opacity, but it seems essential to recognize that 
this hypothetical upper limit may sometimes be ex- 
(peded temporarily. For example, populations as 
den^-e as 17 individuals per square yard have been 
observed in house mice, and the hordes of locusts, 
ihinfh bugs, lemmings, and other animals that oc- 
lUT in outbreak years far exceed the rapacity of 
ihe occupied land to provide food and shelter 
Environmental resistame In practice, students 
of natural populations often think of population 
density not in absolute terms but as a density, rela- 
tive to some standard, such as the maximum that 
(ould he supported Thus, the factor, /(A^), govern- 
ing population growth is most realistically regarded 
as a function of the unfulfilled possibilities for 
growth. The term environmental resistance has 
been employed to express this same concept that 
the resistance to further growth increases as the 
environment approaches saturation. 

It IS known from observations in the field and 
from laboratory experiments that crowding does 
promote increased death rates and inhibit repro- 
duction. Pathogenic organisms can spread rapidly 
through populations where there is close contact 
between individuals, metabolic wastes may accu- 
mulate to toxic levels, malnutrition or other defi- 
ciencv conditions may weaken the individuals, and 
m very crowded populations there may be interfer- 
ence with feeding and mating. Also, various symp- 
toms of physiological stress apparently result from 
crowding. There are, therefore, sound reasons for 
t'onsidering increased population density to operate 
ttt limiting and finally inhibiting population 
growth; that is to say, the growing population ex- 
hibits negative feedback. Theoretically also, any 
^ause of mortality or stetility that is always ifide*^ 
pendent of population size or density, in the matbe- 
^aMcal sense, could not prevent growing pepula- 
bons from occasionally overflowing the earth. 

OensUy factors. Numerous students have tried to 
classify environmental influences into dertsity-mde- 
P^ndent factors which are theoretically incapable 
^^gulating population size and denaity-depeitdnnt 
factctts which can exert a governing effect. Much 
cont^ve^sy has surrounded these concepts and the 
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varying definitions given to the various classes of 
factors. Thus, it has been claimed that a density* 
dependent factor must be what ethers have called 
density-responsive; that is, the intensity of the fac- 
tor must be altered by changing population density. 
Since population density cannot ordinarily be con- 
sidered to alter weather or climate, it has been c.on- 
tended that meteorological conditions are density- 
independent and cannot regulate population size. 
Others have recognized that weather does some- 
times operate in a density-dependent manner, or 
they have maintained that the true density-depend- 
ent regulating factor in such cases is competition 
for shelter between the individuals which forces 
the losers to be exposed to unfavorable weather 
conditions. Another prominent school of thought is 
utterly opposed to this general approach and main- 
tains that populations seldom attain a level where 
density effects are important but are normally held 
at lowpi levels by environmental inadequacies and 
mortality factors such as extremes of weather. 

U nderpopulation effects. At the other end of the 
scale of size there is also a great deal of evidence 
in many species for underpopulation effects on pop- 
ulation growth. In sparse populations, females may 
have difficulty finding mates. A small population 
lacks the adaptability to changed conditions that is 
provided by a large stock of genetic variability, and 
this defect may be aggravated by inbreeding. Also, 
populations often condition their surroundings and 
modify the impact of environmental factors. The 
forest literally protects the trees from wind dam- 
age excessive insulation, and evaporation. The ad- 
vantages of maintaining the population above some 
minimum level are obvious in gregarious animals 
such as bird flocks and herds of ungulates, and 
even more so in the social insects where ants, bees, 
and termites, for example, exercise considerable 
control over the climate inside the colonial struc- 
ture. In addition, many cases are known where, 
often for obscure reasons, populations seem unable 
to resist extinction if the numbers fall below some 
minimum level. 

From these observations it follows that any gen- 
eralized concept of the growth governor f{N), must 
provide for this factor to be small in very small 
populations, to rise to a maximum at some optimum 
population size, and to decline to zero before the 
population overflows the earth. In other words, the 
growing population may exhibit positive feedback 
up to a certain size range and negative feedback at 
higher levels. To date, however, very little use has 
been made of highly generalized governing factors. 

Actual population growth. The logistic function 
has been the equation most employed for represent- 
ing actual population growth. This equation in its 
differential form is 



where K represents the upper asymptote or maxi- 
mum size attaltiable by the pppuletion in q^aftioii. 
Here the of ito gov^ning feotor dsNaHtktgs 
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linearly with population size so no account is taken 
of underpopulation effects. The integrated logistic 
curve, however, is sigmoid-shaped and symmetrical 
about its central point of inflection. It often gives a 
very good representation of the course of popula- 
tion growth. It occupies a prominent, though con- 
troversial, position in modem theories of popula- 
tion dynamics. 

Optimum yield. An important consequence of 
the sigmoid form of population growth is the fact 
that populations of intermediate size are capable 
of more rapid growth and greater productivity than 
are either very large or very small populations. If 
growth were strictly logistic, the most rapid growth 
would occur at a population size of K/2 and the 
growth rate at this point would be rA/4. 

When man begins to exploit a large population, 
as in commercial fishing, the effects of his catch 
will be to reduce population size. If exploitation is 
not too intense, the smaller population will lie on a 
steeper portion of the sigmoid growth curve and 
will therefore be more productive than the larger 
population. The population is said to compensate 
for the increased mortality. In theory, productivity 
will increase with rate of exploitation to the point 
where population size reaches the inflection in the 
growth curve. Hence the maximum possible sus- 
tained harvest would be obtained hy reducing the 
population to the inflection point and harvesting at 
a rate just sufficient to maintain this size. There are 
many practical difficulties in all actual attempts to 
determine the optimum rate of harvest and the gen- 
eral problem has become widely known as the op- 
timum-yield problem. It is noteworthy that if the 
population is “overfished” so that its size passes be- 
low the inflection point, productivity will decline 
with each further decrease in size. Then each in- 
crease in the effort to harvest a crop will have the 
effect of reducing the long-term yield. There is rea- 
son to believe that many commercial fisheries are 
reducing their total catch by fishing too inten- 
sively. 

The same principles apply to attempts to control 
noxious species. Rodent populations, for example, 
compensate for mortality and it is possible to har- 
vest a large annual crop of rats without actually 
reducing the population. Programs of killing are 
often discontinued before the population passes be- 
low the inflection point where control would be- 
come progressively easier. Consequently, the most 
effective way of dealing with noxious forms is often 
to reduce the carrying capacity of the environment; 
programs for improving garbage disposal and for 
ratproofing buildings will often be much more effec- 
tive than programs o| killing. 

Fluctuations. Populations of many species fluc- 
tuate in size from year to year, and a very large 
literature exists on this subject. Plagues of rodents 
and locusts are recorded in the Old Testament 
and similarly ancient sources, and the migrations 
of the Imminga and the eruptions, outbreaks, or 
gradations of various insect populations have often 


attracted popular attention. There is a tendency for 
eruptions to be most conspicuous in high latitudes 
and other regions where the biota is composed of 
relatively few species of plants and animals. Out- 
break years typically follow periods of build-up 
during which the population nearly realizes its 
potential of exponential growth. Eventually, popu- 
lation size exceeds the capacity of the environment 
to sustain it and the population “crashes,” often 
dropping abruptly to a very low level. 

Cycles. The most discussed of the fluctuating 
populations have been those of certain gallinaceous 
birds, rodents, rabbits, and fur-bearing mammals of 
northern regions. The records of^^he Hudson’s 
Bay Company, for example, provide figures for a 
long series of annual catches, and many students of 
populations have considered that the rhythms, or 
cycles, in such records indicate a regular periodic- 
ity in the rise and fall of population size. Although 
cycles of various length have been postulated, most 
competent opinion in recent years has considered 
that there are two predominant cycle lengths: a 
short cycle of approximately 3 or 4 years and a 
longer cycle often referred to as the 10-year cycle. 

Numerous explanations have been advanced. One 
of the most popular has been the belief that the 
populations follow some extraterrestrial rhythm, 
especially the “sun-spot cycle.” Such hypotheses 
suffer from numerous observations indicating that 
populations in differrat regions may be out of 
phase with each other.^Others have based explana- 
tions on population dynamics, claiming, in effect, 
that the cyclic species are deficient in feedback 
mechanisms so that exponential growth is not in- 
hibited until disastrously high densities are at- 
tained. Still others have attributed the cycles to 
interactions between two species: herbivores and 
their food plants, or predators and their prey. The 
predator is visualized as growing until it exhausts 
its food supply and then undergoing violent decline 
until the prey population has time to recover. These 
hypotheses are not entirely satisfying because it js 
difficult to see why many species with diverse life 
histories should adhere to two basic cycle lengths. 
The Canadian lynx and the chinch bug, for exam- 
ple, are both considered to exhibit 10-year cycles. 

Other factors. It has also been noted that random 
variables such as the sizes of the numbers turning 
up on a roulette wheel will, when plotted on grapf* 
paper, give an appearance of regularity and show a 
series of peaks occurring at a mean interval of 3^ 
numbers. It has been postulated that the great vari- 
ety of haphazard factors affecting population size 
constitute a causal system comparable in complex’ 
ity to that governing the roulette wheel and that 
the appearance of peak population years may there- 
fore be considered to be governed by a random van- 
able. 

Whatever may be tifte causes of population 
tuations, they are often of great practical 
tance. Much remains to be learned about 
ties for predicting peak years in crop -dama^ 



in the harvest of food, game, and fur-bearing ani- 
mals. or for minimizing the expectation of financial 
resulting from these fluctuations. 

Age structure. Not only the size but also the 
composition of a population is governed by the age 
schedules of natality and mortality. If the life his- 
tory features and the death rates for individuals of 
each age remain constant, a population will even- 
tually attain a stable age distribution such that the 
individuals of any particular age constitute a fixed 
proportion of the total. In human populations, 
about one-half of the individuals typically fall in 
the age range of 15-50 years, but the ratio of 
older individuals to very young differs greatly from 
one nation to another. Consequently, diseases of old 
ape attain greatest importance in populations 
where life expectancy is greatest. Problems relat- 
ing to age structure are also of grtjat significance 
in nonhiiman populations. It is apparent that a 
predator can benefit man by selectively killing su- 
perannuated game animals, thus increasing produc- 
tivity, or that such a predator can work against 
man’s efforts to control noxious spec’ies even while 
killing many of the undesirable forms. See Ecol- 
ogy. fT..r.co.l 

Hihliof'rnphy: Population studies: animal ecol- 
ogy and demography. Cold Spring Harbor Symposia 
Quant. Biol., vol. 22, 1957, 

Population genetics 

The study of both experimental and theoretical con- 
seqnetK'es of Mendelian heredity on the popula- 
(ifm level, in contradistinction to classical genetics, 
^hit'll deals with the offspring of specified parents 
on the familial level. The genetics of populations 
'tudies the frequencies of genes, genotypes, and 
phenotypes, and the mating systems. It also studies 
ihp forces that may alter the genetic composition 
nf a population in time, .such as recurrent mutation, 
migration, and intermixture between groups, se- 
l<?rtion resulting from genotypic differential fertil- 
Hv. and the random changes incurred by the sam- 
pling process in reproduction from generation to 
KPneralion. This type of study enables one to gain 
dn understanding of the elementary step in biologi- 
'al evolution. The principles of population genetics 
fnay be applied to plants, and other animals, as well 
men. See Evolution, organic; Mlndkmsm. 
Mendelian population. A Mendelian population 
a group of individuals who interbreed among 
•i^eir members according to a certain system of mat- 
and form more or less a breeding community by 
themselves. These individuals share a common gene 
P^ol, which is the total genic content of the group. 
^ Mendelian population is the unit of study in pop- 
genetics. The population may be very krge 
small, and is to be distinguished from spe- 
ues or varieties, which may consist of numerous 
Mated or partially isolated Mendelian popula- 
Mendelian population is a genetic rather than 
* IttXMifomic term. Mendelian populations differ 
tfom e^ch other in their genic content or chromo- 
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somal organization, not necessarily in their taxo- 
nomic features. The term deme, originally defined 
as an assemblage of taxonomically closely related 
individuals, has been used as a synonym for Men- 
delian population. Gamodeme, a deme forming a 
more or less isolated local intrabreeding commu- 
nity, would be a better substitute. 

Mutation pressure. Gene mutation arises from 
time to time in nature. The causes for mutation are 
not fully known, and thus it can be said that muta- 
tions arise “spontaneously.” The effect of a new 
mutant gene is unpredictable and the gene is 
therefore said to mutate “at random.” One prop- 
erty of mutation has been established: it is recur- 
rent. Each type of gene mutates at a certain rate 
per generation. The rate is usually low — about 1 
mutant in genes of a given sort, varying 

from locus to locus on the chromosomes, even un- 
der uniform conditions. Ionizing radiation, certain 
chemicals, heat, and some other agents increase the 
rate of mutation. See MuTATroN. 

Let p be the rate of mutation from an allele A 
to another form a per generation. If a fraction p 
of the genes of a population is A in one generation, 
then in the next generation the frequency of A will 
be diminished by the amount p/i. so that the new 
frequency of A will he p(l — p.). The amount of 
change, pp, is said to be due to the mutation pres- 
sure. If this pressure is unopposed generation after 
generation, the gene A will gradually disappear 
from the population, as p„ = po(l p.)" = poC"^** 
where po is the initial gene frequency and p„ is the 
frequency after n generations. Therefore, for all 
existing genes, there must be some kind of com- 
pensating mechanism which supports its continuing 
presence in natiire. One important problem in pop- 
ulation genetic’- is the mechanism of maintenance 
of a gene in a population or of its change in fre- 
quency from generation to generation. 

If, in addition to the mutation from A to a, there 
is reverse mutation from a to A at the rate v per 
generation, then the net amount of change in the 
frequency of a is Ar/ = pp — qv. At the time when 
these opposing changes cancel each other, there 
will be no change in gene frequency despite the re- 
current mutations. This state of affairs is said to 
be in equilibrium and is obtained when Aq * 0; 
that is, p«v/(p + v) and q*p/(p + v), 
where q is a frequency of a, q is the equilibrium 
point for a, and p is the equilibrium point for A, 
The equilibrium gene frequencies are determined 
by the opposing rates of mutation only and are in- 
dependent of the initial frequencies of the genes in 
the population. The amount of change in gene fre- 
quency per generation is larger when the current 
q is far away from the equilibrium ^ than when g 
is close to q. Substitution gives — (p+ v) 

(7 — ^), indicating that the amount of change pet 
generation is proportional to the deviation 
(g — It also shows that it g > q decreases^ 
and ii q < q, g increases, or that q will approach 
4 from either side. Suck an equilibrium is said to 
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be stable. The changes in q described above are in- 
dependent of the mating system practiced in the 
population. 

In nature, and under artificial conditions, the mu- 
tation rates may not remain constant in all genera- 
tions but may fluctuate within a certain range from 
time to time. In such cases, instead of a single fixed 
equilibrium point g, there will be an equilibrium 
distribution of g within a certain range, and the ap- 
parent change in gene frequency from one genera- 
tion to the next may be purely a stochastic phenom- 
enon without necessary long-term significance. The 
same remark applies to all equilibria to be estab- 
lished in subsequent paragraphs. See Stochastic 
PROCESS. 

Migration and intermixture. If a fraction m of 
a population with a gene frequency q consists of 
immigrants from outside and the immigrant group 
has a gene frequency q, then the new gene fre- 
quency of the population will be <71 = (l — m)^ + 
^ q — m{q -- q) . The amount of change in 
gene frequency in one generation is thus Aq =qi — 
q *■ — /n(q — q), showing that the change is pro- 
portional to the deviation (q — q). This expres- 
sion for Aq is of the same form as that for muta- 
tion. If the immigrants have the same gene fre- 
quency as that in the population, there will be no 
change in gene frequency in spite of the migrations. 
The continued intermixture of neighboring popula- 
tions will eventually make them homogeneous in 
terms of gene frequencies. Thus, if a large popula- 
tion is divided into a number of partially isolated 
subpopulations, migrations between the groups will 
eventually make all subpopulations have the same 
gene frequency q, which then denotes the average 
for the entire population i,n the absence of other 
di.sturbing factors. If the local populations are dif- 
ferentiated genetically, there must be some mecha- 
nism (for example, local selection) to counteract 
the pooling effect of migrations so that an equilib- 
rium condition may be reached. The change in 
gene frequency due to migration is independent of 
the mating system practiced in the population. 

Mating systems. In a gene pool with respect to 
one locus, if a proportion p of the genes is A and 
a proportion q of the genes is a, the genotypic pro- 
portions in the population are still unknown until 
the mating pattern is specified. The mating pattern 
is a system by which the genes are associated into 
pairs to' form the diploid genotypes. The mating 
systems vary widely in nature for different organ- 
isms and populations. Thus, wheat may have 1% 
cross pollination and 99% self-fertilization, whereas 
maize practices just the reverse. One of the simplest 
and most extensively studied systems is random 
mating, also known as panmixts. 

Panmixis, Random mating between individuals is 
equivalent to a random union of gametes. Thus, if 
the (p/f, qa) gametes of one sex unite at random 
with the {pA, qa) gametes of the opposite sex, the 
resulting genotypic array will be p^AA, 2pqAa, 
These genotypic proportions will be realized 


only in very large populations. See Hardy-Weix, 

BERC FORMULA ; HUMAN GENETICS. 

Inbreeding. Inbreeding refers to mating between 
genetically related individuals ; the frequency with 
which two A gametes unite will be greater than 
p-; and a similar situation is true for gene a. Con- 
sequently, inbreeding leads to an increase of ho- 
mozygosis at the expense of heterozygosis. Let H be 
the heterozygosis proportion in a population, H' 
that in the preceding generation, /f" that two gen- 
erations ago, and so on. On continued systematic 
inbreeding, the manner in which the value of H de- 
creases is shown in Table 1. 

Continued close inbreeding, su^ as those de- 
grees indicated in Table 1 and many others, even- 
tually leads to complete homozygosis. The popula- 
tion will then consist of pAA and qaa; that is, an 
A gamete will always unite with another A gamete, 
and an a gamete with another a. Inbreeding be- 
tween remote relatives does not necessarily lead to 
complete homozygosis but only decreases the het- 
erozygosis below the random mating level to a cer- 
tain extent. 

The inbreeding coefficient is an index intended 
to measure the amount or degree of inbreedinp 
that has been accomplished in a population. Vari- 
ous indices may be constructed. One that has been 
proved highly useful in both theoretical investiga- 
tion and practical breeding work is the inbreeding 
coefficient F defined as the correlation coefficient 
between the uniting ^metes. The value of F ranges 
from 0 for random mating to 1 for inbreeding in a 
homozygous population, as shown in Table 2. 

In an inbred population where the correlation be- 
tween the uniting gametes is F, the genotypic array 
in the population will be 

AA :p^ -f Fpq * (1 - F)p^ 4- Fp_ 
Aa:2pq — 2Fpq = 2(1 — F)pq 
aa :q^ -h Fpq =* (1 — F)q^ -f Fq 

The last set of expressions showa that the popula- 
tion may be mathematically considered as having 
two separate components, (1 — F) panmictic and 
F fixed. If the mating system ia such that F remains 
constant (instead of increasing) from generation to 
generation, the population will reach an equilib- 
rium state with the genotypic array shown above. 


Table 1. Decrease in heterozygoele with eyetematic 
Inbreeding 


iDbreeding Manner of heterozygoeia (H) Limiting 

ayatem decreaae situation 


Self-fertilization 
Same purebred 
■ire X succea- 
aive daiiglitera 
Brother X aiater 
Younger parent 
X offspring 
Half brother X 
half aiatera 
Half brother X 
full aiatera 
Double Brat 
ooueina 


H 

Jt m O.S(K>" 

W - 

ft • o.sootf' 

H « 0.809ff 

H -'HU' ^ HH*' 

fl m 0.B99H' 

H + HH*' 

g m O. 990 H' 

H mH»' + HH" + 






Tibta 2. Rame In value of F. the Inbraatfing cooffldant 


Random mating 
A a 


p* 

PQ 

PQ 

Q* 


P Q I 

Correlation » 0 


Inbrad population 
A a 

p* + Fpq pq - Fpq 

pq - Fpq Q* 4- Fpq 


Correlation - F 

Inbreeding in homozygous p)opulation 
A a 


P 

0 

U 

Q 


p q 1 

Correlation = 1 


The correlation between uniting gametes is due 
to the correlation between mating individuals. In an 
etjih librium population, if M denotes the correla- 
tion between mates, then M = 2F / (] -f/' ) or 

Genotypic selective values. Within a large pop- 
ulation not all individuals produce the same num- 
ber of offspring. In the situation to be considered, 
the average numbers of living offspring born to 
each of the genotypes in the population are studied, 
'^’hile ignoring the random fluctuation in the num- 
ber of offspring from family to family. Further- 
more, it is assumed that tlie population is so large 
that only the relative frequencies of the various 
genotypes and genes in the population are of in- 
terest. Suppose that the average number of off- 
J'pring for each genotype is as follows: A A: 2.00; 

2.50; aa: 1.50. Given these differential rates of 
reproduction, the new gene frequency of the next 
generation may be calculated. Inasmuch as it is 
t>nly their relative magnitude that matters, these re- 
productive rates may be simplified into the ratio 
*^11:1^12:1^22 » 1:1.25:0.75 or alternatively into 
0-80:1 :0.60. In order to standardize the description, 
h is convenient to take one of the three reproduc- 
tive values as unity. In ifee previous example, de- 
pending upon whether the reproductive value qf 
AA or Aa is taken as unity (the standard), that of 
is 0.75 or 0.60 * 1 - 0.25 or 1 - 0.40 l-sin 
general. The value of ^ is known as the selection 
coefficient against the genotype aa. When a selec- 
tion coefficient is used, it should always be stated 
^hich genotype has been employed as the standard, 

Natural selection. The doctrine of the.survival of 
ti'e fetest needs clarification from t^ic genetic view* 


point. The relative genotypic reproductive values 
11, 1^12, IF 22 of the preceding paragraph) simply 
give an ex post facto description, by which the ge- 
netic composition of the offspring generation may 
be related to that of the parent generation. These 
^ values include all causes for differential repro- 
duction such as fecundity, fertility, sexual maturity 
and capacity, survival and viability, length of re- 
productive life, and many others, depending on the 
details of the life cycle of the organism. ITie tF 
value, sometimes briefly referred to as relative “fit- 
ness,” i.s not necessarilv correlated with any observ- 
able morphological characteristics, no matter how 
desirable they may seem to man. From the genetic 
viewpoint, only those who reproduce count. Thus, 
natural selection has no particular purpose except 
to perpetuate those who are fit to reproduce under 
the given conditions. Only when a characteristic 
lowers the organism’s reproductive capacity does 
it have a genetic effect on the subsequent genera- 
tions. 

Selection pressure and equilibrium. The effect of 
selection may be described in terms of changes in 
gene frequency. In a random mating population 
with respect to one gene locus, the situation is as 
shown in Table 3. 

The population after selection is the parental 
population of the next generation through random 
mating. The value W is the total of the selected pa- 
rental population, but may also be regarded as the 
average fitness of the original unselected popula- 
tion. The new frequency of gene a among the se- 
lected is ^' = (pqW\ 2 ’\' q‘W 22 ) /IF and there- 
fore the amount of change per generation is Aq » 
q' — q, or, more explicitly, 


A^ 


pq dW 
2 W dq 


This represents the effect of selection pressure oh 
gene frequency. When p or 7 is zero, there is no 
change in gene frequency; there can be no selec- 
tion in the aj?senre of alternatives. Therefore, all 
selection effects involve the factor pq. Further, 
when p or q is very small, the selection is ineffec- 
tive whether it is for or against a gene. Besides 
these terminal conditions, if there exists a q value 
such that A9 » 0, it is called the equilibrium value 
of gene frequency, because a population with that 
particular gene frequency will remain unchanged 
in spite of the selection pressure. When such a q 


Table 3. of selection In a random 

mating population 




Frequency 

Frequency. 

Fitness, 

after selection*, 

Genotype / 

W 

fW 

AA p* 

Wn 

P*Wti 

Aa 2pq 

aa ^ 

Total IM 

w„ 

iptWu 

Wn 

ewn . 
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Fig. 1. Diagram of the relationship between the aver- 
age fitness value W and q the equilibrium point for a, 
(a) Stable equilibrium, (b) Unstable equilibrium. 

value exists, it must be the following solution of the 
equation dW /dq *= 0: 

. Wn - Wn 

^ “ iWn - Wxii + - r,2) 

In order that q be a positive fraction, the differ- 
ences Wu — W \2 and W 22 ^ W vi must be both posi- 
tive or both negative; that is, the selective value of 
^ the heterozygote must be lower or higher than 
those of both homozygotes. For all other cases, 
there will be no equilibrium except when q = 0 
or 1. 

Stability of an equilibrium. The value of IT — 
12 + q^W 22 may be plotted against 
the value of q or p. When W \2 is greater than W\\ 
and 1^22, the W curve has a maximum point (Fig. 
1). The q value corresponding to the maximum 
value of W is the stable equilibrium point. This 
means that whether it is smaller or larger than q.s 
the q value will approach q as selection proceeds 
from generation to generation. A stable equilib- 
rium of this type leads to balanced genetic poly- 
morphism, that is, to the coexistence of alleles in a 
population. Conversely, if W n is lower than both 
W xi and 8^22. the W' curve has a minimum point 
yielding an unstable equilibrium; the selection 
pressure will make the q value move away from the 
equilibrium value toward either 0 or 1, depending 
upon which side of the equilibrium the q happens 
to be. Consequently, selection against the hetero- 
zygote leads to the elimination of one of the alleles. 
In more complicated situations, there could he more 
than one stable or unstable equilibrium value in a 
population, or both. 

The genotypic selective values ITn, IF12, W 22 
have been assumed to be fixed for each genotype, 
but in nature they may vary in various ways. lii 
addition to the omnipresent random fluctuations, 
the selective values may vary with the gene fre- 
quency itself. For instance, a, genotype may be fa- 
vored by selection when it is rare in the population 
but suffer a disadvantage when it is too common. 
For such cases, there will be an equilibrium yield- 
ing genetic polymorphism. Let {7u, a function of 
be the varying selective value of genotype AA^ 
and so on. Then the equilibrium value of gene fre- 


quency is given by the appropriate solution of the 
equation 

Un - C/12 

^ (C^ii — C/i2) -h (C/22 — C/12) 

The study of selection effects may be extended to 
cases with multiple alleles, sex-linked alleles, auto- 
polyploids, and inbreeding populations. 

Gametic selection. The effective rate at which the 
A and a gametes function may not be the same; 
that is, selection may operate in the gametic stage 
instead of in the diploid genotypic stage. If the se- 
lective actions for the genotype fla,''lfor example, 
and gamete a are in opposite directions, an equilib- 
rium may result. 

Balance between selection and mutation. There 
are many different types of genotypic selection. 
Two simple cases will illustrate the principle of 
balance between selection and mutation pressures. 

Selection against recessives. Suppose that the 
selective values of A A, Aa, and aa are 1, 1, and 
1—5, where 5 is a positive fraction known as the 
selection coefficient. Then the new gent? frequency 
will be q' = (q — 5q-)/(l — sq") in the next gen- 
eration, so that the amount of c’hange per gen- 
eration is q' — q = — .sq^'(l — ■ q)/(l — sq-). At 
the .same time, if /x is the mutation rate from A to 
a, the value of q will be increased by the amount 
)u(l — q) per gener^on. At equilibrium, the 
forces to increase ana to decrease the gene fre- 
quency must cancel each other; that is, /x(l — q) 
= sq- (1 — q)/(l— sq- ) . Solving, one obtains 
sq- = ju,/(l + /x), which closely approximates /x. 
Hence, q- = fx/s and q = \//x/s, which usually is a 
small quantity. When aa is lethal or unable to re- 
produce, 5=1 and q = >//><.. This explains the per- 
sistence of deleterious recessive genes in a popula- 
tion in spite* tyLcontinuous selection. 

Selection Ugoitisi dominants. If the selection 
against horabz;ygou8 dominants only, the situation 
is the same as in tbe previous instance except for 
substitution of p for q and v (mutation rate from 
a to A) for p. To bring out the distinction between 
selection against dominants and that against re- 
cessives, take the extreme case in which AA is 
lethal, the selective value of /4a is 1 — 5, and aa is 
the norm. The value of p will then be so low that 
the usual genotypic proportions p-, 2pq, q' 
take the limiting form 0, 2p, 1 — 2p, as q is very 
close to unity. The increase in q through selection 
is approximately 5p, whereas the loss through mw* 
tation from a to /4 is qv = v. Hence, at equilibrium, 

p = v/$. This value is much lower than q « v/aA 
for selection against recessives. Thus, selection 
against dominant alleles is more effective than se- 
lection of the same intensity recessives. Se- 

lection against hetero^Vgotes wfS'iiflitentuaUy lc®<^ 
the same limiting situation. All tbe equilibrium 
values supported by mutation pressure are low 
stable. Mutations prevent complete extinction 
allele. 




Random drift. The random drift of gene fre- 
quencies in finite populations is often called the 
Sewall Wright effect because of his analysis of its 
Ciignificance. The gene frequency of any generation 
is determined by the uniting gametes produced by 
the parents of the preceding generation. If the 
number of parents is limited and constitutes a ran- 
dom sample of the entire population, the gene fre- 
quency of the next generation will not remain 
exactly the same as that of the previous generation 
but will be subject to a random fluctuation on ac- 
count of the sampling process. In a random mating 
population of N individuals, one-half of whom are 
males and one-half females, and maintaining the 
^arne population size, the variance of the gene 
frequency based on 2/V gametes is <7(1 --q)/ 2N. 
The gene frequency may be< ome a little higher or 
lower in the following generation. The smaller the 
population, the greater is the variance. This ran- 
dom process will continue to operate in all genera- 
tions. In a sufficiently long time, the value of q will 
reach either the terminal value 0 or 1. Hence the 
random drift leads eventually to complete homozy- 
gosis for small populations. It can he shown that 
the limiting rate of reaching the state 0 or 1 is 

each ^ ^ per generation so that the total rate of 

“decay” of genetic variahilitv is per genera- 

Zi\ 

lion. Naturalists have found numerous small iso- 
lated colonies (for example, snails in mountain 
\alleys) with characteristics uncorrelated with the 
environmental conditions to substantiate the theory 
of random (nonadaptive) fixation. 

The effective size of a population is the actual 
mimher of individuals producing offspring and 
thereby responsible for the genetic constitution of 
the next generation. The random mating popula- 
tion with one-half males and one-half females, and 
producing the same number of offspring, is an 
idealized model. Any deviation from the ideal .sit- 
nation will have a different sampling variance and 
^ different rate of decay. Equating these to the 
standard” variance (/(I — q) /2N or the ideal de- 

rate an equivalent N is obtained for the 

ideal population. The latter number is known as 
t^ie effective size of a population. It is convenient 
to use in mathematical descriptions of the genetic 
behavior of a population. Some of the factors that 
tend to make the effective size smaller than the 
actual breeding size are given below, 

!• Unequal number of males and females. If M 
jnd E are the respective numbers, the effective size 
Y is not simply M + F but is defined by 1/A^« = 

4^ + ^ and is equal to Ne “ AMF/ {M -f F) : The 

the difference between M and F, the smaller 
number as compared with Af + F. 

2. Unequal size of families. If the gametes are 
wholly at random from the parents, the 
of gametes k contributed by a parent will 
I Poisson distribution. In such a case, the 
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effective size is the same as the actual breeding 
size. However, without perfect random sampling, 
if the mean number of gametes per parent is 
A: * 2, the effective size is equal to 

N, » (4A^-2)/(a^2 + 2) 

where <7^2 is presumably larger than 2. 

3. Inbreeding. If F is the inbreeding coefficient 
of a population, then the effective size is Ng “ 
A^/d + F). 

4. Periodic change in population size. If V2, 

. . . , A'f are the respective sizes of the t genera- 
tions, the average effective size* for the period is 
approximately equal to the harmonic mean of the 
t .sizes. The harmonic mean is much closer to the 
smallest number of a series than to the largest one. 

Gene frequencies. A stationary distribution of 
gene frequencies results from two opposing forces: 
the systematic pressures (mutation, migration, se- 
lection) which tend to make the gene frequency 
attain a certain fixed value, and the random varia- 
tion due to sampling which tends to make the gene 
frequency drift away from any fixed value. The re- 
sult of these opposing tendencies is not a single 
equilibrium value of gene frequency hut a station- 
ary distribution of gene frequencies. Thi.s di.stribu- 
tion may be viewed in three different ways: as the 
distribution of q for a particular locus in a popula- 
tion in a long period of time; as ihe distribution of 
the allelic frequencies of all loci subject to the 
same pressures in one population at any given time; 
and finally as the distribution of q of one locus 
among a large number of populations of the same 
size ind with the same pressures at a given time. 
See Allele. 

Under selection pressure and the sampling varia- 
tion. the distribution function <^(q) is <l>{q) = 
CJF'-^/q(l — q), where C is a constant, IF the av- 
erage fitness of the population, and N the effective 
size of the population. The exact form of the dis- 
tribution depends upon the value of IF, which is a 
function of the selection coefficients as well as the 
gene frequency. 

If there is mutation, or migration pressure, or 
both, the distribution of gene frequency is simply a 
/3 distribution: 0(q) = (1 — q) S where 

U F *= 4iVv if there is only mutation pres- 

sure; U * 4Nmq, V =* 4A(mp if there is only mi- 
gration pressure; and V « 4A^(/i -f mq), V ** 
4A^(v 4- mp) if there are both. The exact form of 
the ^ distribution depends upon the values of V and 
F. When they are smaller than unity, the population 
is considered*^ small; when they ftre close to unity, 
the population is intermediate in size; when they 
are much larger than unity, the population is con^ 
sidered large. When the effects of mutation, migra^ 
tion, and selection are combined, the distribution 
function is 

^(g) « 

Figure 2 shows some of the forms of the distribu- 
tion under various conditions, The joint distribt|» 
tion of more than one locus is naturally very conir 
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(p) (b) (e) 

Fig. 2. (a) Lorge population, the distribution clustered 
close to the equilibrium value, (b) Intermediate popu- 
lation, a distribution of wider spread, (c) Intermediate 
small population, a distribution with some terminal fix- 


(d) (e) 

ation. (d) Small population, most genes close to fixQ. 
tion or extinction in the absence of systematic pres* 
sures. (e) Small population with strdijfg selection pres- 


plicated. Furthermore, if the mutation rates and 
selection coefficients also vary instead of being con- 
stant. the mathematical description of the stochas- 
tic process becomes very laborious and the forms 
shown in Fig. 2 give only a first approximation to 
the real situation. 

The distribution forms of the gene frequencies 
depend upon the relative magnitudes of the various 
factors which bring about populational changes. 
In large random-mating populations all gene fre- 
quencies remain close to their stable equilibrium 
values, which are determined by the counteracting 
but systematic pressures of mutation, selection, and 
migration. There will be no further genetic change 
unless the environmental conditions change so as 
to define new equilibrium points. Evolution in such 
large populations is guided essentially by intra- 
group selection, and progress is very slow. 

In small and completely isolated populations 
most of the gene frequencies are close to 0 or 1 
because of the random drift process which domi- 
nates the situation. Selection is ineffective. The loci 
are prevented from being completely fixed only by 
occasional mutations or immigrants. The ultimate 
fate of such small homozygous populations is prob- 
ably extinction because they are nonadaptive and 
unable to respond to new conditions. 

In populations of intermediate size, all factors, 
both random and systematic, come into play and 
the population is more responsive to evolutionary 
change. If a large population is subdivided into 
many partially isolated groups with migrations be- 
tween them, there will be some differentiation 
among the groups, some of it adaptive and some 
nonadaptive, but there is very little fixation. The 
selection effect, varying from one locality to an- 
other, then operates largely on an intergroup.f,ba- 
sis which is more efficient than the intragroup se- 
lection within one single large population. If the 
groups are small, some of them will be eliminated 
by selection while others flourish. This provides 
the most favorable condition for evolutionary suc- 
cess for the species as a whole. The conclusion is 
that there is no one all-important factor in evolu- 
tion. Evolutionary advance depends upon the inter- 
play and balance of all factors. See BtOMETmcs; 


Evolution, organic; Genetics; Mutation (on- 
togeny). \ c . c . h ,] 
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Porcelain 

A high-grade ceramic ware characterized by hiith 
strength, a while col(^ (under the glaze), very low 
absorption, good translucency, and a hard glaze 
Equivalent terms are European porcelain, hard 
porcelain, true porcelain, and hard paste porcelain 
See Glazing; Pottery. 

Porcelain is distinguished from other fine ce- 
ramic ware, such as china, by the fact that the firing 
of the unglazed ware (the bisque firing) is done at 
a lower temperature ( 1008-1 200°C) than the final 
or glost fixWg, which may be as high as 1500®C. In 
other wor^i^ the ware reaches its final state of 
maturity Under the glaze. This makes for an ex- 
ceedingly intimate bond between the glaze and the 
body, which in turn givers high strength. 

The white color is obtained by using very pure 
raw materials; the low absorption results from the 
high firing temperature; and the translucency froiu 
the chemical composition, the high firing tempera- 
ture, and the very thin sections in which the ware 
can be made. 

The term porcelain has been applied to the ma- 
terial used to make such things as electrical insula- 
tors and bathroom fixtures. Very often these arc 
made in a one-fire process, the glaze being apph®° 
to the green or iinfired ware ; where this is the case 
and high-grade tnaterials arc used in compounding 
the body, the term porcelain may be correctly aP' 
plied. However, the pieces have no translucency 
because of thefr gr^t thicli^ss. On the other hand* 
the term porcelain Is often^applied to quite diff^' 
ent ware. For example, xircon porcelain ie 
to describe a material made largely of 
(ZrOa'SiOa), with small amounts of fluxen 








Forif»rQ SIS 


g low absorption ; this material might better be 
called vitrified aurcon. See Ceramic technology. 

[m.c.m.] 

Porcupine 

Any of several large rodents with some of the 
hairs modified into pointed quills. The Old World 
forms are terrestrial, nocturnal animals. The single 
North American species, Erethizon dorsatum, is 
placed in the family Erethizontidae. It is charac- 
iprized bv its robust body and deliberate move- 
ments: it is arboreal and active during the day. 
The porcupine is found all across the northern 
United States, most of Alaska and Canada, and 
southward in the mountains. 



The porcupine, Erethizon dorsatum; length to 3 ft. 
'From P. A4 Duncan, ed , CasselPs Natural History, 
Cassell, } 


Porcupines do not shoot their quills, but can 
lash out quickly with the tail and embed many 
barbed quills in an adversary. They are protet ted 
bv law in much of the North because of their 
\aliie as an emergency food for men lost in the 
woods. In some areas thev are looked upon as 
pestb because of the damage they do to trees by 
girdling them. See Rodentia. [ j.d.b.] 

Porifera 

The sponges, a phylum of the animal kingdom 
which includes about 5000 described species. The 
b»dv plan of sponges is unique among animals. 
Currents of water are drawn through small pores or 
ostia in the sponge body and leave by way of 
larger openings called oscula. The beating of flag- 
**1^ on collar cells or choanocytes, localized in 
chambers in the interior of the sponge, maintains 
the water current. Support for the sponge tissues is 
provided by calcareous or siliceous spicules, or by 
organic fibers, or by a combination of organic fibers 
*^nd siliceous spicules. The skeletons of species with 
"^tipporting networks of organic fibers have long 
been used for bathing and cleaning purposes. Be- 
cause of their primitive organization, sponges are 
cf interest to zoologists as an aid in understanding 
ihe origin of multicellular animals. See Animal 
Parazoa. 

TiRRonomy. The Porifera arc divided into the 
Hexactinellida, Calcarea* and D^mo- 


spongiae on the basis of the skeletal structure. A 
taxonomic scheme of the Porifera follows. See sep- 
arate articles on each group. 

Class Hexactinellida 
subclass Amphidiscophora 
Order Amphidiscosa 
Order Hemidiscosa 
Subclass Hexasterophora 
Order Hexactinosa 
Order Lychiniscosa 
Order Lyssacinosa 
Order Reticulusa 
Class Calcarea 
Subclass Calcinea 
Order Clathrinida 
Order Leiicettida 
Order Pharetronida 
Subclass Calcaronea 
Order Leucosoleniida 
Order Sycettida 
Class Demospongiae 

Subclass Tetractinoinorpha 
Order Hoinosclerophorida 
Order Choristida 
Order Clavaxinellida 
Subclass Ceractinomorpha 
Order Dendroccratida 
Order Dictyoceratida 
Order Haplosclerida 
Order Poecilosclerida 
Order Halichondrida 

General structure and cell types. The structure 
and functioning of a sponge is most easily stud- 
ied in young fresh-water sponges as they develop 
from dormani bodies called gemmules. Such young 
sponges po8*9Css two discrete canal systems, an in- 
halant and an exhalant system, which are in com- 
munication with each other by way of numerous 
chambers lined with flagellated collar cells. The 
outer or dermal epithelium is made up of flattened 
polygonal cells called pinacocytes and is perfo- 
rated at intervals by pores or ostia through which 
water enters the inhalant canal system, usually by 
way of large subdermal cavities. The exhalant ca- 
nals are also lined by pinacocytes. 

All other cell types in the sponge are located in 
the inhalant canals. These cells may be divided into 
two categories, (1) those with large nucleolate nu- 
clei and (2) those with smaller nuclei lacking nU'* 
cleoli or with very small nucleoli. In the former 
category are the archaeocytes, ovoid in shape with 
blunt pseudopodia and hyaline cytoplasm, and 
many types of wandering amoebocytes which are 
named according to their functions. They are called 
chromocytes if they bear either pigment granules 
or zoochloreQae (unicellular green algae), theao- 
cytes or spherular cells if they are filled with fopd 
reserves, and trophocytes if they are acting as i^- 
tritive cells for developing eggs. MucucHsecretlpg 
gland cells, presumably derited from,amoebocyths^ 
are of common occurrence in sponges. SeJeroiilsdtSt 
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canal system 

Fig. 1 . Diagram of the canal systems of a young fresh- 
water sponge cultured between cover slip and micro- 
scope slide. (After Ankeh 1950) 

derived from archaeocytes, secrete spicules, and 
spongioblasts secrete spongin fibers. 

The anucleolate cells with small nuclei include 
the pinacocytes, mentioned above, collencytes, and 
choanocytes. In addition to their function as epi- 
thelial cells, pinacocytes may be differentiated into 
spindle-shaped contractile cells, called myocytes, 
which occur in circlets under the epitheliinn 
around ostia and oscula. Collencytes are star- 
shaped and have long, thin, protopla.smic pro- 
longations which insinuate throughout the inhalant 
canals. When they are bipolar, collencytes are 
called desmacytes or fiber cells and are found in 
abundance in the cortex of some species of sponges. 
Star-shaped collencytes with a vesicular or vacuo- 
late cytopla.sm are called cystencytes. The choano- 
cytes are the most highly differentiated cells of the 
sponge. Each consists of a small spherical cell body 
surmounted by a collar formed of many individual 
contractile cytoplasmic tentacles and provided with 
a flagellum which extends from the lumen of the 
collar. 

The mesenchymal cells and the skeleton of the 
Demospongiae and Calcarea are surrounded by a 
colloidal gel, called mesoglea, secreted by amoebo- 
cytes and possibly choanocytes. Elastin fibers which 
help provide support for the sponge occur in the 
mesogloea of most species. 

Watercurrent-system physiology. The flagel- 
lated chambers are hemi.spherical in shape with a 
diameter of 40-60 fi in fresh-water sponges. They 
are composed of choanocytes firmly held together. 
The uncoordinated beating of the flagella of the 
choanocytes creates the flow of water through the 
sponge. Water enters the flagellated chambers from 
the inhalant canals by way of openings between 
choanocytes. Two or three such openings (proso- 
pyles) lead into each chamber. Water leaves each 


chamber and enters the exhalant system by way of 
a single larger pore (apopyle) through the epithe- 
lial lining of the exhalant canal. The lumen of an 
apopyle is ten times greater than that of all the 
prosopyles leading into the chamber; thus water 
enters the chambers at a velocity ten times greater 
than that at which it leaves. The collars of the 
choanocytes are so oriented that each directs its 
current toward the apopyle. 

A fall in pressure takes place between apopyles 
and prosopyles and therefore the prosopyles exert 
a suction effect on the water in the inhalant canals. 
The effect of this lowered pressing is transmitted 
to the siibdermal cavity, and water is therefore 
drawn into the ostia forcibly. Food particles whirli 
may be at considerable distances from the pores 
are sucked in along with the water. 

The inciirrent canals are filled with a network of 
free cells which tends to decrease the velocity of 
the water, but the retarding effect of these frictional 
forces is compensated by the resultant decrease in 
diameter of the streams of water passing through 
the inhalant canals. The velocity of current flow 
through the inhalant canals is twice as great as 
that through the exhalant canals which have sino<»th 
walls but are also greater in diameter. An excess 
pressure exists in the exhalant canals as a result 
of the pumping action of the flagellated chambers 



chromocyta thatocyto 


Fig. 2. Types of cells found In a fresh-water ipedflf 
as seen In a cross section through f]ie interior of tN 
sponge. (After Meew/s, 1936 ) 
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Fig. 3. Transverse (left) and tangential (right) sections 
through the collar of a choanocyte of a fresh-water 
sponge. Electron micrographs. (After Rasmonf et al., 
1957) 

and the changing size of the oscular opening. Hence 
food-free water laden with excretory products if 
carried far away from the sponge as it leaves the 
osciilum and is unlikely to reenter through the 
ostia. 

Feeding and digestion. Feeding activities are 
best known in fresh-water sponges in which the 
dermal ostia, the inhalant canals, the flagellated 
chambers, and the choanocyte collars constitute a 
^ct of sieves of decreasing mesh size. The dermal 
ostia are 50 /<, in diameter, the prosopyles are 5 fi 
in diameter, and the spaces between the cytopla.smic 
tentacles of the collars vary from 0.10 to 0.15 /x. 
Only the .smallest particles can enter the flagellated 
chambers and come in contact with the collars of 
the choanocytes. The latter trap the small particles 
which are passed to the cell body and ingested. 
Larger particles which have been able to pass 
through the dermal pores are ingesrted by the ar- 
chaeocytes and collencytes which form a reticulum 
in the inhalant canals or by the cell bases of the 
choanocytes. Particles too large to enter the ostia 
can be ingested by the pinacocytes of the dermal 
epithelium. Observations on the natural food of 
sponges are few, but scattered reports suggest that 
unicellular algae, bacteria, and possibly organic 
detritus constitute the chief items of food. 

Direct observations of living fresh-water sponges 
indicate that the archaeocytcs arc the chief cells 
responsible for digestive processes. After food has 
entered the sponge colony, choanocytes take up 
and then rapidly lose the particles which they have 
ingested, and it has been assumed that the pgrticlea 
ate transferred to archaeocytes and amoebocy^s 
for digestion. Curiously enough, however, studies 


of the activity of digestive enzymes in a marine 
siliceous sponge indicate much higher proteolytic, 
lipolytic, and carbohydrate-decomposing activities 
in choanocytes than in archaeocytes. Perhaps a 
higher rale of digestive activity accounts for the 
rapid di.sappearance of particles in the choano- 
cytes. Observations of the transfer of materials 
from these cells to archaeocytes may have con- 
cerned indigestible products. It is also possible 
that species differences in digestive functions exist. 
Following the digestion of the particles in the ar- 
chaeocytes. these cells migrate to the walls of the 
exhalant canals or to the dermal epithelium where 
indigestible material is voided from blisterlike vac- 
uoles. 

Reactions of sponges. Studies of a shallow-wa- 
ter marine siliceous sponge, Hymeniacidon helio- 
phila^ have shown that the oscula close upon ex- 
posure to air and when the sponge is in quiet sea 
water. Touching or stroking either oscula or ostia 
does not induce closure. Ostia remain open in air 
or when the spmnge is in quiet or silt-laden water. 
The reactions of this sponge are thought to be 
solely the result of the contractions of myocytes 
reacting directly to external stimuli. Movements 
are slow and transmission of stimuli is limited. 
Reactions of oscula in the fresh-water sponge 
Ephydatia fluviatilis differ somewhat from those of 
the previous species. Oscula remain open in run- 
ning or still water. The oscular tubes elongate in 
still water and flatten out in strong currents. If a 
needle is rubbed around the edge of the oscular 
lopening the orifice contracts immediately. Weak 
electrical stimuli applied to the tip of an osculum 
cause it to close, and a wave of contraction runs 
down the entire o.scular tube. Transmission of 
stimuli to neighboring regions of the sponge was 
not observed. 

exhalant canal pinacocyte apopyle 



Fig. 4. Diagram of flagellated chamber of a freth- 
woter sponge. Chamber shown in optteol section;^ e;(^ 
halant canal In three dl^enlions. (After Kifkatn, }fS2) 
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Although neither of the siliceous sponges de- 
scribed above reacted in any way to light, it has 
been reported that in the calcareous sponge Leuco^ 
solenia bright light causes oscular constriction and 
a change in tube shape. 

Although there is little evidence from the behav- 
ior of sponges that nerve cells are present, cytologi- 
cal studies suggest that such cells do exist. Cells 
interpreted as being bipolar and multipolar nerve 
cells have been described from a wide variety 
of Demospongiae and Calcarea. In fresh-water 
sponges and in a few marine Demospongiae pe- 
culiar cells called lophocytes have been described 
beneath the dermal membrane. These cells, which 
bear a process terminating in a tuft or fibrils, 
may also be nerve cells, although it has been sug- 
gested alternatively that they secrete fine fibers 
forming a layer above them in the case of one 
species of fresh-water sponge. Unequivocal evi- 
dence that nerve cells exist in sponges can come 
only from physiological studies, and reports based 
on cytological work alone must be viewed with 
skepticism at present, 

Skolgton. Characteristic of sponges is the pres- 
Shce of a skeleton of sclerites or of organic fibers 
or both. Only a few genera, such as Halisarca and 
Oscarella, lack skeletal elements. The skeleton is 
of primary importance in the classification of 
sponges; indeed, the three classes of the phylum 
are separated on the basis of skeletal structure. 

The shapes of the sclerites or spicules vary 
greatly, and an elaborate terminology has been 
developed for them by taxonomists. An initial sub- 



Ftg. 5. SuppotecI nerve cells In sponges, (o) Two-cell 
ore {dnlng pinococyte ond fboellated chamber, col- 
ootfOCHii sponge, (b) Sensory cell neor surface con* 
necNid to /'neuron'* In mesenchyme, calca;reous sponge 
Foveos de Cecoolfy^ 1955). 



Fig. 6. Spicule types. Monaxons: (a) monactinal and 
(b) diactinal. Tetraxons: (c) equi-rayed and id) triaene. 
(e) Triradiate. (f) Triaxon or hexactine. (g) Microscleres. 


division into niegascleres and microscleres is made 
on the basis of size. A more detailed nomenclature 
is based on the number of axes or rays present; 
an appropriate numeric!^ prefix is added to the 
endings -axon (referring to the number of axes) 
or -actine (referring to the number of rays or 
points). Spicules formed by growth along a single 
axis are known as monaxons. Such spicules are 
monactinal (pointed at one end only) if growth 
occurs in one direction or diactinal (pointed at each 
end ) if growth occurs in both directions. Tetraxons 
are spicules with four axes or rays, each pointing 
in a different diiection. All four rays may be equal 
in length, but rften one ray is longer than the other 
three, and the spicules are called triaenes. Tri- 
radiate (three-rayed) spicules are commonly found 
in calcareous spongy. Hexactinellid sponges are 
characterized by the presence of spicules with 
three axes (triaxons) meeting at right angles. Such 
spicules have six rays and are also called hexac- 
tines. 

The fibrous skeletons of bath sponges are com- 
posed of spongin, a scleroprotein in which are 
incorporated halogenated amino acids (monoiodo-, 
diiodo-, monobromo-, and dibromotyrosinc) . Spon- 
gin is also found in many species of Demospongiae 
with siliceous spicules where it serves as an inter- 
spicular cement or forms fibers in which the spic* 
ules are embedded. 

Reprodiictiofl. Both ae^tual and asexual repro* 
diiction occur in spong^^ ,1%e formation of asexual 
bodies, gemmules, is clu^l^i^l^ristic of all fresh- 
water species. 

Sexual reproduction. This of re|Mroduction 
occurs in most sponges, but it has been reported 
in -only a few species of the order Cholfttida 
the class Demospongiae. The germ cells mi| y 
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Fig. 7. Carrier cell transmitting sperm to egg. Cal- 
careous sponge. (After Duboscq and Tuzef, 1937) 


from the flagellated cells of the larva, from choano- 
rvtes, or from archaeocytes. The sperm enters the 
not directly, but through the intermediary of a 
rhoanocyte which loses its collar and flagellum and 
migrates from the flagellated chamber to a position 
adjacent to the egg. This process has been observed 
in several species of Calcarea and Demospongiae 
and is probably of general occurrence in these 
groups. The sperm, which loses its tail and en- 
larges, is eventually transferred to the egg pre- 
sumably following the fusion of the carrier cell 
with the egg. See F?:rtilization. 

Subsequent development of the embryo and larva 
varies somewhat in the several classes. The free- 
swimming flagellated larvae are either hollow 
amphiblastulae or solid stereogastrulae. See Cal- 
carka; Demospongiae; Hexactinellida. 

Asexual reproduction. Many fresh- water and ma- 
rine sponges disintegrate with the onset of un- 
favorable environmental conditions, leaving behind 
reduction bodies which are compact masses of cells, 
f^hiefly amoebocytes, covered by an epidermal layer. 
In some shallow-water marine sponges the entire 
sponge remains alive during the winter months but 
changes internally into a mass of amoebocytes. 
Both reduction bodies and the partially dedifferen- 
tiated adult sponges can develop into functional 
t^olonies upon return of favorable conditions. 

All fresh-water and many marine sponges pro- 
duce asexual reproductive bodies, called geramules, 
part of their life cycle. Gemmules arc formed 
masses of archaeocytes laden with food reserves 
in the form of lipids and proteins. In fresh-water 
sponges the inner mass of cells is surrounded by a 
layer of columnar cells which secrete around the 
Kemmule a double layer of spongin between which 
t^haracteristic spicules are deposited. The gam* 
niulgs of many species of marine sponges are 
' ^closed in a spongin coat, which may or may 
^ be provided with Spicules. The gemmules cd 


fresh-water sponges and a few marine species carry 
the species over periods of unfavorable environmen- 
tal conditions such as drought or low temperatures, 
during which times the adult colonies degenerate. 
Germination of the gemmules occurs upon return 
of suitable conditions. In many marine sponges 
gemmules are formed at all seasons, and the adult 
colonies show no seasonal degeneration. 

In a few species of Demospongiae and Hexac- 
tinellida asexually produced gemmules, lacking 
spongin coats, have been described as develop- 
ing into flagellated larvae identical in structure 
to those formed as a result of sexual processes. 

Budding is another common type of asexual re- 
production in sponges. In Tethya, for example, 
groups of archaeocytes migrate to the tips of spic- 


pore 



Fig. 8. Sponge gemmules. (a) Fresh-water sponge 
gemmule in optical section (after Evans, 7907). (b) 
Marine siliceous sponge gemmule, surface view (after 
Hartman, 1958), 



Fig. 9. Colony of Tefhya, a rgoHno slliceout spongo, 
with buds toootpd ot the tipt^ of proieethig fpicub 
bundles. (From: IFdmpndson, 79^6) 


Fig. 10. Sponge fishing off Florida. (After a mural by 
S. P. Glaser in the Peabody Museum of Natural His- 
tory, Yale University) 

ule bundles projecting from the surface. These buds 
fall of! and form new individuals. See Reproduc- 
tion, ANIMAL. 

Regenaration. Fragments cut from sponge col- 
onies or pieces which break of! accidentally in na- 
ture can reattach to the substrate and reconstitute 
functional individuals. Suspensions of sponge cells 
prepared by squeezing fragments of colonies 
through fine silk bolting cloth into sea water 
are also capable of reorganizing into functional 
sponges. All types of cells normally present in 
the adult sponge except scleroblasts have been 
identified in the cell suspensions. Reorganization 
of the cells to form functional colonies thus in- 
volves chiefly a migration of the cells to take up 
their appropriate positions in the reconstituted 
organism. The pinacocytes form a peripheral epi- 
thelium around the aggregated cells, and the vari- 
ous mesenchymal cells form the central mass. The 
collencytes are active in reforming the inhalant 
and exhalant canals, the latter of which become 
lined with pinacocytes. Choanocytes group together 
to reconstitute flagellated chambers between the 
inhalant and exhalant canals. Scleroblasts form 
anew from archaeocytes. Some workers have re- 
ported that collar cells dedifferentiate or are phag- 
ocytized by pinacocytes or amoebocytes and are 
formed anew during the reorganization of the 
sponge. 

The initial aggregation of the dissociated cells to 
form massed results from random movement of ar- 
chaeocytes, amoebocytes, and other cell types in- 



Flg. 11, Zoanthids living in a sponge. 


eluding choanocytes which have been observed to 
put forth pseudopodia and which also move short 
distances by means of their flagella. As cells come 
into contact with one another they adhere, possibly 
as a result of antigen-antibodylike forces. The 
presence of homologous antibodies inhibits reag- 
gregation. Neighboring cell aggregates often ad- 
here as well if they come into contact with one 
another. 

Mixed cell suspensions of two species of sponges 
of different colors may result in an initial inter- 
mixture of the cells of The two species, but these 
later sort out so that the cell aggregates are eventu- 
ally composed exclusively or predominantly of cells 
of one species or the other. 

Commercial sponge fisheries. Although plastic 
sponges now offer competition, there is still a 
demand for natural sponges for use by various 
artisans, for surgical purposes, and for cleaning 
automobiles. Commercially valuable sponges are 
harvested in the eastern part of the Mediterranean 
Sea, off the west coast of Florida and off the 
Florida Keys, in the West Indies, and to a limited 
extent off the Philippines. They are gathered by 
hooking or harpooning from a boat in shallow 
waters; by nude diving, a method used especially 
for exploiting cave populations in the Aegean Sea; 
by machine diving with the aid of diving suits at- 
tached by a life line to an air pump; and by 
dredging, a wasteful method prohibited on most 
sponge grounds. 

Artificial propagation of sponges has proven 
feasible when serious efforts have been made to 
do so. In the Bahamas sponge cuttings planted on 
natural bottoms or on concrete disks in carefully 
selected areas yielded a harvest of 140,000 sponges 
during the years 1935-1939. Regrettably a disease, 
presumably caused by a fungus, spread through the 
West Indies in 1938-1939, put an end to the cultiva- 
lion experiments, and Ikilljli^ a large percentage 
of the natural population. 

Before World War II the Japanese had achieved 
considerable success in cultivating sponges 
Marshall and Caroline Islands. Theif ipethoife 
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eluded planting directly on concrete disks or string- 
ing cuttings on aluminum wire anchored to rafts of 
various sorts or provided with floating buoys. 

Organisms associated with sponges. Sponges 
are preyed upon regularly by chitons, snails, and 
nudibranchs, and occasionally by fish and probably 
other types of animals. The larvae of neuropteran 
insects of the family Sisyridae (spongilla flics) live 
in and feed upon colonies of fresh-water sponges. 
Sponges also play host to myriads of animals which 
live in the natural cavities of the sponge or form 
burrows of their own. Sea anemones, zoanthids, 
polychaetes, octopuses, copepods, barnacles, am phi- 
pods, shrimps, brittle stars, and fish live in sponge 
colonies, but the nature of their relationships with 
sponges has been little explored. The siliceous 
sponge Suherites domancuhts always lives on shells 
occupied by hermit crabs and provides the crabs 
with a continually growing house. Certain crabs 
plant or hold pieces of sponge on their hacks and 
thus blend into their environment. Other encrusting 
animals such as hydroids, bryozoans, and ascidians, 
which compete for space with sponges, often over- 
grow or are overgrown by sponge colonies in the 
struggle. 

Zoochlorellae commonly live in the amoebocytes 
of fresh-water sponges and many shallow-water 
marine species. Because the algal cells fail to de- 
velop starch reserves when living in sponge cells, 
it seems likely that the sugars synthesized by the 
algae are utilized by the sponge cells. Dying algal 
cells are consumed by the amoebocytes. Apparently 
both the algae and the sponges can survive inde- 
pendently of each other. Young sponges are re- 
infected with algae from the water in which they 
live. 

Certain marine sponges are regularly filled with 
filamentous green or coralline algae. The blue color 
of some sponges has been attributed to bacteria 
living in the cells. The significance of these rela- 
tionships is unknown. See Animal kingdom ; Ar- 
chaeocyatha; Parazoa. [w.d.h.] 

Bibliography: L. H. Hyman, The Invertebrates, 
vol. 1, 1940, vol. 5, 1959. 

Porifera fossils 

The Porifera, or sponges, have a fossil record ex- 
tending from the Cambrian to Recent times. More 
than a 1000 genera of fossil sponges have been de- 
scribed from the Paleozoic, Mesozoic, and Ceno- 
zoic eras. The preservation of fossil sponges is usu- 
ally poor because the spicular skeleton usually be- 
comes disjointed after death. Sponge spicules are 
commonly scattered through marine sedimentary 
strata, but their identification and assignment to 
established species, genera, families, and orders are 
usually impossible and certainly ill advised. Some 
forms with more solid skeletons, such as the lithi- 
stid PemospoRgia, dictyid Hyalospongia, and pha- 
fetrone Calcispongia left recognizable fossils. 

^Q99logic record. According to M. W. de Lau- 
fteilfels, the. Cambrian and various succeeding pe^ 
rioKs yield fossil records which indicate abundance 


of sponges comparable to that of the present. Lithi- 
stids were common in the Middle Silurian; 
carea have a range from the Cambrian to th^ j|tii^* 
cent, but were not common before the Devorill^^ 
and large numbers of Hyalospongia were also |it^ 
ent in the Devonian. The Carboniferous cherts of 
Great Britain are largely composed of sponge spic- 
ules. Jurassic formations of Europe contain numer- 
ous lithistid Demospongia. The Cretaceous was a 
time of large numbers of Hyalospongia. The Ceno- 
zoic assemblages resemble those of today and mark 
a certain decline of numbers. In many cases the 
fossil sponges are associated with reef develop- 
ment. This is particularly true of the Silurian lithi- 
stids and the Permian lithistids and calcareous 
pharetrones. See Organic ref.f. 

Types. Fossil sponges, like their living repre- 
sentatives, are divided into three classes: the Cal- 
cispongia (Calcarea), the Hyalospongia (Hexacti- 
nellida) and the Demospongia. 

The Calcispongia, The Calcispongia (Calcarea) 
have calcareous spicules made of calcite or arago- 
nite. The spicules are in the form of monaxons, 
triradiates, and quadriradiates. In the pharetrones 
the spicules are fused together into a more or less 
rigid network. The majority of fossil Calcispongia 
are pharetones (order Pharetronida) . In many 
cases the calcareous material of the fossil is re- 
placed by secondary silica. The earliest known rep- 
resentative of the class appeared in the Cambrian 
but the group is representated, although poorly, 
until the Devonian. 

The Hyalospongia, The Hyalospongia (Hex- 
actinellida) have siliceous spicules made of opal- 
ine silica. The rays of the spicules are always at 
right angles to each other and number 4, 5, 6, and 
rarely 8 rays The spicules are interlaced or fused 
at the tips producing an open and reasonably rigid 
meshwork. The stratigraphic range is from Cam- 
brian to Recent. Excellently preserved glass 
sponges are known from the Devonian of New 
York State. 

The Demospongia, The Demospongia have skele- 
tons made of siliceous spicules, of spongin, or of 
siliceous spicules and spongin. It is rare that spic- 
ules of some kind are not present. The spicules can 
be monoaxial, tetraxial, or irregular. The vast ma- 
jority of fossil Demospongia belong to the order 
Ljthistida. These sponges have irregular and 
knobby siliceous spicules with commonly branch- 
ing or expanded extremities. The adjacent spicules 
interlock producing a rigid stony skeleton. The 
thickened appearance of the spicules is the result 
of deposition of secondary silica on ordinary single 
or 4-rayed small spicules. The over-all shape of the 
sponge is often globular or ovoid and in some fos- 
sil forms outlines of body canals are preserved. 
The lithistids are reasonably well represented in 
Paleozoic rocks but become most abundant in the 
Jurassic and Cretaceous. See Calcarea; De^q- 
sponciae; Hexactinellida. [v.j^o.] 

Bibliography \ R. C. Mtore (ed.)*, TteaHse on 
Invertebrate Paleontology, ^art E, Ceol. Soc. Am., 
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19S5; V, Okulitch and S. J. Nelson, Sponges of 
the Paleozoic, GeoL Soc. Am. Mem. 67:763-770, 
19S7. 

Porocephalida 

All orde^ of the class Pentastomida in the phylum 
Arthropoda. The two families comprising this or- 
der are the Porocephalidae, with 5 subfamilies and 
12 genera, and the Linguatulidae, with 2 genera. 
Distinctive features of this order include four- 
legged embryos, posterior location of the female 
genital pore, highly developed head and hook 
glands, and a long and winding ovary. 

The Porocephalidae are cylindrical with club- 
shaped ends. They are provided with either simple 
hooks or double outer hooks. This family includes 
the greatest number of pentastomid species. The 
adult forms are parasitic in reptiles ; the larval and 
nymphal forms infest mammals. 

The Linguatulidae are flat in shape, with simple 
hooks in the adult state and binate hooks in the 
nymph. The first described species, Linguatula ser- 
rata, commonly occurs in the nasal cavities of dogs 
in Northern Europe. For this species, the larvae are 
iapproximately 5 millimeters (mm) long. The adult 
males measure 20 mm, and the females, 130 mm in 
length. See Pentastomida. [h.r.h.] 

Porphyrin 

A class of red-pigmented compounds with a cyclic 
tetrapyrrolic structure in which the four pyrrole 
rings are joined through their o-carbon atoms by 


HC- -CH 

. 1 ^ 

HC“ “CH 


"N" 

H 


Pyrrole 


four methene bridges (=CH — ). The porphyrins 
form part of the active nucleus of chlorophylls a 
and b, hemoglobin, inyohemoglobin, cytochromes, 
and the enzymes catalase and peroxidase. The par- 
ent substance is synthetic porphin in which the 
hydrogen (H) atoms in the eight positions on 
the pyrrole rings are unsubstituted. Naturally oc- 
curring porphyrins differ from porphin and from 
each other by various side chains in these eight 
jS-positions. Some typical porphyrins are listed as 
follows : 

1. Uroporphyrin occurs naturally and may be 
synthesized. The substituted groups are four car- 
boxy ethyl ( — CH 2 — CH 2 — COOH) and four car- 
boxymethyl ( — CH 2 — COOH). 

2. Coproporphyrin occurs naturally and may be 
synthesized. The substituted groups are four car- 
boxyelhyland four methyl ( — CH 3 ). 

3. Etioporphyrin, a synthetic porphyrin, has 
iour ethyl ( — CH^ — CHs) and four methyl groups. 

4. Protoporphyrin occurs naturally and may be 

subatituted groups are two car* 


COOH 



boxyethyl, four methyl, and two vinyl ( — CH--: 
CH 2 ). 
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Protoporphyrin type IX 


5. Hematoporphyrin, a synthetic porphyrin, has 
two carboxyethyl, four methyl, and two hydroxy- 
ethyl (— CH 2 — CH 2 — OH). 

Porphyrins with two kinds of substituent 
groups, such as uro-, capro-, and etioporphyrin, 
have four structural isomers, known as types I-IV. 
Only types I and III are found in nature. The num- 
ber of possible isomers for porphyrins with three 
different substituents, for example proto- and hem- 
ato porphyrin, is 15 (types I-XV). Protoporphyrin 
type IX has been identified in nature, in the free 
form and in heme which is the prosthetic group of 
hemoglobins and other heme-proteins. Protopor- 
phyrin type IX corresponds to synthetic ctiopor- 
phyrin type III. 

Porphyrins dissolved ih organic solvent? and in 
dilute alkali hav|i a typical absorption spectrum, 
exhibiting four bands in the visible range and « 
very strong Soret band In the near^ultravi^tet^ I** ’ 



strong acid, the bands in the visible range are re- 
auced to two. 

Solutions of porphyrins in organic solvents or in 
mineral acids exhibit intense red fluorescence, with 
a single emission band in the 600 mfi range, while 
the exciting light may be of visible or near^ultra- 
violet (Soret band) wavelengths. For estimation of 
porphyrins, both spectrocolorimetric and fluori- 
metric methods are suitable. See Chlorophyll; 
Cytochrome; Enzyme; Hemoglobin. For bio- 
synthesis see Iron metabolism. [r.sc.] 

Porphyroblast 

A relatively large crystal formed in a metamorphic 
rock. The presence of abundant porphyroblasts 
gives the rock a porphyroblastic texture. Minerals 
found commonly as porphyroblasts include biotite, 
garnet, chloritoid, staurolite, kyanite, sillimanite, 
aridaliisite, cordierite, and feldspar. Porphyro- 
hla^its are generally a few millimeters or centi- 
meters across, but some attain a diameter of over 
1 ft. They may be bounded by well-defined crystal 
fares, or their outlines may be highly irregular or 
ragged. Very commonly they are crowded with 
tiny grains of other minerals that oexur in the rock. 

Some porphyroblasts appear to have shoved aside 
iheroek layers (foliation) in an attempt to provide 
room for growth. Others clearly transect the folia- 



(a) Porphyroblastic mico schist. Large crystals (porphy- 
i^obiasts) of biotite mica formed late and replaced the 
^ock except for the enclosed grains (quartz) aligned 
parallel to the foliation. Smaller porphyroblasts of 
Qarnet replaced the rock completely, (b) Porphyro- 
blastic quartz-mica schist. Large porphyrobbsts of 
Qarnet have grown by spreading apart the mlea-rich 
layers of the schist. The elongote grains (gray) are 
flakes of biotite mica. Finer flokes of muscovite mica 
widespread and give a. pronounced schistosity. 
^ay are closely packed where crowded by the garnet 
^n^ilals. Elongate grains of iron and titontum oxide 
{blac|^ ore also alignod. 
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tion and appear to have replaced the rock. The 
presence of ghostlike traces of foliation, in the 
form of stringers and trails of mineral grains, 
passing uninterruptedly through a porphyroblast 
is further evidence of replacement. 

Porphyroblasts have many features in common 
with phenocrysts but are to be distinguished from 
the latter by the fact that they have developed in 
solid rock in response to metamorphism. Most com- 
monly they develop in schist and gneiss during the 
late stages of recrystallizatiun. As the rock becomes 
reconstituted, certain components migrate to fa- 
vored sites and combine there to develop the large 
crystals. See Gneiss; Metamorphic rocks; Phe- 
nocryst; Schist. fc.A.CA.] 

Porphyry 

An igneous rock characterized by porphyritic tex- 
ture, in which large cry.stala (phenocrysts) are en- 
closed in a matrix of very fine-grained to aphanitic 
(not visibly crystalline) material. 

Porphyries are generally distinguished from 
other porphyritic rocks by their abundance of phe- 
nocrysts and by their occurrence in small intrusive 
bodies (dikes and sills) formed at shallow depth 
within the earth. In this sense porphyries are hypa- 
byssal rocks. 

Compositionally, porphyries range widely, but 
varieties may be distinguished by prefixing to the 
term the common rock name which the porphyry 
most closely resembles (such as granite porphyry, 
rhyolite porphyry, syenite porphyry, and trachyte 
porphyry ) . See Igneous rocks. 

Porphyries are gradational to plutonic rocks on 
the one hand and to volcanic rocks on the other. In 
the granite clan, for example, six porphyritic types 
may be recognized : ( 1 ) porphyritic granite, 

(2) granite porphyry, (3) rhyolite porphyry, 
(4) porphyritic rhyolite, (5) vitrophyre, and 
(6) porphyritic obsidian or porphyritic pitchstone. 

A rock of granitic composition with abundatit 
large phenocrysts of quartz and alkali feldspar in a 
very fine-grained matrix of similar composition is a 
porphyry, or more specifically a granite porphyry. 
Granite porphyry passes into porphyritic granite as 
the grain size of the matrix increases and abun- 
dance of phenocrysts decreases. Thus the rock be- 
comes a granite, or more specifically a porphyritic 
granite. Granite porphyry passes into rhyolite por- 
phyry as the grain size of the matrix and abundance 
of phenocrysts decrease. The principal distinction 
between rhyolite porphyry and porphyritic rhyolite 
is the mode of occurrence. Rhyolite porphyry is in- 
trusive; porphyritic rhyolite is extrusive. Porphy- 
ritic rocks with a glass matrix ar^*known as vitro- 
phyres. With decrease in number of phenocrysts, 
vitrophyre passes into porphyritic obsidian or pqr- 
phyritic phobstone. 

The phenocrysts of porphyries consist largely ^of 
quartz and feldspar. Quartz occurs as well-femM 
(euhedral) bexafi^al bipyramids, which in tHin 
section under die miaroisco|^ exhibit"^ a diamond^ 
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squiire, or hexugonal outline. Individual pheno- 
crysts may show more or less rounding or resorp- 
tion with deep embayments. Alkali feldspar is usu- 
ally euhedral sanidine, orthoclase, or microperth- 
ite. Plagioclase occurs more in association with 
phenocrysts of hornblende or other dark-colored 
(mafic) minerals. Porphyritic rocks with predom- 
inantly mafic phenocrysts (olivine, pyroxene, am- 
phibole, and biotite) are commonly classed as 
lamprophyres. See LAMPHOPHvnE. 

Outside the United States, it is common to fur- 
ther restrict the term porphyry to those rocks in 
which the feldspar phenocrysts are principally al- 
kali feldspar. Rocks with dominantly plagioclase 
phenocrysts are called porphyrites. 

Porphyries occur as marginal phases of medium- 
sized, igneous bodies (stocks, laccoliths) or as 
apophyses (offshoots) projecting from such bodies 
into the surrounding rocks. They are also abundant 
as dikes cutting composition ally equivalent plu- 
tonic rock or as dikes, sills, and laccoliths injected 
into the adjacent older rocks. [c.a.ca.J 

Porpoise 

Any of several small whales of the family Pho- 
caenidae, found in all the oceans of the world 
except the polar waters. The porpoises, like other 
whales, have no hindlimba. The forelimbs are re- 
duced to small paddles; the caudal region is modi- 
fied into a pair of lateral flukes ; the neck region is 
shortened; and the eyes are small. Porpoises have 
many small teeth, set all along the jaws; the dorsal 



The common porpoise, Phocaena phocaena; length to 
6 ft. (From E. L. Palmer, Fieldbook of Natural History, 
McGraw-Hill, 1949) 


fin is low or lacking; the head is blunt and rounded, 
without a beak. Porpoises attain a maximal length 
of 8 ft, and weigh not more than 120 lb. The harbor 
porpoise, Phocaena phocaena, is common along 
both coasts of the United States. It is 4-6 ft long, 
black on the back, with pink sides and a white 
belly. The. Pacific race is considered by some stu- 
dents to be a separate species, P. vomerina. See 
Mammalia; Whale. [j.d.b.] 

Portland cement 

A hydraulic cement consisting mainly of calcined 
silicates of calcium. Portland cement mixed with 
water, sand, and gravel (or aggregate) or other 
substances is a common material of construction. 
See Concrete. 

Mbmufactlllii. The illustration shows the manu- 
facture of Portland cement. The raw materials are 
principally calcareous materials such as limestone, 


marl, chalk, or shells and argillaceous materials 
such as clay, shale or iron blast-furnace slag. The 
chemical limitations in the specifications are such 
that the proportions of calcium oxide, silica, alu- 
mina, and ferric oxide must be maintained within 
narrowly defined limits; and other constituents, 
such as magnesia and alkalies, must not exceed 
specified limits. These restrictions necessitate at 
times the introduction of other materials, such as a 
high-calcium limestone, sandstone, or iron ore. To 
produce white Portland cement, materials of very 
low ferric oxide content must be used. The raw 
materials are blended and ground to a fineness 
approximately the same as cement. I^he raw mate- 
rials may be ground dry (the dry process) or in 
water (the wet process). The pulverized mixture is 
then burned in large rotary kilns at 2.SOO-2800°F 
to produce portland cement clinker. The fuel may 
be coal, oil, or gas. 

Calcium sulfate (gypsum) is added in a quan- 
tity ranging from 4 to 8% by weight of the clinker. 
It serves to regulate the setting time, strength, and 
other properties of cement-water mixtures. The 
clinker and gypsum are then ground to such a fine- 
ness that about 90% will pass through a no. 200 
sieve, that is, a wire or cloth mesh having 200 open- 
ings per square inch. 

Types of cement. Heat is liberated during the 
process of hydration and hardening of cement-wa- 
ter mixtures. It is de.siyible to minimize this heat 
liberation in mass concrete, such as large dams, so 
as to reduce the thermal stre.sses and cracking that 
may occur as the exterior surface cools while the 
interior of the mass is at a higher temperature. 
Some types of cement are susceptible to chemical 
reactions with sulfate waters which can cause ex- 
pansion and deterioration of mortars and con- 
cretes. The heat of hydration and sulfate resistance 
are controlled by adjusting the chemical composi- 
tion of the cement. High early strength is attained 
in part by composition but largely by finer grinding 
of the cement. 

The American Society for Testing Materials 
specifies the chemical and physical requirements 
for five types of portland cement and describes the 
purpose of eaich- 

Type I is u^p in general concrete construc- 
tion when the properties specified for tyP®® 

II, III, IV, and Y ifew nert . required. 

Type II is for use in general concrete construc- 
tion exposed to moderate sulfate action, or where 
moderate heat of hydration is required. 

Type III is for use when high early strength JS 
required. 

Type IV is for use when a low heat of hydration 
is required. 

Type V is for use when high sulfate resistance is 
required. 

There are also a numl>er of modifications of port- 
land cement or mixtures containing puitland ce- 
ment. See Air-entraining Portland cement; QP* 

MENT. 
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Flow chart (simplified) showing the manufacture of Portland cement from quarrying to final shipment. 


Portland (.emenl is used in many different types 
of ronslruetion. The use pattern is approximately 
as follows: hipihways, 20 %; nonresidential con- 
strue, lion, 20% ; residential building, 15% ; mili- 
tary construction, 10%, ; public utilities, 10%? ; 
>ewer and water works, 8%, ; other uses, 17% . 

I W.LE.l 

Portuguese man-of-war 

A large, floating, highly complex, colonial, marine 
animal of the class Hydrozoa, phylum Coelen- 
terata. The most prominent feature of the Portu- 
guese man-of-war is the large float, or central body, 
often 8-10 in. long, bearing a sail-like crest. This 
float is beautifully iridescent, showing blues, pinks, 
purple, and carmine. Beneath this float arc struc- 
tures of three distinct types, some nutritive, others 
feelers, and still others reproductive. The tentacles 
carry numerous stinging cells, called neniatocysts, 
capable of inflicting a painful, but rarely fatal, 
injury. The tentacles of a large specimen may be 
over 60 ft long. The animal feeds primarily on 
fish which are first subdued by the nemafocysts. 
Although most abundant in the Gulf of Mexico 
coastal waters, it occurs in numbers in the Gulf 
Stream of the Atlantic Ocean, and frequently drifts 
northward for some distance. 

Ji small species of fish of the genus Nomeus 
among the tentacles of the Portuguese man- 



The Portugueie mon-of-war, Physalia pelagica; length 
of body to 10 In. {from J. G, Wood, Pppuhr Nati/ral 
History, Porfor and Coote$) 
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of-war ivith apparent immunity. The fish seems to 
be accepted and protected by the man-of-war as a 
lure to attract other larger fishes. The Nomeus, in 
turn, is thought to feed on scraps left over from the 
kills made by the man-of-war. This is frequently 
cited as a prime example of symbiosis. Some work- 
ers think that Nomeus is immune to the stings of 
the Portuguese man-of-war because it feeds on the 
animals caught in its tentacles. See Hydrozoa. 

[j.D.B.] 

Positron 

An elementary particle with mass equal to that of 
the electron, and positive charge equal in magni- 
tude to the electron’s negative charge. The positron 
is thus the antiparticle (charge-conjugate particle) 
to the electron (see Electron; Elementary par- 
ticle). Its existence was predicted by P. A. M. 
Dirac (see Quantum theory, relativistic). It was 
first observed by C. D. Anderson in 1932. The 
positron has the same spin and statistics as the 
electron. Positrons, like electrons, appear as decay 
products of many heavier particles; electron- posi- 
tron pairs are produced by high-energy photons in 
lhatter. See Pair production (electron-posi- 
tron). 

A positron is, in itself, stable, but cannot exist 
indefinitely in the presence of matter, for it will 
ultimately collide with an electron. The two par- 
ticles will be annihilated as a result of this col- 
lision, and photons will be created. However, a posi- 
tron can first become bound to an electron to form 
a short-lived “atom” termed positronium. See 
Positbonium. 

The virtual production of electron-positron pairs 
by an electromagnetic field produces a polarization 
of the vacuum. This results in effects such as the 
scattering of light by light and modification of 
the electrostatic Coulomb field at short distances. 
See Quantum electrodynamics. [c.j.g.] 

Bibliography \ W. Heitler, The Quantum Theory 
of Radiation^ 3d ed., 1954; J. M. Jauch and 
F. Rohrlich, The Theory of Photons and Electrons, 
1955. 

Positronium 

The bound state of an electron and a positron. 
Positronium was discovered by studies of the so- 
called annihilation radiation from positrons 
stopped in gases. It is formed in a collision be- 
tween a positron and a gas atom which results in 
the capture of an atomic electron by the positron. 
The positron is the antiparticle to the electron and 
hence has an inertial mass equal to that of the 
electron, a positive charge equal in magnitude to 
the electron’s charge, and a spin of A/2, where A 
is Planck’s constant A divided bv lir. See Positron. 

Positronium is of particular interest because it 
is the two-body system to which quantum electro- 
dynamics is applicable, and its study has served as 
an Important confirmation of the theory of quantum 
electrodynamics. See Quantum electrodynamics. 


No states of positronium other than the ground 
n « 1 state (n » 1, 2, 3, . . . , being the principal 
quantum number) have yet been found. Studies of 
positron annihilation in solids and liquids indicate 
that a perturbed form of positronium exists under 
certain conditions. 

Energy levels. The approximate energy levels of 
positronium can be calculated from the Schrodinger 
equation with the nonrelativistic Hamiltonian, Ho: 


Ho 


2m 2m r 


( 1 ) 


in which p\(p 2 ) is the electron (positron) linear 
momentum, m is the mass of the election or posi- 
tron, is the charge of the electron, and r is the 
distance between the positron and the electron 
(see Quantum theory, nonrelativistic). The en- 
ergy levels of the bound states are given by 
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( 2 ) 


The quantity r^p is defined by Eq. (2) as the 
Rydberg constant for positronium (see Rydberg 
constant). The binding energies Wn of positro- 
nium are one-half the corresponding binding 
energies of the hydrogen atom (if the proton-to- 
electron mass ratio is considered infinite). In par- 
ticular, the ionization energy of positronium (the 
binding energy of the ground n = 1 state) is 6.8 
ev. / 

Fine structure to the energy levels of positronium 
as given by Eq. (2) of the order a^ryp faf = 
e^/hc ^ is called the fine structure constant] 
arises from relativistic effects including the electron 
and positron spin magnetic moments and from the 
interaction with the electromagnetic field which 
causes electron- positron pair annihilation. Since 
the electron and positron intrinsic spin angular 
momenta are V> in units of A, the total spin angular 
momentum quantum number S of positronium can 
be either 0 (singlet state, parapositroniiim) or 1 
(triplet state, orthopc^itTonium ) . For each n value, 
positronium can exist in either a singlet or a triplet 
state. The orbital angular momentum quantum 
number L can assume the values L » 0, 1, • • • > 
n — 1. In particular, the ground n *= 1 state of pos- 
itronium is split into two levels, ^So and which 
are separated in ene't'giy by the amount 

W(*Sr) - fr(%) - [I - ^ + In 2)] 

( 3 ) 

The term of order aVyp arises from virtual quantum 
electrodynamic processes. This energy separation, 
often called the hyperfine structure of the ground 
state of positronium, corresponds to a frequency 
difference Av of 2.0337^ X 10*^ Mc/sec. See Fine 

STRUCTURE (SPECTRAL LINES) ; HyPERFINE STRUC- 
TURE. 

The dependence of the energy levels of positron 
nium on an external magnetic field (Zeeman,, ef* 




Zeeman energy levels of positronium in its ground 
n = 1 state. The quantity Av is the hyperfine structure 
separation between the and the ^5o states of posi- 
tronium at zero static magnetic field. The M values 
designate the magnetic substates, x « 

feet) can he determined from the Hamiltonian 
term 

^11 = • H 4- jxogiih • H 

+ *11-1- fxogi^h • H (4) 

in which 1(2) refers to the electron (po.sitron), 
fM) is the Bohr magneton (= eh/2nu'), gi is the 
orbital g-value (=1), g*., is the electron spin 
gvalue [=2(14 oi/2it — 0.328 a'-A-)], gn^ = 
’ 1 h 2 i is the electron (positron) orbital an- 
gular momentum, S|( 2 > is the electron (positron) 
spin angular momentum, and H is the external 
magnetic field intensity. Positronium has no per- 
manent magnetic moment, but there can be a mag- 
netic moment induced by the external magnetic 
field, and hence an energy level can depend on 
or higher powers of H, The energy level diagram 
for the ground state of positronium in a magnetic 
field is shown in the figure. From measurements 
of the frequency of the Zeeman transition AAf » 
±1 between the magnetic sublevels of the state, 
the hyperfine structure interval Av has been deter- 
mined to be 

Av » (2.0333 ± 0.0004) X 10’ Mc/scc 

This experimental value agrees with the theoretical 
value, and the agreement constitutes the principal 
lest^ of the quantum electrodynamics of the two- 
*^^tly^|)roblem. 


Postglocial v« 9 «fatioii ond climof# S25 

Decay. Positronium is an unstable atom and an- 
nihilates with the emission of photons. From its 
ground ^So state a positronium atom at rest decays 
into two y-rays each having an energy of mc^ 
(-^510 kev) with a decay rate of 8.03 X 10® sec"^; 
from its ground ^S\ state a positronium atom at rest 
decays into three y-rays whose energies total 2 me® 
with a decay rate of 7.21 X 10® sec"’^. [v.w.h.] 

Bibliography: S. DeBenedetti and H. C. Corben, 
Positronium, Ann. Rev. Nuclear Sci., 4:191-218, 
19S4; M. Deutsch, Annihilation of positrons, 
Progr. in Nuclear Phys.., 3:131“ 138, 1953; 

S. Fluegge (ed.), Handbitch der Physik^ vol. 35, 
1956. 

Postglacial vegetation and climate 

The Pleistocene or Glacial Epoch, at present esti- 
mated as the last 1,000,000 years, is less remarkable 
for radical evolutionary changes in plant life than 
for repeated shifts of position because of climatic 
changes and the resulting ice movements. The in- 
fluence of these changes is known to have extended 
far beyond the limits of glaciation, particularly in 
mountainous regions, whose belts or zones of vege- 
tation migrated up and down in response to climate. 
The extent of horizontal shifting far beyond the ice 
borders is not yet resolved. .See Glacial epoch; 
Pleistocene. 

Plant migration and glacial stages. The present 
distribution of vegetation, certainly outside the 
tropics, expresses the readjustment that followed 
the last major ice advance, known as the Wisconsin 
age in North America. The retreat of the Wisconsin 
ice from the extreme position it occupied in south- 
ern Ohio some 18,000 years ago was pulsating in 
character, being marked by alternating periods or 
suhstages of retreat and readvance. Twelve thou- 
sand years ago it had retreated, then readvanced to 
Port Huron, Michigan. Some 2000 years later it hgd 
again retreated and readvanced to the north shore 
of Lake Erie. From this Valders stage it then began 
a rapid retreat, to its present position, with a pos- 
sible pause in Canada some 6000 years ago. 

The European equivalent of the Valders is the 
Fennoscandian, marked by the northernmost con- 
spicuous moraines, dated between 10,000 and 11,- 
000 years ago. Subsequent time is arbitrarily con- 
sidered postglacial in Europe. In America it ap- 
pears more convenient to speak of postglaciatiqn 
time with reference to specific localities, since, for 
example, Columbus, Ohio, and Long Island, New 
York, were ice-free long before Detroit, Michigan, 
and Hartford, Connecticut, and have had a corre- 
spondingly longer vegetation history. 

The earlier evidence of plant migration and 
hence of inferred climatic change was derived from 
macroscopic plant remains and from disjunct or 
detached species and communities of living plants 
now found outside their characteristic range, Clae- 
sic examples are ^e communities of -hog plants, 
northern in afllnities^ that oc|ur w|thin the 




oils forest region. These are properly considered as 
remnants left behind from a colder time. 

The record was complicated, however, by the 
presence of disjuncts appropriate to warmer and 
drier conditions than now exist, such as prairie in- 
clusions in the deciduous forest regions of North 
America, and Mediterranean plants in northwestern 
Europe. Furthermore, the European peat beds con- 
tained strata indicating that the time of glacial re- 
treat had been marked hy fluctuations in moisture 
and temperature and was not a simple, gradual 
warming down to the present. 

To reconstruct an orderly history requires the 
study of representative plant remains in close strat- 
igraphic sequence. These requirements are met by 
the fact that pollen grains are well preserved in 
lake sediments, both inorganic and organic. The 
statistical study of such evidence, begun by L. von 
Post in Sweden in 1916, is the most substantial 
source of present information. See Palynolooy. 

Broadly speaking, the results obtained confirm 
the hypothesis advanced by the Norwegian Axel 
Blytt in 1876 on the basis of his study of Scandina- 
vian peat beds. There are, however, many local 
modifications due to soils, topography, rates of 
plant migration, and masking of minor changes by 
climatic extremes. Blytt’s ideas were, for these and 
other reasons, the source of prolonged controversy. 
He divided postglacial time into the following 
phases; Pre-Boreal, cold and wet; Boreal, cool and 
dry; Atlantic, warm and moist; Sub-Boreal, warm 
and dry; Sub-Atlantic, cooler and moist. Recent 
work suggests that the Boreal in northern Europe 
was warmer than the Sub-Boreal. The reverse seems 
to be true in North America but further study is 
needed. 

Until recently the only method of dating these 
changes was by means of handed sediments or 
varves, and hy estimates of the rate of sedimenta- 
tion, in particular of peat formation. Both methods 
considerably lessened the previously accepted time 
span, and gave results of an order of magnitude 
now confirmed by the precise physical measure- 
ments of radiocarbon change. 

Vegetation and climatic phases. Four general 
principles emerge from the data now at hand: 
(1) The general pattern of climate following ice 
retreat is that of an irregularly sinusoidal graph 


so far as moisture is concerned. (2) This pattern 
occurs against a background of temperature gradi- 
ents. (3) The maximum number of vegetation and 
climatic phases occur near the glacial boundary 
the number decreasing toward the present areas of 
remnant ice. (4) Moist phases appear to coincide 
with time of ice accumulation and advance, dry 
phases with ice wastage and retreat. Whether or not 
these phases are reversed within the tropics is now 
under discussion. 

Also under discussion is the extent to which ma- 
jor zones of vegetation — such as tundra, conifer 
forest, deciduous forest — were di^)|laced beyond 
the ice border. Work now being done in the arid 
and mountainous Southwest, based on sediments 
in old lake basins, shows clearly the downward 
migration of high altitude woodland and forest dur- 
ing glacial times and its sub.sequent replacement by 
semidesert or desert vegetation. 

The accompanying table although much simpli- 
ficd and omitting certain interesting fluctuations 
of the past 2000 years, illustrates the general char- 
acter of postglariation changes. See Palkobotany: 
Plant clolraphy; Vklktation zonks. [ p.b.s.] 

Hibliof^raphy: E. U. Braun, Deciduous Forests oi 
Eastern North America, 1%0; Pierre Dansereaii. 
Biogeography, 1957; 11. Godwin, The History of 
the British Flora, 1956; P. B. Sears, Xerolliermir 
theory, Botan, Rev., 8(10) :708 736, 1942. 
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Postulate 

In a formal deductive system a proposition ac- 
cepted without proof, from which other proposi- 
tions are deduced by the conventional methods of 
formal logic. There is a certain arbitrariness as to 
which propositions are to he treated as postulates, 
because when certain proved propositions arc 
treated as postulates, other propositions which 
were originally postulates often become proved 
propositions. 

The question of objective truth does not arise in 
connection with E: postulate, although the term 
postulate is sometimes loosely used in connection 
with tentative assumptions with regard to matters 
of fact. In strict usage, postulate is nearly equiva- 
lent to axiom, although axiom is often loosely used 
to denote a truth, supposed to be self-evident. See 
Logic. [p.w.b.J 


Postglaclation phases in North America 


Phase 

Moisture 

Temperature 

Ice 

New England 

Southern Ohio 

Northern Ohio 

Alaska 

8 


W 

R 




Tundra^prii^ 

7 

+ 

Wd= 

A 

Hemlock-ch^tnut 

Beech-maple 

Beech-maple 

(Glaciation) 

6 

— 

w+ 

R 

Oak-hickory 

Oak-hickory 

Oak-hickory 

Spruce 

5 

-f 

w± 

A 

Oak-hemlock 

Beech-hemlock 

Beech-hemlock 

— 

4 

— 

? 

R 

Pine 

Pine 

Pine 

— 

3 

-f 

c 

A 

Spruce 

Spruce 

Spruce 

— 

2 

— 

c 

R 

Tundra 

Pine 

(Glaciation) 

— 

1 

4- 

c 

A 

(Glaciation) 

Spruce 

— 

— 


Symbols, Phase numlxsrs unofficial, for convenience only. Moisture signs: (-f) moist phase, (— ) dry pha^* 
Temperature; C-— cold, W-— -warm. Ice: A — advance* R — retreat. , , . 



posture, regulation of 

The contraction of muscles serves not only to move 
the joints in locomotion but also to maintain the 
joints in fixed positions during the assumption of 
stationary attitudes or postures (see Motor sys- 
tems). A simple example of the role of the neuro- 
muscular system in maintaining posture is seen 
when a man maintains a standing position. When 
the body is in the upright position, gravitational 
forces tend to cause the joints to flex and the limbs 
to collapse under the weight of the body. This is 
prevented by the contraction of the extensor mus- 
cles of the lower limb so that gravitational forces 
are counteracted and the upright position is main- 
tained. The muscular contra<‘tion required for erect 
standing is maintained by reflex action and requires 
HO conscious effort or attention; interruption of the 
nerves supplying the leg muscles destroys not only 
the ability to walk but also the ability to stand 
(see Reflex, unconditioned). The reflex mecha- 
nisms regulating posture are highly flexible so 
that passive or active changes in position of the 
liodv cause autonomic changes in the pattern of 
muscle contraction, which result in stances or at- 
titudes appropriate to the new or changing orienla- 
lion of body. The reflexes mediating these reactions 
are known as postural reflexes. 

Decerebrate rigidity. The spinal reflex mecha- 
nism responsible for standing may he studied in 
intact animals but is best seen in a decerebrate 
preparation, an animal in which the brain stern has 
been completely transected between the superior 
and inferior colliculi to produce total isolation of 
the lower brain stem, medulla, and spinal cord from 
the rostral (anterior) brain structures. The cat 
survives such radical surgery surprisingly well; 
despite the occurrence of certain neurological defi- 
cits, the vital functions of respiration and circula- 
tion are adequately maintained by the remaining 
isolated neural structures. A striking feature of 
the decerebrate preparation is an exaggerated 
posture first described by C. S. Sherrington in 1898. 
The limbs assume a position of rigid extension, and 
actively resist passive flexion of the joints. Once 
forcibly flexed, the joints are easily extended. 
Palpation of the muscles reveals that the rigidity is 
maintained by active contraction of the extensor 
muscles of the limbs. 

Extensor rigidity is sufficient to support the 
weight of the body, and when the animal is placed 
on its feet, it stands rigidly if it is lightly supported 
from the side to prevent toppling. Muscles other 
than those of the limbs are similarly affected; the 
head is held erect with the chin up, the jaw is 
clamped tightly shut and actively resists efforts to 
open it, and the tail often stands erect. The mus- 
cles displaying rigidity are the antigravity muscles, 
that is, the muscles which in the normal upright 
8tj|ncc oppose the gravitational forces, tending to 
caiM collapse of the body. Decer|rf)ration in the 
.«Iotn, an animal which resists gravity with its 
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flexor muscles as it hangs upside down from 
branches, causes a flexor rigidity. 

Decerebrate rigidity is thus a caricature of 
standing. The exaggeration is due to the release of 
spinal motoneurons from inhibitory impulses which 
originate in suprasegmental structures and nor- 
mally descend through those pathways which have 
been interrupted by the brain stem transection. 
The role of these suprasegmental structures is dis- 
cussed below. Decerebrate rigidity is a reflex that 
requires segmental afferent input to maintain the 
discharge of the motoneurons supplying the af- 
fected antigravity muscles. When the dorsal spinal 
roots conveying sensory impulses from a rigid limb 
to the spinal cord are divided, rigidity disappears 
and the limb becomes flaccid. Similarly, ventral 
root section abolishes rigidity by interrupting the 
efferent part of the reflex arc. 

The origin of the afferent impulses which main- 
tain decerebrate rigidity is not in receptors of 
skin, of joints, or of tendons because it persists un- 
abated after removal of skin, and after local anes- 
thetics, which render receptors insensitive, are 
injected into joints and tendons. The responsible 
receptors are in the muscles themselves and the 
adequate stimulus for their excitation is stretch of 
the muscle; because they thus register events oc- 
curring in the body itself they are classed as pro- 
prioceptors as opposed to exteroceptors (for exam- 
ple, retinal and tactile receptors) which react to 
external events. The impulses generated in the 
stretch receptors of antigravity muscles by gravita- 
tional forces (which tend to cause the limb to flex 
and thus stretch the extensor muscles) are trans- 
mitted to the spina] cord over afferent fibers of the 
dorsal roots. The “stretch-sensitive” afferents make 
direct connections with the motoneurons supplying 
the stretched muscle and initiate in them an efferent 
discharge which elicits muscular contraction op- 
posing elongation of the muscle and thus maintains 
upright posture. Further, the efferent discharge is 
graded so that reflex muscular contraction is, 
through a considerable range of stretching forces, 
sufficient to maintain the muscle at fixed length 
and thus to prevent collapse of the limb. 

For example, in unburdened standing, only the 
weight of the body tends to buckle the knees and 
stretch the knee extensors. This mild degree of 
stretch excites only the stretch receptors of lowest 
threshold, and these receptors discharge at rela- 
tively low Rates. Consequently the evoked efferent 
discharge and the resultant reflex contraction is 
precisely sufficient to keep the joint straight. If a 
heavy load is placed upon the shoulders, the addi- 
tional stretching force causes active stretch recep- 
tors to discharge impulses at higher rates and also 
elicits discharges in those higher threshold recep- 
tors which were previously silent (recruitment). 
The increased afferent disoharge activates mdre 
motoneurons and drives them at highep rates so t^at 
the resultant reflex contraction is kunreasod suffi- 
ciently to offi^t the newly ) imposed burd^ The 
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Btrotohf 07 myotatic^ reflex, as it is called, provides 
an automatically regulated mechanism for upright 
posture, which functions effectively regardless of 
varying demands placed on the limb musculature. 

The stretch reflex is responsible for muscle tone, 
that is, the resistance of the muscle to passive 
elongation. When the stretch reflex is absent, the 
muscle is hypotonic or flaccid; when stretch re- 
flexes are exaggerated as in decerebrate prepara- 
tions, the muscles are hypertonic or spastic. 

A quantitative estimate of the sensitivity and 
effectiveness of the stretch reflex can be obtained 
from experiments employing the fall-table of Sher- 
rington, the important feature of which is a movable 
top which can be lowered for measured distances. 
The leg of an experimental animal is fixed rigidly 
to a stand on the table, and a muscle is dissected 
free and attached to a tension-recording device 
mounted on a stand independent of the movable 
table top. When the table top is lowered, the muscle 
is stretched and the tension developed in the mus- 
cle recorded. Part of the tension is caused by the 
elasticity of the muscle; this moiety can be deter- 
mined by denervating the muscle and repeating the 
kretch. The difference in tension developed in the 
innervated and denervated muscle gives a measure 
of the tension caused by active reflex contraction. 
In the quadriceps (knee extensor) muscle of the 
cat a stretch of 8.0 mm gives rise to an active reflex 
tension of 3-3.5 kg. 

Stretch receptor and its control. The sense or- 
gan of muscle which mediates the myotatic reflex is 
the muscle spindle. This organ consists of six or 
seven small specialized muscle fibers, called intra- 
fusal fibers. They are enclosed in a connective tissue 
capsule, the ends of which attach to the tendon or 
to the connective tissue surrounding the ordinary 
muscle fibers (extrafusal fibers). Afferent nerve 
fibers penetrate the capsule and terminate in a 
helical arrangement (annulospiral ending) or a 
bushy ending (flower-spray ending) on the equa- 
torial region of the intrafusal fibers. The equatorial 
region of the intrafusal fibers is noncontractile but 
the two ends or poles of the fibers are contractile 
and receive motor innervation from small-diameter 
efferent fibers which penetrate the capsule along 
with the sensory fibers. The spindles, which lie in 
parallel with the extrafusal fibers, are subjected to 
stretch when the muscle is elongated, and the 
resultant distortion of the nerve endings excites 
them to discharge impulses. However, if the extra- 
fusal fibers contract and the muscle is allowed to 
shorten, the intrafusal fibers become slack and 
the endings cease firing. The slack can be taken up 
if the small motor fib<srs supplying the contractile 
poles of the intrafusal muscle fibers are activated. 
These small motor fibers (3-6 > in diameter) are 
histologically and functionally distinct from the 
targe motor fibers (9-13 fx in diameter) which 
teiaarvate the extrafusal fibers. The former, which 
CpmiMrtse about 30% of the, fibers in the ventral root 
ol ^ i^inal oofdt are devoted exclmrively to the 
teharvatlaii ol intrafusal fib^s, and are therefore 


called fusimotor fibers. Fusimotor excitation de- 
velops no measurable tension in the muscle, be- 
cause the contractile tension of the small intrafusal 
fibers is negligible compared to that of the extra- 
fusal fibers. Instead, the function of the fusimotor 
fibers appears to be that of a sensitivity control for 
the spindles. When fusimotor activity is great, the 
spindles are kept taut and slight muscle stretches 
elicit a high rate of afferent discharge. In the ab- 
sence of fusimotor activity the spindles are slack, 
and greater muscle stretches are required to estab- 
lish a comparable discharge. The stretch-reflex 
mechanism therefore includes a loop^from muscle 
spindle to motoneuron causing extrafuBal contrac- 
tion and spindle silence and one from sense organs 
to fusimotoneurons. The afferent paths which drive 
the fusimotoneurons are not entirely understood. 
Part of the drive is through segmental pathways; 
noxious stimulation of the skin is particularly effec- 
tive in increasing fusimotor discharge and second- 
arily increasing the spindle afferent discharge to 
stretch. Certain descending paths from supraseg- 
mental structures also exert a marked influence on 
fusimotoneurons. 

Regulation of the stretch reflex. In the decere- 
brate preparation the stretch reflex is abnormally 
sensitive, with the result that slight stretches in- 
duce inordinately large efferent discharges. This 
hypersensitivity is ascribed to the interruption by 
the intercollicular sectic|6 of pathways originating 
rostral (anterior) to the section, and exerting, 
directly or indirectly, an inhibitory influence on 
the segmental stretch-reflex mechanism. The origin 
of those pathways is not entirely clear. In man and 
higher primates spasticity, a syndrome similar to 
decerebrate rigidity, follows lesions of the rostral 
precentral cortex. Probably the inhibitory systems 
originate from several supracollicular structures. 

Removal of an inhibitory system alone will not 
cause exaggerated reflex response, any more than 
removing the brakes from a stalled car will make it 
go. The question of what drives the motoneuron re- 
leased from Sf^racollicular inhibition is considered 
next. The segmental afferents from the stretch 
receptors. pro!|iri4e part of the drive but supraseg- 
mental structwes a|so contribute, because spinal 
transection abolishes decerebrate rigidity as readily 
as dorsal root section. Between the spinal cord and 
the colliculi there must be a group of neurons or a 
center which facilitates the segmental stretch re* 
flex arc. Experiments indicate that facilitatory im- 
pulses originate in the medulla and reach the 
spinal level partly by way of the vestibulospinal 
tract and partly by the reticulospinal paths. At the 
spinal level, these impulses sensitize the stretch 
reflex by converging with segmental afferents from 
stretch receptors on motoneurons and by driving 
the fusimotoneurons, thus increasing the 
of the spindles to stretch and augmenting Ate aeg- 
mental afferent input to the motoneurons. ^ 
Lengttmiing the limlbf ol a ^ 

cerebrate cat is forcil4|||^^K resiatgiiGe 
and increases througbouPHr inifixl pWrt m 



bending but at some point suddenly disappears so 
that the muscle elongates readily. litis lengthening 
reaction is reflex in origin. The receptor is the 
Golgi tendon organ and its discharge causes in- 
hibition of the motoneurons of the stretched mus- 
cle. Complete inhibition occurs only with strong 
stretches because the Golgi tendon organs have 
higher thresholds than muscle spindle endings. The 
lengthening reaction protects the muscle against 
overload, preventing the development of injurious 
tensions with excessive stretches. 

Tonic neck reflexes. The segmental stretch re- 
flex provides for upright posture but a variety of 
sensory inputs alters its stereotyped pattern and 
permits a flexible variety of postures or attitudes. 
When the head of the decerebrate cat is bent for- 
ward on the chest, the forelimbs flex and rigidity 
increases in the hindlimbs. The resulting attitude is 
that of a cat looking under a bed. Conversely, 
(lorsiflexion of the head increases forelimb rigidity 
and causes flexion of the hindlimbs; this is the 
postural pattern of a cat looking up at the top of a 
bed and ready to spring. The receptors mediating 
these attitudinal reflexes are proprioceptors in the 
joints of the neck. 

The rotation of the head around the long 
axis of the neck elicits another postural change; 
extensor tone increases in the limbs, both fore 
and hind, toward which the chin is turned. On 
the opposite side extensor tone diminishes. The 
responsible receptors are again proprioceptors in 
the neck joints; section of the cervical dorsal roots 
abolishes the reflex pattern. 

Tonic labyrinthine reflexes. Even after the tonic 
neck reflexes are eliminated by cervical dorsal root 
section, changing the animal’s position in space 
alters the extensor lone of the limbs. Extensor tone 
is maximal in all four limbs when the animal is 
horizontally supine with the snout at an angle of 
45° above the horizontal plane. Rotation of the 
animal around the horizontal axis progressively 
reduces extensor tone, a minimum being reached in 
the prone position with the snout tilted 45® below 
the horizontal plane. The responsible receptor is the 
otolith organ of the labyrinth of the ear; the 
reflex alterations are static and do not depend upon 
acceleration of the head. See Ear. 

Righting reflexes. When dropped through space 
or displaced from the upright position, the intact 
oat rapidly reorients its body so that it lands on its 
four feet or attains an upright position. This right- 
ing ability is lost in the decerebrate cat which 
stands only when held upright. Righting is not 
entirely dependent upon visual cues because it* 
occurs in blinded animals or after complete re- 
ntoval of the cerebral cortex. Reflex rightihg is 
Accomplished by the following mechanisms. 

Labyrinthine reflexes. Disorientation of the head 
is detected by the otolith receptors of the labyrinth ; 

reflex discharge is to the neck muscles so that 
the ihead gssumes a horizontal position, llie refl^ 

a itatk reflex; that is, it does not depend upon 

ftsceleration of the head. 
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Body-righting reflexes. When a blinded laby- 
rinthectomized animal is placed on its side, the^ 
head turns and assumes the horizontal position. Thoj^l 
reflex is initiated by the asymmetric stimulation M 
the body surface by the weight of the body. 

Neck-righting reflexes. When the head has been 
righted by the labyrinthine and body-righting re- 
flexes, the resultant twisting of the neck excites 
proprioceptors which reflexively affect trunk and 
limb musculature so that the body assumes a hori- 
zontal position. 

Body reflexes acting on body. Asymmetric stimu- 
lation of the body surface in an animal lying on 
one side causes the body to right itself even when 
the head is held in the lateral position. 

Visual righting reflexes. In the absence of all the 
foregoing reflex mechanisms, visual stimuli cause 
righting of the head and body. Optical or visual 
righting is dependent on the cerebral cortex. 

Placing and hopping reactions. These are pos- 
tural reflexes which, like the visual righting re- 
flexes, depend upon the integrity of the cerebral 
cortex. Placing reactions ensure that the feet are 
placed under the body in the proper position for 
standing; they may be visual or nonvisual. When 
an animal is lowered by hand toward a vi.sib]e sup- 
port, the limbs seek the support. If a blindfolded 
animal is similarly lowered, contact of the feet 
with the support sufficient to excite tactile endings 
or muscle proprioceptors initiates nonvisual placing 
of the feet. Hopping reactions are elicited when the 
body is displaced horizontally with the feet trailing 
on the floor; the feet execute a series of hops so 
that the legs remain in a supporting position verti- 
cal to the body. Hopping reactions are both visual 
and nonvisuai; in the latter instance, muscle pro- 
prioceptors initiate the reflex. 

Labyrinthine acceleratory reflexes. The role of 
labyrinthine receptors in static postural reflexes 
has already been described. The adequate stimulus 
for other labyrinthine reflexes is neither position 
nor velocity of displacement but rather accelera- 
tion of the head. It was once thought that the 
maculae of the utricle and saccule of the inner ear 
were responsible for the static reflexes, whereas the 
cristae of the semicircular canals were the recep- 
tive mechanism underlying the acceleratory re- 
flexes. Recent evidence suggests that the dichotomy 
is not this sharp and thgt both utricle and semi- 
circular canals contain receptors mediating both 
static and acceleratory responses. 

The simpfest acceleratory reflex is elicited by 
linear accelei'ation, as for example, sudden lower- 
ing, head down, of a blindfolded animal causes the 
forelimbs to extend and the toes "lb spread. This 
response, which is lacking in the labyrinthectomized 
animal, supports the animal in landing from a 
jump. Angular acceleration eKcits lid^yrinthine se- 
flex alterations of the musculature of neck, limbe, 
trunk, and eyes. The response of the eyes is call^ 
nystagmus. As Ad heed roiates, the* eyes swi)^ 
slowly in Ae pppoelie dlre^n (slow phase) m 

mainAA fixgtidn 
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maximum deviation^ they swing rapidly back in the 
direction of rotation to the forward-looking posi- 
tion (quick phase) ; the process repeated over and 
over causes an oscillation of the eyes. When the 
head reaches constant velocity, nystagmus disap- 
pears, only to reappear when rotation ceases ; in the 
latter instance, however, the quick phase is in the 
direction opposite to the original direction of rota- 
tion. 

Nystagmus may be horizontal, vertical, or 
rotatory depending upon the position of the head 
during angular acceleration. When the head is bent 
forward 30® the horizontal semicircular canals are 
in the plane of rotation and the nystagmus is hori- 
zontal. When the head is flexed 90® onto the 
shoulder, the vertical canals are in the plane of 
rotation and nystagmus is vertical. With the head 
bent forward 120® or backward 60® rotation causes 
rotatory nystagmus. See Muscle; Muscle (bio- 
physics) Nervous system; Psychology, physio- 
logical AND experimental. [h.D.P.; T.C.R.] 

Potassium 

With an atomic number of 19, and an atomic 
height of 39.1, potassium, K, stands in the mid- 
dle of the alkali metal family, below sodium and 
above rubidium, in group la of the periodic table 
of the elements. It is a lightweight, soft, low-melt- 
ing, reactive metal. In 1807, Sir Humphry Davy 
isolated metallic potassium, by electrolysis, for the 
first time. It is very similar to sodium in its be- 
havior in metallic form, and its uses are limited as 
a consequence of the availability of low-cost sodium 
in large volume. 



Uses. Potassium chloride finds its main use in 
fertilizer mixtures. It also serves as the raw mate- 
rial for the manufacture of other potassium com- 
pounds. 

Potassium hydroxide is used in the manufacture 
of Hquid soaps, and potassium carbonate in making 
soft soaps. Potassium carbonate is also an impor- 
tant raw material for the glass industry. 

Potassium nitrate is used in matches, in pyro- 
technics, and in similar items which require an 
oxidizing agent. 

0PCIIlTil|€t» Potassium is a very abundant ele- 
menti ranking seventh among all the elements in 
the earth’s ciwt^ 2.59% of which is potassium in 
combined form. Qnly oxygen, silicon, aluminum, 


iron, calcium, and sodium are more abundant 
Sea water contains 380 parts per million, making 
potassium the sixth most plentiful element in solu- 
tion, being exceeded only by chlorine, sodium, 
magnesium, sulfur, and calcium. 

Potassium compounds are found in the histori- 
cally important deposits at Stassfurt in Germany, 
which consist of sylvite (KCl) and camallite 
(MgClu-KCl). In the United States, extensive po- 
tassium deposits containing sylvite and polyhalite 
( 2 CaS 0 .i’K 2 S 0 -i- 2 H 20 ) are located at Searles Lake, 
California, and Carlsbad, New Mexico. In addi- 
tion, potash salts are found in France, Spain, Po- 
land, the Soviet Union, and in the f^ad Sea. 

Metallurgical extraction. Commercial potassium 
chloride is melted in a gas-fired melt pot and is fed 
to the exchange column (see illustration) in the 
commercial manufacture of potassium metal by 
thermochemical means. The molten potassium 
chloride flows down over steel Raschig rings in the 
packed column. It is met by ascending sodium 
vapors coming from a gas-fired reboiler. An 
equilibrium is set up between the two, giving 
sodium chloride and potassium metal as the prod- 
ucts. The sodium chloride formed is continuously 
withdrawn at the base of the apparatus. The column 
operating conditions may he varied to give prac- 
tically pure potassium metal as an overhead prod- 
uct or to vaporize sodium along with the potassium 
to give sodium-potassiui^ (NaK) alloys of varying 
compositions as productC. Potassium metal of* over 
99.5% purity can be produced continuously. 

Unlike lithium and sodium, which are produced 
by electrolysis, potassium reacts with carbon elec- 
trodes, and also can form an explosive carbonyl 
in electrolysis (or in iherrnochemical methods 
using carbon reduction). Therefore, the thermo- 
chemical route using the reaction between metallir 
sodium and potassium chloride has proven most 
practical and economic. 

Physical properties. The physical properties of 
potassium metal are summarized in the table. 
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pi^ical propertiM of potasBium metal 


Property 

Temperature 
°C “F 

Metric (scientific) 
units 

British (engineering) 
units 

Density 

100 

212 

0.819 g/cm* 

.II.I lb/ft» 


400 

752 

0.747 g/cm* 

46.7 


700 

1292 

0.676 g/cin* 

42.2 ll)/fl» 

Melting point 

63.7 

147 



Roiling point 

760 

1400 



Heat of fusion 

63.7 

147 

14.6 eal/g 

26.3 Btu/lb 

Heat of vaporization 

63.7 

1400 

496 cal/g 

893 Btii/lb 

Viscosity 

70 

158 

5.15 millipoises 

6.5 kinetic units 


400 

752 

2.58 imlli(x>ises 

3.5 kinetic units 


800 

1472 

1.36 inilli|)oi8e8 

2 kinetic units 

Vapor pressure 

342 

648 

1 mm 

0.019 Ib/in.* 


696 

1285 

400 mm 

7.75 Ib/in.* 

Thermal conductivity 

200 

392 

0.017 oal/(.st!c)(cm»)(cm)(‘’(:) 

26.0 Btu/(hr)(ri*)('’F) 


400 

752 

0.09 cal/(seo)(cm»)(cm)(°C) 

21.7 Btu/fhr)(ft*)(“F) 

Heat capacity 

200 

392 

0.19 «^al/(g) (“(’.) 

0.19 Btu/OblTF) 


800 

1472 

0.19 .«I/(k)('’(:) 

0.19 Htu/(lb)(°F) 

Klectrical resistivity 

1.50 

302 

18.7 inicrohm-ctn 



300 

572 

28.2 niicrolim-cin 


Surface tension 

100-150 


About 80 dynes/om 



Chemical properties. Potassium is even more 
n'uctive than sodium. It reacts vigorously with the 
oxygen in air to form the monoxide, K 2 O, and the 
peroxide, K-jOj. In the presence of excess oxygen. 
It readily forms the superoxide, KO 2 (formerly 
believed to be K 2 O.}). 

Potassium does not react with nitrogen to form 
a nitride, even at elevated temperatures. With hy- 
drogen, potassium reacts slowly at 200° C and 
rapidly at 3S0-400°C. It forms the least stable 
hydride of all the alkali metals. 

The reaction between potassium and water or ice 
^ violent, even at temperatures as low as — 100°C, 
Ihe hydrogen evolved is usually ignited in reaction 
at room temperature. Reactions with aqueous acids 
are even more violent and verge on being explosive. 

Instead of forming the carbide with carbon, po- 
tassium forms a rather indefinite solid solution with 
the potassium atoms interposed between the layers 
'‘f the graphite lattice. 

Potassium reacts vigorously with the halogens, 
lithium and sodium react only superficially with 
lirpiid bromine, but potassium detonates in contact 
^'ith it. Potassium ignites in the reaction with 
i^‘dine, also. 


The reaction of potassium with ammonia gives 
P<>tassiiim amide, KNH 2 , and hydrogen. Potassium 
differs from sodium in that an explosive carbonyl is 
'“rmed when potassium reacts directly with carbon 
fttonoxide. 


l^otassium reacts with many organic compounds, 
not with saturated aliphatic hydrocarbons, 
^'ith some aromatic hydrocarbons, metalatiop oc- 
"^urs, giving organopotassium compounds. With 
^^’C'lylene, potassium acetylides are formed. 

Potassium reacts with alcohols to form alkoxides 
and hydrogen. Most reactions of potassium with or- 
ganic carbonyl compounds are very similar to those 
'’1 strdmni. In the form of NaK alloy, potassium is a 
^active catalyst for the transesterification 


reaction involved in the commercial modifi<‘ation of 
lard. 

Availability. Potassium metal is available in one 
grade of 99+% purity, with sodium as the major 
impurity. The annual production is about 50,000 
Ib/year. The price of the metal varies widely with 
the quantity ordered: 1 5-lb lots cost $4.75 per lb 
in 1958 and 100,000 300.000-lb lots cost $1.00 per 
lb. Potassium salts are generally more expensive 
than the corresponding sodium salts. Potassium 
hydroxide and potassium carbonate sell for about 
9it per lb (as of 19,58) compared to 2 3^ per lb 
for the corresponding sodium compounds. 

Handling. Handling of potassium metal is much 
the same as that of sodium metal, with two major 
exceptions. First, the formation of the superoxide, 
KO 2 , causes difficulties because it can react vigor- 
ously with hydrocarbons and other organic matter. 
Second, potassium is generally more reactive than 
sodium. Potassium forms an explosive carbonyl 
with carbon mohoxide, and the metal detonates in 
contact with bromine. 

Generally sodium, potassium, and the sodium- 
potassium (NaK) alloys are considered to be in 
the same general class of reactivity, allowing for 
the chemical differences outlined above and for the 
liquid (and hence more reactive) nature of the 
NaK alloys over a wide composition range. See 
Sodium. 

Principal compounds. Potassium chloride, KCl, 
Is the most important potassium compound. It is 
not only the form in which potassium is often found 
in nature, but it is the form in which potash is 
used as a fertilizer. 

Potassium hydroxide, KOH, is also known as 
caustic potash. It is usually made by the elec- 
trolysis of aqueous solutions of potassium chloride. 

Potassium carboiuite, KaCOi, is made from po. 
tassium hydroxide and carbon dioxide. It cannot be 
made by tjie Solvay process t^ed for sodium egr- 
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bonate because potassium bicarbonate is too solu- 
ble in ammonium chloride solution. 

Potassium nitrate, KNO3, is made by fractional 
crystallization of an aqueous solution containing 
sodium nitrate and potassium chloride. 

Analytical methods. As in the case of sodium, 
the high water solubility of most potassium com- 
pounds complicates the analytical determination 
of potassium. Qualitative detection is usually made 
by means of the violet potassium flame; the sodium 
flame, which is usually present as well, is masked 
by viewing the flame through a cobalt-glass filter. 

Gravimetric determination of potassium can be 
made using sodium triphenylboron, sodium per- 
chlorate, or other reagents. Rubidium and cesium 
interfere in most of these gravimetric methods 
when they are present. See Alkali metals, [m.si.] 

Bibliography. Am. Chem. Soc., Handling and 
Uses of the Alkali Metals^ Advances in Chem. Ser., 
vol. 19, 1957; C. B. Jackson, Liquid Metals Hand- 
book, Sodium-NaK Supplement, 3d ed., 1955; R. N. 
Lyon (ed.), Liquid Metals Handbook, 2d ed., 
Navexos P-733 (rev.), 1954. 

Potato, Irish 

The white potato, Solanum tuberosum, of the plant 
order Tubiflorales, grown in cool climates. The 
Irish potato is the world’s leading vegetable crop, 
with an annual production of more than 8,000,000,- 
000 bu and ranks with wheat and rice among the 
world’s most important foods. 

Spaniards invading South America found the 
white potato under cultivation high in the Andes 
Mountains of Peru and Bolivia, the region believed 
to be its center of origin, and took it back to Spain 
in 1538. It was introduced into Ireland about 1586. 
History indicates that the potato was brought to 
Virginia from the West Indies about 1621. It was 
transported from Ireland by Scotch-Irivsh immi- 
grants to Londonderry (now called Derry), New 
Hampshire, in 1719, and was given the name Irish 
potato. See Tubiflobales. 

Characteristics. This herbaceous annual has 
round or angular, aerial, green or pigmented stems 
which have axillary branches. The stems vary from 
% to IVl in. in diameter and may grow erect to a 
height of 3-4 ft, or they may be procumbent 
(creeping). 

The leaves, which are pinnately compound, con- 
sist of a large terminal leaflet subtended by three or 
four pairs of large petiolated leaflets borne later- 
ally on a rachis; the leaves are arranged spirally op 
the stem. 

Fibrous roots arise on the underground stem in 
groups of three just above the nodes. The roots 
grow about 24 in. laterally and about 18 in. deep 
under cultivation in humid regions, but the depth 
may reach 3 ft or more under drier conditions. 

The flowers occur in cymose inflorescences. Each 
flower has, a white, pinkish, or purplish five-lobed 
corolla, and the anthers of the five stamens borne 



Fig. 1. Irish potato (Kotohdin variety), (a) Pinnately 
compound leaf, (b) Flowers, (c) New plant developing 
from a tuber section ("seed'* piece), (d) Tubers showing 
"eyes" containing buc^ {Dutch Potato Atlas, H. 
Veenman and Zonen, Wageningon, Netherlands) 

on the corolla tube are orange, lemon, or some- 
times greenish yellow (Fig. 1). 

Under cool conditions, varieties with fertile pol- 
len may develop fruit balls which are green berry- 
like structures ^-l^ in. in diameter and con- 
tain numerous kidney-shaped seeds (Fig. 2) 
These are sometimes mistaken for young tomatoes. 
Seeds are used experimentally in the production of 
new varieties. Desirable varieties, however, are 
propagated vegetatively by means of tuber sections 
which possess buds. These are often referred to as 
“seed” pieces. 

Tubers arc formed on the tips of or are sessile 
on underground lateral stems or rhizomes com- 
monly called stolons. The tuber is a shortened, 
thickened, underground stem having nodes and 
internodes, the position of the nodes being indi- 
cated by “eyes” which are leaf scars containing 
lateral branches with axillary buds and very ^hort 
internodes. Several sprouts may develop from one 
eye. Depending on the variety, tubers vary in shap<’ 
from round to oblong or oval, in smoothness of skm. 
in depth of eyes, and in skin color from 
yellowish-brown to red. Varieties also differ in time 
of maturity, in resistance to diseases and ins^^^ 
in adaptation to different growing conditions. 
in yield and marketable quality of tubers, 
ing cooking and processing characterktics. 
pending on growing i^onditions, mark6Wbl<>-sJ*^ 




Fig. 2. Irish potato plant showing fruits. (USDA) 


tubers over the 2-in. minimum diameter are pro- 
dured within 2 month.s from date of planting in 
early varieties or within d-S months in later varie- 
ties. 

Varieties. Since the organization in 1929 of the 
National Potato Breeding Program, many new 
varieties have been distributed, and some of these 
are displacing the older ones. New varieties are 
resistant to two or more diseases, are high-yielding, 
and are generally of good market and cooking 
quality. The 1957 United States certified seed- 
potato production report lists 13 old varieties in- 
troduced between 1850 and 1900 and 41 new ones 
released since 1932. The Katahdin variety, re- 
leased in 1932, is now the most widely grown late 
variety. Following Katahdin in order of seed- potato 
production are Russet Burbank, Red Pontiac, 
Cobbler, Kennebec, White Rose, Chippewa, Red 
LaSota, Cherokee, Sebago, Red McClure, Triumph, 
Green Mountain, and Russet Rural. These varieties 
represented 93% of that year’s certified seed 
potatoes (tubers cut into sections and used for 
J’eproduction). 

The potato is produced commercially in nearly 
^'^ery state, with concentrated production in parts 
of Maine, Idaho, California, New. York, Minnesota, 
Noi|h Dakota, and Colorado (Fig. S). Since 1948 
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the annual production in the United States has 
ranged from 327,000,000 to 432,000.000 bu (196,- ^ 
000,000-259,000,000 cwt). During the same period 
the total annual farm value has varied from about 
$300,000,000 to $685,000,000. 

Chemical composition. The chemical composi^ 
tion of the Irish potato varies greatly by variety, 
growing conditions including climate, soil, and 
fertilization, and the temperature and length of 
time in storage. Potatoes contain 75-85% water, 
12-18% starch, about 2% protein, 1% inorganic 
compounds, about 0.5% sugar (in freshly harvested 
tubers), 0.5% organic acids (mainly citric), and 
0.4% crude fiber. The Irish potato is a good source 
of vitamin C; 1 lb of boiled newly harvested pota- 
toes contains the minimum daily adult requirement 
for this vitamin. However, the vitamin C content de- 
creases with storage, especially at temperatures 
below 50°F. 

US6. Annual consumption of potatoes is now 
about 100 lb per capita. A downward trend in con- 
sumption of unprocessed potatoes seems to have 
been stopped during the late 1950s. mainly because 
of increased use of processed products such as 
potato chips, frozen potato products, soups, and 
dehydrated mashed potatoes. Consumption of proc- 
essed potatoes increased from 1.9 lb per capita in 
1940 to 23.4 Ib in 1956. In 1956, 45,000.000 bu was 
processed as potato chips, 10 times the amount 
prepared as chips in 1940, and 9,000,000 bu was 
prepared as frozen French fries compared with 
none in 1940. Processors demand potatoes high in 
solid-matter for potato chips and for frozen pre- 
pared products. In 1957 approximately 5,000,000 
bu was commercially prepeeled as a service to 
restaurants and other large users. 

Starch is made of cull and lower-grade potatoes 
by manufacturing plants in Maine and Idaho and 
on Long Island, in New York. The amount proc- 
essed into starch has varied from less than 5,000,000 
bu in 1951 to over 28.000,000 bu in 1956. Culls and 
lower-grade potatoes are also used for livestock 

United States total 
1,514,097 

(does not include acres for farms with 
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Fig, 4. Late blight of Irish potato, Phyfophfhora 
infestans. (a) Foliar infection, (b) Tuber infection. 
(USDA) 

feed. Scf Vegetable growing; see also Potato, 
SWEET. [ A.H.] 

Irish potato diseases. The potato is subject to 
numerous destructive diseases caused by fungi, 
bacteria, viruses, and nematodes, f^otatoe.s may also 
be seriously injured by unfavorable growing or 
storage conditions. 

Fungus diseases. The most destructive single 
disease is late blight caused by the fungus Phy- 
tophthora infestansj which was introduced into 
Europe after“the potato had become established as 
a major food crop (Fig. 4). A succession of epi- 
demics, starting about 1845, caused tremendous 
damage, especially in Ireland, where loss of the 
potato crop resulted in the starvation of 1,000,000 
people and the emigration of 1,500,000 others. Late 
blight still causes important losses of potatoes in 
most of the important potato-growing areas, and 
makes control programs necessary. 

Legs important fungus diseases of potato foliage 
are early blight and certain rusts and powdery 
mildews. Some fungi, especially Rkizoctonia, Verti- 
dllium, ScUrotiniOy and Fusarium^ attack the stem 


primarily, causing rots, cankers, or wilts. Tubers 
in the field are subject to attack by many fungi 
which cause such diseases as black wart, powdery 
scab, common scab, silver scurf, leak, rhizoctonia 
disease, pink rot, and fusarium tuber rot. 

Bacterial diseases. Similar bacteria cause black- 
leg of the stem (Erwinia atroseptica) and bacterial 
soft rot of the tuber {Erwinia carotovora). The 
latter is extremely destructive in storage. Other 
destructive bacterial diseases are the ring and 
brown rots, both of which cause wilt or death of 
growing plants and rot or deterioration of tubers. 

Virus diseases. As a group, viruses are probably 
the most important and insidious path(%ens of the 
potato. Mild mosaic, rugose mosaic, leaf roll, latent 
mosaic, spindles tuber, calico, yellow dwarf, 
witches’-broorn, haywire, and purple-top wilt are 
descriptive names of important virus diseases. Al- 
though most viruses do not kill the plant outright, 
they reduce the yield and quality of the tubers. 
Because most viruses are carried inside the tubers, 
the planting of certified disease-free tuber sections 
is the principal means of control. 

Nematode diseases. Nematodes (small eelworms) 
cause root knot and golden nematode, tuber-rot 
nematode, and meadow nematode diseases. Nenui- 
todes often persist in the soil for many years, and, 
once established, they are difficult to control. 

Mechanical injury. There also are many kinds of 
nonparasitic disease, such as hlackheart, hollow 
heart, stem-end necrosis,^ and sprain. These 'in- 
juries are caused by excessive heat or cold in the 
field or in storage, by nutritional disorders, bv an 
excess or lack of water, and by poor ventilation in 
storage. See Nematoua; Pi.ant disease; Plant 
VIRUS. [h.d.t.J 

Potato, sweet 

The fleshy root of the plant Ipomoea batatas. The 
sweet potato was mentioned as being grown in 
Virginia as early as 1648. In 1930 the selection of 
outstanding strains of the Porto Rico variety, which 
was introduced into Florida in 1908, was begun in 
Louisiana, and the best strain. Unit I Porto Rico, 
was released in 1934. In 1937 new techniques were 
developed for inducing the sweet potato to bloom 
and set seed. This stimulated a surge of research on 
breeding for highei* yield, greater nutritional value, 
better shape, storage ability, market and canning 
quality, greater disease resistance, and new food 
products and industrial uses for the sweet potato 
throughout the southern states and from 
^ Jersey to California. In 1957 the crop in the United 
States was valued at 171,427,000. In Louisiana, the 
leading commercial slate for production of both 
the canned and fresh products, the annual value of 
the crop varies from $15,000,000 to $20,000,000, 
depending on seasonal conditions and demand. 

Types* There are two'^principal types of sweet 
potato, the kind erroneously called yam ^nd the 
Jersey type (Fig. 1). The chief difference betweeil 
the two is that in cooking or baking the yam^ much 
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(b) 

Fig. 1. Sweet pototoes. (o) Porto RicO/ a yam variety, 
(fa) Big-stem Jersey type. iUSDA) 

the starch is broken down into simple sugars (glu- 
(ose and fructose) and an intermediate product, 
dextrin. This gives it a moist, syrupy consistency 
-omewhat sweeter than that of the dry (Jersey) type. 
On looking, the sugar in the dry type remains as 
sucrose. 

The yam is produced largely in the southern 
stales: however, because of the breeding of more 
^)\i(lelv adapted varieties, it is now being grown 
farther north. The Jersey sweet potato is grown 
largely along the eastern shore of Virginia, Mary- 
land, Delaware, and New Jersey, and also in Iowa 
and Kansas (Fig. 2). 

The total consumption of sweet potatoes in the 
I'nited Slates, like that of while potatoes, rice, and 


other high-carbohydrate foods, is now somewhat 
lower than in former years. Nevertheless, the value 
of the sweet-potato industry in Louisiana is in- 
creasing at the rate of about $500,000 of market 
value each year. With the development of new 
varieties, the northern limits of sweet-potatp pro- 
duction have been extended to Canada andViiorth- 
ern United States. This has come about by breeding 
early and better varieties. In Michigan a number of 
baby-food manufacturers are growing this crop for 
processing. 

Breeding. The principal objectives in sweet-po- 
tato breeding are higher nutritional values, in- 
cluding higher vitamin and mineral contents; in- 
creased yield; greater disease resistance; and 
wider adaptation. Louisiana, Oklahoma, Georgia, 
North and South Carolina, and more recently Cali- 
fornia have instigated breeding programs. The U.S. 
Department of Agriculture and several states are 
joining in the testing and evaluation of the newer 
seedlings and varieties. For example, each year in 
Louisiana about 20,000 seedlings are grown and 
studied. Men from all parts of the world are being 
trained in breeding, production, and handling the 
crop. The better varieties are sent to practically all 
the countries of the tropical, subtropical, and most 
of the temperate zones. 

Processing. In the United States the sweet po- 
tato is canned extensively in Louisiana and along 
the Eastern Shore, and its popularity is increasing 
each year. The frozen product has also appeared on 
the market. The sweet-potato chip is another new 
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Fig. 3. Some important sweet-potato diseases, (a) Slack 
rot. (b) Soft rot. (c) Soil rot. id) Internal cork, (e) Section 
through internal cork-affected root, (f) Root knot, 
(g) Java black rot. (h) Scurf, (i) Circular spot. (/) Char- 
coal rot. (Louisiana Agricultural Experiment Station) 

product that is similar to the Irish-potato chip, but 
higher in vitamins and carbohydrates. The most 
recent development is the making of sweet-potato 
flakes, similar to corn flakes, which can be used as 
cereal, in pie Ailing, in doughnuts, and in casserole 
form. In addition, many livestock growers use fresh 
and dehydrated sweet potatoes for feeding swine, 
poultry, and dairy cattle. The sweet potato stinui- 
lates milk production and increases the vitamin A 
content of the milk. 

True yam. The true yam, Dioscorea, includes 
both edible and medicinal varieties. The latter are 
grown primarily for their cortisone, a steroid. A 
large number of cortisone yams are grown In the 
tliKited States, particularly in Louisiana. See Brecd- 
iwg (plant) j Carotenoid; Steroid; Vegetable 
GROWING; Vitamin A; see also Potato, Irish. 

[J.C.M.] 


Diuastt. Sweet-potato diseases, caused by 
fungi, nematodes, and viruses, affect both the plants 
growing in the field and the edible roots in storage 
and transit. Diseases incited by the different fimgi 
are black rot, stem rot, soft rot, soil rot, scurf 
circular spot, Java black rot, charcoal rot, foot rot 
root rot, mottle necrosis, leaf blight, leaf spot, 
white rust, and true rust. The primary nematode 
disease is root knot. Virus diseases, important in 
sweet-potato production mainly since 1940, are 
mosaic, feathery mottle, internal cork, mottle leaf, 
dwarf, and others still unidentified. 

Disease control, of any great importance in 
successful production and distribution of sweet 
potatoes, is diflicult because sweet potatoes are 
propagated vegetatively. Essential control prac- 
tices are selection of disease-free roots for propaga- 
tion, chemical treatment of selected roots to destroy 
unseen traces of fungi, and crop rotation to reduce 
soil infestation. Soil treatments with fungicides or 
nematocides sometimes are necessary to rid in- 
fested soils of disease-producing organisms. Since 
1940 resistant varieties obtained through breeding 
and selection have aided in control of stem rot. and 
to some extent soil rot, black rot, and root knot. 
World-wide search for disease-resistant strains 
among the numerous sweet-potato types available, 
combined with breeding programs, should result in 
development of more resistant varieties. See Nf.m- 
atoda; Plant diseam; Plant virus; see also 
Fungistat and Fungicide. [w.j.m.] 


Potential, electric 

At a given point in an electric field, the electric 
potential is the potential difference between that 
point and a place that is arbitrarily said to be at 
zero potential (see Potential difference). Fre- 
quently, it is convenient to consider that the earth 
is at zero potential, and this choice is made when 
convenience is served, as it usually is in a circuit 
analyeis. In other cases, particularly in electro- 
static fields, the problem is simplified if the po- 
tential is taken to be zero at a place infinitely far 
removed from the charges which produce the elec- 
tric field. Using the latter choice, the potential F 
at a point P is the work per unit charge required 
to move a positive test charge from infinity to P (® 
test charge is one whose magnitude is small enough 
so that its presence does not distort the field be- 
ing studied ) . Since electric field intensity E is force 
per unit charge, it follows that V at point P is 
by the line integral 
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where ds is a vector element of path length dire^ed 
along the chosen path from oo toward P and ^ 
the angle between ||^^tor8 E and ds. See 
trig field. 

Potential is a scalar point quantity, since it 
a magnitude only at every point in an electroslp 
field, so a potential function for a paiEioulaT 
Icm is a scalar equation which expresses F ^ 


function of the coordinates in the electrostatic 
field (see Electrostatics). 

principle of superposition. This states that for 
any configuration of charges, the potential at a 
point in an electrostatic field is the algebraic sum 
of the potentials that each charge alone would pro- 
duce at the point. Since this calls for an algebraic 
sum (rather than the vector sum required for the 
calculation of E), it is often easier to set up the 
potential function for a particular physical prob- 
lem than to construct directly the function for E. 
Then, with the potential function known, the dif- 
ferential relationship E « —grad V is the one to 
use for calculation of E rather than the integral re- 
lationship of Eq. (1). If is expressed in Cartesian 
coordinates, this gradient equation is 
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where i. j, and k are unit vectors along the oc, y, and 
; axes, respectively. 

Equipotential surface. As the name implies, this 
is an imaginary surface so drawn in an electric 
field that all points on it are at the same potential. 
Thus no electrical work is done in moving a 
charge from place to place on an equipotential sur- 
face. Electric lines of force are everywhere at right 
angles to equipotential surfaces. [r.p.wi.] 

Bibliography: R. P. Winch, Electricity and Mag- 
netisrn, 1955. 


Potential barrier 

A field of force which surrounds the atomic nucleus 
and tends to keep bombarding particles out of 
llie nucleus. If the bombarding particle is positively 
charged, 4-2'e, it will feel the Coulomb electrostatic 
repulsion to which corresponds a potential energy 
which varies as l/r, where r is the distance from the 
center of the nucleus, Z' is the atomic number of 
the bombarding particle, and e is the charge of the 
proion. The potential barrier increases to the edge 
»>f the nucleus and is then overcome by the attrac- 
tive nuclear forces. The maximum height of this 
Coulomb barrier is at the nuclear surface where 
it is 


ZZ'e* 

R 

ft being the radius of the nucleus and Z its charge. 
For protons, the barrier is about 4 Mev for neon 
and 17 Mev for uranium. If the initial kinetic en- 
®t'gy of the incident particle is less than the barrier 
^^ight, it can enter the nucleus only by virtue of 
'^hat is called the quantum-mechanical tunnel ef- 
fect. 

There is an additional potential barrier called 
centrifugal barrier for both charged and neutral 
particles if they have an orbital angular momentum 
fV27r relative to the nucleus (/ is the angular 
^^^RMintum quantum number and h is Planck’s con- 
«ant’) This centrifugal barrier represents woric 
Igainst the centrifugal force. It is propor* 


Potontlcils (iiMitliMHiflcs) S37 

tional to /(/ -H 1) and varies as l/r*; thus it may 
be said to be thinner than the Coulomb barrier. See 
Nuclear structure; Schottky effect, [d.h.w.] 

Potential difference 

The potential difference Va — Vb between two 
points A and B in an electric field is defined as the 
change in potential energy of a test charge when 
it is moved between the two points, divided by the 
magnitude and sign of the test charge. A test charge 
is one whose magnitude is small enough so that its 
presence does not influence the field. Since electric 
field intensity E is force per unit charge and po- 
tential difference F/i — F^ is work per unit charge, 
E and Va — F^ are related to each other by the line 
integral 

Fa — Fb ~ f E cos 6 ds 

where ds is an element of path length from B to- 
ward /f, and 9 is the angle between the vectors E 
and ds. See Electric field. 

The concept of potential difference is an impor- 
tant one in electric circuit calculations, where one 
usually defines it by saying that the potential dif- 
ference F.t — Vh between two points A and B in 
the circuit is the work a unit charge will do in 
flowing from A to B. In a circuit, a voltmeter 
will give a direct measure of poiential difference. 
See Potential, electric. [r.p.wi,] 

Potentials (mathematics) 

Suppose that situated at each point of a region 
R in space there is a vector, that is, a quantity 
which has both magnitude and direction. It is then 
said that there is a vector field in the region R. An 
example is given by the vector field consisting of 
the wind velocity and direction at each point in a 
region R near the surface of the earth. A vector 
field is represented in a rectangular coordinate 
system by an expression of the form a{x,y^z)i 
6(x,y,z) j -I- c(flc,y,z)k where i, j, k are unit vec- 
tors in the direction of the x, y, z axes, respec- 
tively. Suppose there is a single function ^(x,y,z) 
such that » a, dt^/Sy » 6, d<f>/Bz ■» c. Then 

the vector field is described completely by the sin- 
gle function and in this case the field is called 
the gradient of Not every vector field is a gra- 
dient field since from the fact that B^ife/dx By 
B'^<f>/ByBx a necessary condition is &a/By « Bb/Bx, 
Similar conditions relating a and c and relating 
b and c must, also hold. 

Gravitatimi« Newton’s law of gravitation gives rise 
to a vector field in the following way. Imagine a 
body Ml of unit mass situated at the origin O of 
a rectangular coordinate system and another body 
M 2 of unit mass situated at a point P(ir,y,a) of 
space. According to Newton’s law there is a force 
of attraction between Mi and M 2 which is inversely 
proportional to the square of the distance r m 
+ y* + ^ between the bodies. For convj^ 
ience the units are selected so that the"' magmtnde" 
of the force n oqual to l/r\ The componetitt ei 
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the force at P are 

1 1 1 

- ^ cos tt, - ft ■" p 

where a, jS, y are the angles that the line OP makes 
with the coordinate axes. These may be written, 
also, as 



As the body M 2 moves throughout space a vector 
field or force field is generated. This is usually des- 
ignated the Newtonian or gravitational field. A 
simple calculation shows that the function - \/r 
has as its gradient the gravitational field. In other 
words by means of a single function the gravita- 
tional forces due to a unit mass at a single point 
are completely described. This function is called 
the unit gravitational potential or simply the poten- 
tial. 

In the idealized situation just described the 
masses M\ and M 2 occupy single points in space. 
Let M\ occupy a domain D in space and let 
be the density of Afi at each point 
of Z). Once again M-z is a unit mass located at a 
point P{x,y,z) not in D. The mass Mi may be de- 
composed into elementary pieces and the gravita- 
tional potential at P due to Mi will be the sum of 
the potentials of the individual parts. By the usual 
limiting process of calculus the potential <l> is 
given by 


4 >(x,y, 2 ) “ /// 

D 


[(* - + ^-r,y + (z- n*]*'* 

( 1 ) 


The gradient of yields the gravitational 

force field due to the mass Mi at each point of 
space exterior to D, Although the integrand in (1) 
becomes singular for points P(x,y,z)y within D the 
integral itself nevertheless has a finite value. Thus 
it is possible to consider the potential of solid ob- 
jects throughout the entire space. 

A simple calculation shows that the function 

« 1/r satisfies the Laplace equation 


dx^ ^ dz^ 

at all points except r = 0. Similarly the integral 
(1) satisfies the same equation at all points not in 
/). Thus the study of gravitational fields is inti- 
mately connected with the study of a particular 
partial differential equation — the Laplace equa- 
tion. This equation arises in many branches of 
mathematical physics, and hence an immediate 
analogy is drawn between the Newtonian potential 
and potentials which arise in the study of electric- 
ity, magnetism, and fluid flow. 

Etgctficity. The force field due to the attraction 
and repulsion of electric charges admits of an anal- 
ysis similar to that for the gravitational potential. 
The main distinction between Coulomb’s law and 
Newton’s law lies in the fact that stmilerly charged 


electric particles repel each other. The potential 
function for two particles each of unit charge is ei- 
ther 1/r or —1/r according as they are of opposite 
or of like charge. If one considers the field due to 
a number of charges, some positive and some nega- 
tive, care must be taken in regard to the signs 
in computing the electric potential. 

Magnetism. The field of force due to a magnet is 
somewhat more complicated than those due to 
masses or electric particles. Under ordinary consid- 
erations of a magnet it is essential that there be 
both a north and a south pole. There is no parallel 
to a point unit mass or a positive electric charge of 
one unit. For this purpose it is necessary to intro- 
duce the idealized concept of a magnetic particle. 
Imagine one pole of a magnet located at a sin- 
gle point Pi){xo,yiuZ()) with an attracting strength 
m and the other end of the magnet at the point 
P\ix^^y\,zi) with attracting strength — m. The po- 
tential function at a point Pix,y,z) in space due 
to this magnet is given by the function 

</> = (x,y,z) = m/ro — m/n 

where 

ro^ = (x — xo)- + (y — yo)2 4* (z — Zo)^ 

ri^ = (a; — xi)- + (y — yi)^ (z — zi)‘^ 

In other words, idealized magnets also follow 
Newton’s or Coulomb’s laws with strength of poles 
replacing masses and charged particles. One can 
denote by d the lenfiffh of the segment Pt)P\. Icl 
the point Pi approach Po along the line segment 
PoPi^ and let rn approach infinity in such a wav 
that m ‘ d is always equal to a constant /x. The 
function <f> will approach a limit which is a poten- 
tial function. The quantity /x is called the moment 
of the magnetic particle at Po. It is clear that ^ 
also depends on the direction along which Pi ap- 
proaches Po and this direction is called the axis of 
the particle. It is not difficult to see that the po- 
tential of a magnetic particle is the moment times 
the directional derivative of the function 1/r in the 
direction of ltd axis. The potentials due to curves, 
surfaces, and solids made up of magnetic particles 
are obtained by integration as in the case of gravi- 
tational potentials. 

Heat conduction. Heat conduction in a solid is 
governed by the partial differential equation 

d4> dV ^^0 

dt dx® ^ dj* dz* 

In the steady state flow of heat dt^/dr =* 
the solution, independent of time, satisfies the 
Laplace equation. Thus the problem of determining 
the steady state flow of heat in a body is equivalent 
to the problem of finding a potential function un- 
der appropriate boundary conditions. 

Fluid flow. Suppodi a fluid flows through a regi^ 
R in space. Let v(jc,y,z,f), . 

the components of the velocity vector at the 
P(x,y,z) at time f. If the flow is 8tation«ry|^ 
functions u, v, u; do not depend on I. If 
tion the fluid is incompressible and the 



rational, that is, free of vortices, there will exist a 
potential function ^ such that its gradient is the 
velocity field which describes the flow. 

Other concepts. Many problems of potential the- 
ory become simpler if a restriction to two dimen- 
sions is made. Suppose a wire of constant linear 
density P is situated along the z axis. One can as- 
sume that it is infinitely long, extending from 
00 toz=-4-co. The force field at a point 
P{x,y,0) is calculated to be 2p/r where n = 
-f y'^ and is directed along the line OP. The 
potential which yields this force field is €l>(x^y) = 
2p In (1/r) and this logarithmic potential plays 
the same role in two dimensions that the function 
\/r does in the three-dimensional case. In two vari- 
ables the function In (1/r) satisfies the Laplace 
equation for r 0 while the function 1/V^^ -h 
does not. 

An important concept in potential theory is the 
notion of eqiiipotential surface. If is a po- 

tential function, then in general </>(y,r,z) L’o. 
where Co is a constant, defines a surface in space. 
From analytic geometry it is known that if 
F{x,y.z) = 0 is any surface the vector 


dF , 


clF . dF , 


represents a normal to the surface at the point 
(x,y,z). In the case of a potential function this 
vector is simply 


dd> d<f> 

3“ 1 4- J + 
ox ay 



or the gradient field of the potential. This means 
that at every point of the surface ^{x,y,z) = Co 
the force or flux vector is perpendicular to the sur- 
face. These surfaces are called eqiiipotential snr- 
fac-es, and they are of great interest in problems 
of electricity, fluid flow, and heat conduction. 

In order to exhibit the close relationship between 
solutions of the Laplace equation (called harmonic 
functions) and potentials a sketch will be given 
which .shows that every harmonic function may be 
repre.sented as a sum of potentials. Denote by A 
the operator 


dy^ dz^ 

If 7^ is a region with smooth boundary S and n 
denotes the outer normal to 5, the following iden- 
fity is a consequence of Green’s theorem. 

“ ( 2 ) 


for any two functions u and v which have con- 
finuous second derivatives in a region containing R, 
/^o(x;o,yo.«o) be a fixed point of R and r the dis- 
laijoe from P{x,y,x) to Po. The selection 1/r is 
for the function o- This introduces a certain 
in relation (21 above because v has a sin- 


Pofentials (phyaics) S39 


gularity at Po* However (2) still holds if a small 
sphere about Po is deleted from R and to the 
boundary S is added the surface of this sphere. 
After some reduction the resulting formula is 


u(xo,yo,zo) 



If now u is harmonic the first integral on the right 
vanishes and the relation 


u(xo,yo,zo) “ ^ ~ 



follows. The first integral represents the Newto- 
nian potential due to a surface S of density du/dn 
while the second integral is the potential of a sur- 
face S of magnetic particles with magnetic moment 
z^(jc,y,2). See CalcIilus of vectors; Differential 
EQUATION; Laplace’s differential equation; 
Operator theory; Potentials (physics). 

[m.ii.p.] 

Bibliography : O. D. Kellogg, Foundations of Po- 
tential Theory., 1929; H. Poincare, Theorie du Po- 
tentiel Newtonien^ 1899. 


Potentials (physics) 

Potentials in physics are of two kinds; (1) meas- 
ures of storage of a quantity available for possible 
iLse, and (2) functions who.se rate.s of change are 
the primary quantities of a physical theory. Vague 
as the foregoing definition is, it is scarcely broad 
enough to include all current usage of the word po- 
tential. In the oldest and m(»st common applica- 
tions, both senses fl) and (2) apply, and in sense 
(2) the potential i.s a single function from which a 
vector, such as a force or a velocity, is derived. In 
the newer and broader u.sage, A is a potential of B 
if some combination of the partial derivatives of A 
equals P, irrespective of physical interpretation. 
In many cases aspect (1) leads to, or is replaced 
by, a conservation principle, asserting the exist- 
ence of a quantity which remains unchanged. The 
conserved quantity in some cases is defined in 
terms of the potential and in some cases is not. 
Sometimes the existence of a potential leads also to 
some principle of economy, whereby some quantity 
defined by the aid of the potential is less, accord- 
ing to the particular physical theory, than it would 
be if that theory did not hold. 

It cannot' justly be said that the word potential 
stands for any physical concept. Rather, as now 
used, it refers loosely to the mathematical simpli- 
fication of formulas that sometimes results when 
some of the differential equations of a theory are 
replaced by their general solutions in terms of |tr- 
bltrary functions. These functions are then called 
potentials. 

Absence of a unifying concept makes an enu- 
meration of typical cases the only sensible way : to 
describe the subject 
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Potentials in mass-point mechanics. A body of 
constant mass M near the earth’s surface obeys the 
law of conservation of energy 

Total energy « J -H f/ ** const (1) 

Here T is the kinetic energy, arising only from the 
motion of the body: T ^ Afv^, where v is the 
speed* The energy U h a potential energy, arising 
only from the location of the body: LI = Mgz, 
where z is the height above some arbitrary level 
and g is the constant acceleration of gravity. Loss 
of some potential energy results in gain of an 
equal amount of kinetic energy, and vice versa. 
The force F which acts on the body is given by 
F w —grad V » — df//dr, where r is the position 
vector. Both aspect (1) and aspect (2) of the def- 
inition of potential are illustrated here. 

More generally, consider a system of n mass- 
points with masses Mk and position vectors r^. A 
function t/(r], r 2 , . . . ,rn) is said to be a poten- 
tial energy of the system if the force acting upon 
the Ath mass point is given by 


Fjfc *• — gradfc — - — (2) 

OTk 

Therefore, the equations of motion are 

MkTk^-^ A - 1, 2. .... n (3) 

OTk 

Integration of Eqs. (3) again yields the theorem 
of conservation of total energy in the form of Eq. 
(1), where 




This result illustrates not only aspects (1) and 
(2) but also the simplicity of specifying the mo- 
tion of the system by means of the single function 
V instead of the n vectors F^. See Energy. 

One principle which may serve as the basis of 
statics states that the equilibrium position of a 
conservative system is such that its potential en- 
ergy assumes the least value possible. There are 
several generalizations of this idea to dynamics. For 
example, let the conservative system considered be 
described by 3n generalized coordinates qk. The 
kinetic potential L(qi, . . . ,q 3 n, di, . . . ,q 3 n) is 
defined by -L « T — [/. The motion of the system is 
such as to give the total kinetic potential its least 
possible value. A mathematical expression for this 
requirement is 

-V 


dt d^k dqk 


A - 1, 2, . . . , 3/1 (4) 


5ee Lagrange’s equations. 

Qrgvitallonal potantiatl* One expression for the 
claaaical law of universal gravitation is that there 
exists a potential energy l/(P) of the form 


W-Gj 


dm 

r{dm.P) 




where r(dm,P) is the distance from the element of 
mass dm to the point P. Here G is the constant of 
universal gravitation. The integration is carried 
out over all space; both discrete and continuous 
masses may be included. When all masses are dis- 
Crete, the theory becomes a special case of that ex- 
pressed by Eqs. (3). When mass is smoothly dis- 
tributed in space, so that dm « pdv, where p is the 
density and dv is an element of volume, it can be 
shown from Eq. (5) that 




^ w mj 

dx^ dy^ dz^ 


In empty space, 


4irGp 

% 


( 6 ) 


VW « 0 ( 7 ) 

The force acting on a unit mass present in, but not 
influencing, the gravitational field is —grad U, The 
extensive mathematical developments based on 
Eqs. (6) and (7) constitute potential theory. See 
Gravitation. 

In general relativity, the metric tensor of space- 
time is supposed to be determined by the distribu- 
tion of energy and momentum. Its ten components 
gfan are called gravitational potentials. These quan- 
tities do not conform to the definition directly: 
rather, their name arises from the fact that it is 
possible to define from them, mathematically, a 
quantity which reduces, in the classical approxima- 
tion, to the classical potential U which satisfies 
Eq. { 6 ), See Relativity. 

Fluid potentials. If the motion of a fluid or other 
deformable substance is such that there exists a 
function giving the velocity v as follows: 


V = —grad < l > (8) 

then 0 is said to be a velocity potential. A special 
kind of motion, called irrotational motion, is char- 
acterized by Eq. (8). In such a motion, the small 
portions of the material are not spinning, though 
they may circulate. If the substance is incompres- 
sible, then * 0; compare Equation (7). In 
this case, the motion has less kinetic energy than 
any other one corresponding to the same dis- 
charge of matter through a fixed bounding sur- 
face. .See Laplace’s irrotational motion. 

More generally, if the acceleration a satisfies a 
relation such as Eq. (8), a ■» —grad 4», then ^ is 
called an acceleration potential. Again a special 
kind of motion is characterized; this time, the 
circulation of velocity around any closed ring oi 
particles remains unaltered. This is a conservation 
principle. 

Virtually all of the science of hydrodynamics 
and aerodynamics concerns motions of these kinds. 
The acceleration potential may generalize the po* 
tential energy, since in some conditions ^ 

Y + Sdp/p, where Y is a potential energy ? 
is the pressure. In a steady motioii, along 
streamline 

«• + <!> " const * ^ 
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This is a theorem of conservation of energy some- 
v^hat like Eq. (1). For a motion having a velocity 
potential, the constant in Eq. (9) has the same 
value for each streamline. See Streamline flow. 

Elastic and plastic potentials. In a perfectly 
elastic body the stress, or distribution of interior 
forces, arises solely in response to the deformation 
undergone from the free or natural state. The 
woik done in producing the deformation is avail- 
able for reversing it; this work is the stored en- 
ergy. If suitable measures of stress T and strain E 
are selected, then the stored energy f (E) is also 
d potential for the stress, as is expressed by the 
>>mbolic formula 


be written in the forms 

div B ■■ 0 curl E » — ^ (13) 

at 

where B is the magnetic induction and E is the 
electric field intensity. The first of these condi- 
tions, regarded as a partial differential equation, 
has the general solution 

B * curl A (14) 

where the arbitrary funrtion A is called the vector 
potential. Substituting Eq. (14) into the second of 
Eq. (13) yields 




dF 

dE 


( 10 ) 



(15) 


\ similar formula holds in some theories of 
pld«^licitv. except that F depends upon the velocity 
of deformation rather than upon the deformation 
it'^elf; such a function is called a plastic potential. 

Thermodynamic potentials. The intemal energy 
( of thermodynamics i.s related to the stored en- 
f*rg> of elasticity theory. While a rather general 
tieatnient is possible, only the case of a simple 
fluid is presented here. The internal energy is then 
ilotermined by the specific volume, v, and the spe- 
cific entropy, 17, so that c = e(r,7;). The tem- 
perature ^ and the pressure tt are then obtained 
troni t as a potential : 


d€ de 

TT :±: 

drj dv 


( 11 ) 


Manv other thermodynamic potentials may be in- 
troduced. The simplest are the free energy, the 
enthalpy, and the free enthalpy, defined as 
follows ; 

X * € 4- tru (12) 

f » C 4- TTU — 7?^ 

Therefoie € — ^ — X + functions 

0(5,u), x(’7»7r), and f(^,7r) are ther- 
niodynamic potentials in the sense that all thermo- 
^vnamic functions may be obtained as combina- 
fions of the derivatives of any one of them. See 
Thermodynamic processes. 

Electromagnetic potentials. Since the law of 
electrostatic force between charge-points is of the 
^ame mathematical form as that between mass- 
Peints, there exists an electrostatic potential of the 
’»ame form as the function V given by Eq. (5), ex- 
cept that the element of mass dm is replaced by an 
element of charge de which may assume negative 
well as positive values, and the constant G is re- 
placed by an electrostatic one. Thus the whole 
theory of Newtonian potentials is applicable, by 
changes of wording, to electrostatics. 

But the subjact may Jjc approached from a more 
lH6fo^4 viewpoint. Two of the four vectorial 
^uatmns governing the electromagnetic field may 


The general solution of this partial differential 
equation is 


E4 --^- -grad4> (16) 

Thus the electrostatic potential is a special case 
of the general electrodynamic scalar potential <f>. 

The potentials and A have to be replaced by 
suitable tensor potentials when electrodynamics 
is expressed in a four-dimensionally invariant for- 
malism. See Maxwell’s equations. 

Potentials of arbitrary fields. There are various 
representations of an arbitrary vector field c. Some 
of these are 

c = grad /i 4“ F grad G 
“ grad M 4- grad K x grad L (17) 

* —grad 5 4* curl P 

The existence jf the various potentials denoted by 
capital letters in these formulas reflects geometric 
properties of vector fields in general and finds ap- 
plication in particular theories according to how 
those geometric properties are given physical in- 
terpretation. There are similar potentials for ten- 
sors. 

Although formulas (17) are written for three- 
dimensional space, similar potential repreaenta- 
tions are valid in spaces of any dimension, and in 
particular, for .space-time. 

For example, if d is a vector density and ^ is 
a bivector satisfying the conservation principles 

Divd = 0 CurU « 0 (18) 

respectively, then there exist potentials ^ and « such 
that 


d " Div ^ * Rot tt (19) 

where Div, Curl, and Rot are appropriately de- 
fined differential operators. Rot, for example, is dnt 
fined in the work by Schouten listed in the bibUog^ 
raphy. 

Retarded petenttala. A special kind of 
dimensional potential appears in the* many the* 
Dries tha,t lead lo the eqnati^ for Umax eravei^ 
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1 d»r 
c* a<* 


v»r 


( 20 ) 


c being the speed at which disturbances such as 
waves of sound or light travel {see Wave eqoa* 
TiON; Wave motion). Tlien 


r(P,t) 


1 n dW* 

4ir-^«Lr dn 



dt* 



dA 


( 21 ) 


where S is a closed surface, r is the distance from 
the point P to dAy and the asterisk indicates that 
the time t is to be replaced by the earlier time 
t — r/c. This formula, which shows precisely how 
signals traveling at the speed c propagate to the 
point P conditions formerly holding upon the sur- 
rounding surface S, is said to represent the wave 
function W in terms of retarded potentials. See 
Calculus of tensors; Calculus of vectors; 
Potentials (mathematics). 

Bibliography: W. V. Houston, Principles of 
Mathematical Physics, 2d ed., 1948 ; O. D. Kellogg, 
Foundations of Potential Theory, reprint, 1954; 
H. B. Phillips, Vector Analysis, 1933; J. A. Schou- 
ten, Ricci-Calculus, 2d ed., 1954. 


Potentiometer (variable resistor) 

A variable resistance device with three terminals 
used in electric circuits. As shown schematically 
in Fig. 1, the three terminals are the two ends of a 
resistor (or series combination of resistors) and a 
movable connection, which allows adjustment of 
the resistance between this movable connection and 
either end connection. The movable connection 
often consists of a sliding contact which moves 
along the actual resistor element. The size or 
rating of a potentiometer is specified by giving its 
total resistance in ohms and the permissible losses 
in watts (see Resistor). By using only the movable 
and one fixed connection, a potentiometer may be 
used as a rheostat. See Rheostat. 

The term potentiometer is also applied to a 
precision instrument used to measure or compare 
electrical voltages; for a discussion of this device 
which depends on the same type of resistor ar- 
rangement, see Potentiometer (voltage meas- 
urement). 

Um. a, potentiometer is used to adjust and con- 
trol the electric potential difference (voltage) ap- 
plied to some device or part of a circuit. The out- 
put voltage may be varied from zero to the value of 
the input voltage. Examples of its use are as a field- 
current control on an electric generator and as a 
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volume control on a radio. Since the resistance 
between the input terminals is fixed ( assuming the 
load device takes little current), "potentiometers 
with precision resistors are used as range selector 
switches on vacuum-tube voltmeters and other pre- 
cision electronic measuring equipment. Other uses 
are to divide a voltage into two parts, to compare 
two voltages, and to divide the total resistance be- 
tween two parts of a circuit. The ratio between out- 
put and input voltage, as shown in Fig. 2, is 


Cput r2 

Cin ri + r2 

Construction. A potentiometer may be linear or 
nonlinear. In the linear case the resistor is uniform, 
and the voltage distribution along the resistor is 
the same for any fixed fraction of its total length. 
Therefore, the output voltage (Fig. 1) is propor- 
tional to the slider poskion. In a nonlinear potenti- 
ometer the resistance ^er unit length varies, and 
the output voltage varies as some function (such as 
the logarithm, the square, or the sine) of the slider 
position. Nonlinear potentiometers are often called 
tapered potentiometers. In some cases the current- 
carrying capacity of various parts of the potenti- 
ometer may be different. 

A slide-wire potentiometer employs a movable 
sliding connection on a Imigth of resistance wire. 

A wire-wound potentiometer is similar to a slide- 
wire one, except that the resistance wire is wound 
on a form and contact is made by a slider which 
moves along an edge from turn to turn. The form 
may be straight or bent into a part of a circle, in 
which case the slider is mounted on an arm which 
is rotated by a knob. The form may be made of a 
ceramic material for heat resistance or a good grade 
of stiff paper or plastic (known as a card ) . 

A carbon potentiometer uses a thin layer of car- 
bon or graphite in place of a resistance wire. 

A button-type potentiometer uses fixed contact 
points which arc touched by the slider. Fixed re- 
sistors arc then connected between the buttons* 

Multiturn potentiometers. Sold under variouf' 
trade names, these have the resistance material 
usually coiled resistance wire, placed in the form 
of a cylindrical helix. A slider is moved down th(* 
helix by a lead-Screw arrangement. This arrange* 
ment permits a long Tength of potentiometer in ^ 
small volume and gives more accurate adjustm®®^ 
than is possible with a single-turn potentiometer* ^ 

Trimmer potentiometer. This is a potentiomct^i 
used to provide a small percentage fidjustmimt 
is often used with a coarse control. 



Potentiometer (voltage measurement) 

A device for the measurement of an electroQiotive 
force (cmf) by comparison with a known potential 
difference (see Electrical measurements; Po- 
tential, electric). The known potential differ- 
ence is established by the flow of a definite current 
through a known resistance, using a standard cell 
as a reference. The principal potentiometer cir- 
cuits are ( 1 ) the constant-current dc potentiometer 
(historically known as Poggendorff's first method) ; 
(2) the Brooks deflectional dc potentiometer (a 
variant of the basic constant-current potentiome- 
ter) ; (3) the constant-resistance dc potentiome- 
ter (known as Poggendorff's second method) ; (4) 
the Drysdale ac potentiometer; and (5) the Tin- 
sley-Gall ac potentiometer. 

Constant-current dc potentiometer. This is 
widely used in the standardization of dc measuring 
instruments ; its basic circuit is illustrated in Fig. 1. 

A battery causes a current lab to flow through a 
calibrated resistor or slidewire Rat- With the switch 
S connected to the standard cell and sliders bl' and 
b" set for an appropriate value of resistance Ai, 
the slidewire current lab is adjusted until the gal- 
vanometer current Ig is equal to zero. The slidewire 
voltage RJab is now equal to the standard cell emf 

E. 

The unknown voltage V is then substituted for 
the standard cell and the sliders a' and b^ are 
again adjusted for a null galvanometer reading, 
with slidewire current lab unchanged. Let the new 
value of slidewire resistance be ^ 2 . The unknown 
voltage is 

V^E.R2/Rt ( 1 ) 

Thus, this potentiometer compares potential dif- 
ferences in terms of known resistances, which arc 
usually calibrated in terms of volts and millivolts. 

A complete potentiometer circuit is shown in 
Fig. 2. The resistance of the dial switch, the main 
slidewire, and the standard slidewire represent 
Transfer from the standardizing to the meas- 
uring circuit is accomplished by the switch U. With 
the switch in the left position, the standard cell, 
with voltage £«, and the galvanometer are con- 
nected across the resistance composed of nine coils 
and part of the slidewire. Balance is obtained by 
adjustment of the regulating rheostats. The switch 



f* Elementary dc potentlometef clHcult. (Prom f. F, 
-^inhord^ Applied C/ecfrfeal M^suromonfs, Wihy, 
I95dj 
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is then thrown to the right, connecting the unknown 
voltage Ex and the galvanometer across the dial 
switch and main slidewire, both of which are ad- 
justed to obtain balance. A range switch reduces 
the slidewire current to Ho or Hoo of its full value 
when required. The measurement range of the con- 
stant-current potentiometer is 0-2.0 volts. Multi- 
pliers of 1, 0.1 and 0.01 are available. This device 
has undergone intensive refinement, and errors can 
be reduced to the order of 0.025% of the reading. 
Potentiometer measurement of current is accom- 
plished by passing current through a standardized 
resistor of appropriate value and measuring the po- 
tential difference across this resistor. 

Brooks deflectional dc potentiometer. This po- 
tentiometer eliminates the time-consuming opera- 
tion of obtaining an exact balance of the slidewire. 
This is accomplished by circuitry and a galvanom- 
eter calibration by which the galvanometer reading 
may be addeif to or subtracted from an approxi- 
mate dial setting. As illustrated in Fig. 3, Ex is the 
unknown voltage, Eg is the terminal voltage of a 
storage cell of negligible resistance, and Rg is the 
resistance of galvanometer plus its series resistor. 
Analysis of the circuit shows that if the quantity 
Rg -f- /?! (R 2 “I" Rn)/Ri 4" R 2 4“ Rn is kept constant 
for all positions of the sliders, the galvanometer 
can be calibrated directly in volts. This is achieved 
by the addition of the auxiliary resistor R^g in se- 
ries with the galvanometer and slider. As the slider 
is moved, an increment of resistance ARg is added 
to or subtracted from the above resistance to keep 
the ratio constant. The total unknown emf is the 
algebraic sum of the slider setting and galvanome- 
ter reading. The instrument is otherwise similar to 
the basic constant-current potentiometer. Self-con- 
tained deflectional potentiometers are available 
in ranges of 0-1.5 volts, which may be extended to 
300 volts, and 0-0.75 amp, which may be extended 
to 150 amp with special multipliers. Maximum er- 
rors of 0.05% 8elf-cont$ined, plus 0.04% for mul- 
tipliers, if used, are obtained. 

Constant-resistance dc potentiometer. This 
instrument is especially adapted to the measure- 
ment of very low potentials. As illustrated in Fig. 
4, the unknown potential Ex is applied to the 
known constant resistance R 2 f and the current / is 
adjusted for null reading of the galvanometer. In 
series with /1 2 is another constant and known re- 
sistance Ri. The potential Ep across this resistance 
is measured by any null-type potentiometer. Then 




EpR2 

~w 


( 2 ) 


Thus, the range of the null-type potentiometer may 
be extended downward many fold by making jfti 
large and R 2 small. Reliable measurement in the 
microvolt range is practicable if care is taken to 
avoid parasitic emfs in Ra- The null potentiometer 
may be replaced by a dc volbnetm, but meaaurth 
raent accuracy is tbmby dkaibisfae^. * 

Drysdate ac polmr poiMflhHMinr. This ia d 
in principle in fig. 5. An'oi^Uktary aUdewfae ia / 
pBed witfi citmeat fay a plme#«hlhiBf 
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Fig. 2. Complete dc potentiometer circuit. {Le^ds and Northrup Co.) 


The amount of current is measured by an ammeter 
which must be an accurate ac to dc transfer in- 
strument. The potentiometer current and voltage 
drop along the slidewire are brought into phase 
vrith the unknown voltage by adjustment of the 
transformer rotor. The unknown voltage is then 
measured by observation of the slidewire setting 
for a null indication of the vibration galvanometer. 
The potentiometer is calibrated on direct current 
by use of a dc potentiometer. The equivalent value 
of ac, as measured by ammeter A, is maintained for 
ac measurement. Maximum errors of 0. 1-0.2% are 
obtained, depending upon the accuracy of the am- 
meter and sensitivity of the galvanometer. 

Tinsley-Gall ac polar potantiometar. Shown in 
Fig. 6, this potentiometer measures the unknown 
emf by measurement of the in-phase and quadra- 
ture components in reference to a standard current. 
Two potentiometers are used, the currents in which 
are numerically equal but 90^ displaced in phase. 
The in-phase potentiometer is first standardized 



by closing switch Si to the left and adjusting'/^i for 
null reading of galvanometer G. Then 

= IlRg ( 3 ) 

Rff is preadjusted so that a definite current, usually 
50 milliamperes (ma), flows through the slidewire. 
The reading of the reflecting dynamometer is then 
observed. Alternating current from the in-phase 
source is then applied by diosure of switch Si to 
the right, and rheostat R 2 is adjusted to reproduce 
the 50-ma reading of the reflecting dynamometer. 
The quadrature potentiometer is now standardized 
by closure of S 2 in position 1, together with closure 
of contacts ab and cd. This series connects the 
quadrature slidewire through the vibration galva- 
nometer and the in-phase slidewire to the secondary 
of mutual inductor JII in which an emf 

Rm ■■ j<aMl2 

is generated. Reversing switches S3 and S4 ste 
connected so that the voltage drops ei and ea 
opposed. The in-phase slidewire is set to a prede- 
termined value of induced voltage Em as deter- 
mined by the frequency and coefficient of mutual 
induction. The rheostat Rs is then adjusted for null 
indication of G, and 50 ma now flow through the 
quadrature slidewire. The transfer switch Sa ** 
changed to position 2, cutting out the mutual iu* 
ductor and series connecting the slidewire switcheB 
S2 and Ss, as well as the vibration galvanometer to 
the unknown voltage F«. The apparatus is ^ 
ready for measurement of the quadrature 
nents of the unknown voltage. AU^opr 
may be eiplm^ed by use of reversing 
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and S 4 . This potentiometer, for best results, re- 
quires a very stable ac power supply consisting of 
two single-phase alternators with adjustable sta- 
tors. It is used especially for such specialized lab- 
oratory procedures as instrument-transformer ratio, 
phase-angle determination, and ac cable testing. 


1 


Pig. 4. Elementary constant-resistance potentiometer 
circuit. (From /. F. Kinnard, Applied Electrical Meas- 
urements, Wiley, 1956) 


Fig. 5. Drysdaie ac potentiometer circuit. (From /. F. 
Kinnard, Applied Electrical Measurements, Wiley, 
1956) 


twitch $2 



Pi9| 6. Tinsley-GoU ac potemtlpmelar circoH. (From 
* Kintmtd, Appf/od Shctrlcot WUey, 

J9$6} 


For other methods of voltage measurement, see 
Voltmeter. [a.j.c.] 

Bibliography I I. F. Kinnard, Applied Electrical 
Measurements^ 1956. 

Pottery 

Vessels made entirely or partly of clay, and fired 
to a strong, hard product; occasionally, the term 
refers to just the lower grades of such ware. Alter- 
natively, it refers to the manufacturing plant at 
which such ware is made. An older meaning is the 
art of making such ware; in this use it becomes 
synonymous with the older definition of ceramics 
{see Ceramic technology). Pottery may be glazed 
or unglazed (see Glazing). 

Grades of pottery are distinguished by their 
color, strength, absorption (the weight of water 
soaked up when the piece is submerged, expressed 
as a percentage of the original weight), and trans- 
lucency (ability to pass light). All these properties 
refer to the material or **body** under any glaze 
present. See Porcelain. 

China is white in color, strong, has less than 2% 
absorption, is always glazed, and is translucent in 
thin ware. Special types are bone china, containing 
phosphates from calcined bones as a fluxing ma- 
terial; hotel china, made extra-thick for maximum 
strength and therefore not translucent; frit china 
(also called frit porcelain), containing ground 
glass to give a translucent body maturing at a mod- 
erate firing temperature. 

Stoneware has a cream or brown color, high 
strength, 0-5% absorption, and no translucency ; 
it is often unglazed. Chemical ware is an example. 

Earthenware (sometimes known as semivitreous 
china) is white or ivory, has less strength than 
china or porcelain, 3-10% absorption, and no trans- 
lucency; it is usually glazed. Most everyday table- 
ware is of this type. Faience is a special type with 
a soft, porous, red or yellow body covered by an 
opaque glaze. Majolica ware is a type having over 
15% absorption and an opaque glaze over a rela- 
tively weak or gray body. 

Other special types of pottery are Parian ware, a 
body with a high flux content, usually unglazed, 
which fires to a smooth, marblelike finish, and terra 
cotta, a yellow, red, or brown earthenware with no 
glaze, used for art sculpture, and similar purposes. 

The firing of glazed ware is usually done in two 
steps; first the unglazed body is fired to give it 
strength, and then after the glaze is applied, h is 
refired at a lower temperature (except porcelains, 
where the second firing is at a higher temperature). 

Absorption is determined by the presence of open 
pores or voids in the fired material into which water 
can penetrate; in general, the hi|^er the firing t^on- 
perature, the lower the absorption. Body colof is 
determined mainly by raw-material purity. Strei^pb 
depends on the porosity and also on the amount ind 
type of glass and crystals developed in the bod^ on 
firing. Translucesicy is obtained iq products in 
which there is low porosHy^ and Hllle diftsspi^ In 
htdex of ]Mrtwee| the gibgi imd>^ 

jii\die- body#. See 








Potliiriw 

An order of mosses* Bryologists are not in accord 
with regard to some of the families which have been 
classified in this order. The genera of mosses com- 
monly considered in this order are numerous. They 
differ so strongly in some characteristics that it 
is difficult to include all of them in one descrip- 
tion. 

The plants vary in height from minute (up to 
5 mm) to large (up to 10 cm), growing mostly in 
sods or tufts but occasionally scattered. The stems 
are erect, simple, or with dichotomous or fascicu- 
late branching. The leaves are crowded, in several 
rows, and rarely 3-ranked. They vary in shape, but 
the majority are lanceolate to broadly ovate or 
obovate. The costa is strong, mostly percurrent or 
excurrent. The upper cells of the leaves are usually 
small, with thick, slightly to densely papillose 
walls. 

The calyptra in Pottiales is cucullate. The erect 
seta varies from very short to elongate. Though the 
capsule is usually peristomate, it is cleistocarpous 
or gymnostomous in some species. The operculum 



(a)'"’ 

Tortula rurahs. (a) Entire plant, (b) Leaf, (c) Urn with 
calyptra. (d) Peristome. (From W. H. Welch, Mosses of 
Indiana, Ind. Dept Consent., 1957) 

and peristome are present in some species of this 
order and absent in others. The peristome, when 
present, is composed usually of 16 teeth, although 
S2 are present in some species. The teeth are 
papillose, straight or spirally twisted, entire or 
cleft into 2-3 filiform divisions. In some species 
basal membrane occurs at the base of the peri- 
stome. See Musci. [w.h.w.] 

Poultry production 

The production of poultry embraces all phases in 
the life cycle of chickens, turkeys, ducks, and geese, 
but does not include game and other wild birds. The 
life cycle includes the incubation of the eggs, the 
growing of tibe stock for either meat- or egg-pro- 
diiction, the egg-laying phase, and the bree^g 
stage, when fertile eggs are produced for incnbd^ 


tion. The subject will be discussed with particular 
reference to chickens, followed by a general discus* 
sion of turkeys, ducks, and geese. 

Incubation. The practice of hatching eggs by 
artificial means rather than by the use of the hen 
dates back to the days of ancient Egypt, As a sci- 
ence, it has been developed primarily since the 
start of the twentieth century. The modern incuba- 
tor is a scientific piece of equipment designed to 
give the developing embryo an ideal environment 
with automatic control of temperature and humid- 
ity, and to include labor-saving and safety-control 
devices. , 

The temperature required for incubation is 
99.75 ®F. Variations of a degree or more from this 
optimum level will delay or advance the number of 
hours required for the chick to hatch. Uniformity 
of temperature is important to maintain a hatch- 
ing schedule with eggs to go into the incubator at 
a specified time and the resulting chicks to be re- 
moved and shipped also at a prescribed time. 
Forced circulation of air around the eggs by the 
use of fans ensures an even distribution of the 
heat whether it be from electric coils, hot water 
pipes, or other sources. Thermostatic controls 
maintain the desired temperature. 

Next in importance to heat control comes humid- 
ity regulation, the purpose of which is to conserve 
the moisture within the egg, yet permit some evap- 
oration. Otherwise the pmbryo may drown. See Egg 
(fowl). The requirements are not so exacting as 
those for temperature, a 60% relative humidity is 
satisfactory until the time of actual hatching, when 
it should be raised to 70%. 

Providing ventilation to an incubator, thereby en- 
suring sufficient oxygen, is still a matter of judg- 
ment rather than scientific control. Most incubators 
have a manual control which is set to give sufficient 
ventilation when the machines are located in a 
warm, well-ventilated room. The room itself must 
receive serious consideration and be designed to 
maintain uniform conditions regardless of outside 
weather changes. Ventilation within the incubator 
is of greatest importance when the chicks are 
hatching and for a few hours following the hatch 
when they arc drying off. Suffocation may easily oc- 
cur with inadequate ventilation at this time. Be- 
cause of the special requirements when the chicks 
are actually hatching, most incubators are designed 
to operate in two sections, one to hold the eggs for 
the first 18 days and the other as strictly a hatch- 
ing compartment. 

It is necessary to turn the eggs every 4 or 6 
hours until the embryos are about ready to hatch. 
This prevents the embryo from adhering to the 
shell membranes. Automatic devices are timed to 
take care of this chore. Except for inspection to see 
that the equipment ii functioning properly, an 
incubator does not require any measure of human 
control from the time the eggs are set until the 
eighteenth day of incubation. ^ 

The normal hatching expectancy is 86-90 ehioks 
from each 100 eggs set. The num^r iraries Witb^- 
efficiency of operation of the incubator, the v 



jty of the eggs, the season of the year, the diet and 
age of the breeding stock, and the length of time 
and environmental conditions under which the 
hatching eggs were held before being placed in the 
incubator. 

Fertility of eggs generally will exceed 90%, but 
may be adversely affected if the male birds are sick, 
fight too much, become chilled, suffer from frozen 
combs or wattles, or are genetically inferior in 
breeding quality. 

The season of the year affects hatchability of 
eggs more or less indirectly. Hatches may be poor 
in the fall when chickens normally molt, but a flock 
of young pullets that is not molting will produce 
hatching eggs of high quality at this season. Exces- 
sively hot or cold weather may adversely affect the 
hatching. 

Age of breeding stock is a factor in the results 
obtained. Both the fertility of the eggs and the ac- 
tual hatching of the fertile eggs decreases with ad- 
vancing age of the stock. 

The conditions under which eggs are held prior 
to incubation are important. In principle, eggs 
should he placed under incubation within 3 days 
after they are laid, but the life of the embryo may 
be maintained for a period of 10-20 days if the 
eggs are stored properly. The holding temperature 
must not exceed 63° F, and the humidity of the hold- 
ing room should exceed 70%. Any undue loss of 
moisture from within the egg will he detrimental. 
The eggs will also need to he turned twice daily if 
held more than 1 week, in order to keep the yolk 
from adhering to the shell membranes. 

The diet of the breeding hens must be complete 
in the nutrient factors required for the growth of 
the embryo. The vitamin requirements need partic- 
ular attention. Hens will produce eggs on a diet 
quite inadequate for growth and such eggs will 
give low results when incubated. Finally, the breed- 
ing stock must be free of any diseases transmitted 
through the egg, such as pullorum disease (.see 
Salmonella). Fortunately, the adult stock affected 
with this disease may be subjected to a blood test 
and carrier birds removed. Other diseases that 
lower the vitality of the stock affect the hatching 
of the eggs as will various parasites, both external 
and internal (see Cestoda; Mallophaca; Nema- 
toda; Trematoda). 

Baby chick industry. Following the hatching of 
the eggs, there is a lapse of 3-5 days when the 
young chicks do not necessarily require feed or wa- 
ter. The yolk of the egg is drawn directly into the 
body cavity of the embryo at about the time the 
shell is broken and the chick prepares to emerge. 
This provides food for the new chick for a few 
days after hatching, a wise provision of nature to 
take care of the chick under adverse conditions. 
Man takes advantage of this protection period and 
uses this time to transport the chicks to all parts 
of the world. The commercial shipping of chicks 
stalled in the early part of this century and has 
a(%anoed until millions of chicks are now hatched 
and shipped weekly. Many farmers no longer have 
any connection with the incubation of chicks; tkny 
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simply place their orders and receive the chicks 
when they want them. This development has made 
it possible for breeding operations to be more cen- 
tralized with consequent improvement in the grade 
of chicks produced. In addition it has resulted in 
the growth of large farms requiring thousands of 
chicks at one time, an impossibility when the 
farmer had to depend on his own breeding flock 
to secure his supply of hatching eggs. Without the 
hatchery to produce chicks as needed, the com- 
mercial poultry industry as it exists today would 
be unknown. 

Brooding. The brooding of chicks under artifi- 
cial conditions dates back to the late 1800s when 
coal- and oil-burning stoves were used to furnish 
heat for brooding purposes. Many of these stoves 
have not changed much in design for more than 50 
years which suggests that little advance has been 
made in the science of brooding. Electric and gas- 
burning stoves have been developed as well as large 
central heating systems which use either hot wa- 
ter or hot air, hut the brooding of chicks in large 
units has not been too successful because of dis- 
ease hazards. Batteries of wire cages have at times 
been used, but these also have not been too success- 
ful except for experimental groups where small 
numbers are kept. Although some farms may brood 
several hundred thousand chicks at one time, these 
chicks usually are started in small groups of 300- 
500 each. 

The temperature requirement for baby chicks is 
90° F for the first week, after which the tempera- 
ture may he reduced 5 degrees weekly until the 
chicks are 6 weeks old. At that age they should be 
well feathered and able to withstand moderate tem- 
peratures above freezing providing they are pro- 
tected from wind and rain. 

In the brooding of chicks, human judgment is 
necessary in daily care of the stock. In climates 
or seasons where there are wide variations in d^y 
and night temperatures, the caretaker must assume 
more responsibility for the care and management 
of the chick^'No mechanical device can meet the 
situation. Overcrowding, overheating, or chilling, 
even for a few hours, can have very serious results. 

Because chicks pick at anything in sight for the 
first few days after they hatch, the litter used to 
cover the floor must be something that will not be 
injurious. Sand has proved successful, but other 
materials, such as cut straw, wood shavings, peat 
moss, oat hulls, peanut shells, or most any nonpoi- 
sonous but moisture-absorbent product, may be 
used provided it is covered for the first few days 
with paper to prevent the chicks from eating it. 
The paper in turn may serve as a place to feed 
the chicks for the first 5 days or until they learn 
where the regular feed hoppers are located. Water 
also is a problem for the first few days because tke 
chicks must learn where the water is located. In 
general the practice is to have 2 or 3 small con- 
tainers for each group of chicks until they learn 
the location of the pefmaneiit water supply. 

Diat. For the first few weoks of their Bvee, bn^ 
diicks should be giv^ i dHto that is coin|)3e|f 
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NutrlMH wfuliwnwntt for ehlelionf in porcontafo 
or omount pm pound of food 



Starting 

ohickeoa 

0-8 

weeks 

Growing 

chiokeoB 

8-18 

weeks 

Laying 

hens 

Breeding 

hens 

Total protein, % 

20 

16 

15 

15 

Vitamins 

ViUimio A aotivity, USP 
anils 

1200 

1200 

2000 

2000 

VHamin D, ICU 

90 

90 

225 

225 

Thiamine, mg 

0.8 

? 

P 

P 

BIboflavin, nig ' 

1.3 

0.8 

1.0 

1.7 

Pantothenio acid, mg 

4.2 

4.2 

2.1 

4.2 

Niacin, mg 

12 

? 

P 

P 

Pyricioirine, mg 

1.3 

> 

1.3 

1.3 

Biotin, mg 

0.04 

? 

P 

P 

Choline, mg 

600 

P 

P ■ 

P 

Folacin, mg 

0.25 

P 

0.11 

0.16 

Minerals 

Calcium. % 

1.0 

1.0 

2 25 

2.25 

Phosphorus, % 

06 

0.6 

0.6 

0.6 

Salt, % 

0.5 

0.5 

0.5 

0.5 

Potassium. % 

0.2 

0.16 

P 

P 

Manganese, mg 

25 

P 

P 

15 

Iodine, mg 

0.5 

0.2 

0.2 

0.5 

Magnesium, mg 

220 

P 

P 

P 


roubck: Natl. Acad. Soi.~Natl. Rcaearch Council. Nutrient Re- 
quiremenU for Poultry, Piibl. 301, January. 1954. lISP, U.S. 
Pharmacopeia; ICU, International clinical unite. 


all the needed proteina, minerals, and vitamins. The 
requirements in this re.spect have been fairly well 
established^ more research having been done on the 
diet of baby chicks than on any other phase of 
the poultry business. The recommended allowances 
for the various components of the diet are shown 
in the table. Feed ingredients which supply the 
needed nutrients when mixed together in a ground 
form are known as mash and this is fed to the 
chicks as soon as possible after they are hatched. 
The amount of feed is not limited in any manner. 
Along with it, the chicks are fed a hard insoluble 
grit, such as granite, on the supposition that it aids 
in the utilization of the mash. Proof of this is not 
definite, however. Sometimes the mash is com- 
pressed into pellet form and fed in that manner, or 
the pellets may be reground to a crumbly consist- 
ency. The object in producing the pellet or its 
crumbly form is to improve the physical condition 
of the feed and thus to encourage a greater intake. 
Some feeding materials that in themselves are not 
palatable to chicks may be used to advantage if 
prepared in pellet form. 

Before sufficient knowledge had been gained to 
mix a complete feed for chicks, the practice was 
to have chicks get out in the sunshine with a sup- 
ply of grass available. Milk was used instead of wa- 
ter, and grains were fed in place of mash. Today 
research specialists in both the agricultural ex- 
periment stations and the feed industry ensure de- 
livery of just what the chicks require for rapid 
growth and good health. The. fatmer^s obligation is 
to see that the feed is placed before the chicks. 
Sven that is purely mechanical because the feed 
is delivered in imlk and is stored in bins from 
nvhkdt it moves dire«itly into automatic feeders that 
Tvn throughout the poultry house. Science has 


made it possible for one man to take care of 20- 
000 or more chicks because the operations are 
mostly mechanical. Before all this could come 
about, the nutritive requirements had to be known 
so that the feeding could be as accurate and sim- 
plified as is now possible. 

For young chickens to be sold for broiling or fry. 
ing purposes, the diet remains the same as used for 
baby chicks. However, if the purpose in rearing is 
to produce pullets that are to be used later for egg 
production, the diet is changed at about the age of 
8 weeks. Growth in chickens tends to divide itself 
into two periods. The first consists of a constantly 
increasing rate of gain in weight, week by week, 
the second by a constantly decreasing rate of gain 
in weight week by week. In chickens rae break be- 
tween the two periods comes at the age of about 8 
weeks, although diet, temperature, breeding, and 
disease will tend to alter this to some extent. There- 
fore, starting at the age of 8 weeks, growing pul- 
lets are fed diets that are lower in protein as well 
as some of the other nutrients, as indicated in the 
table. Under practical field conditions, the changes 
are more radical than indicated in the table be- 
cause vitamin D is not needed in the feed when 
the chickens have access to direct sunshine. Also, 
some of the other vitamin requirements may be met 
by having the young pullets on a good green range, 
and the diet may be altered accordingly. When the 
stock is being reared indoors or at a season when 
range facilities are unsatisfactory, the feed must be 
complete or the pullet^^ill become unhealthy and 
growth will be stunted. 

Egg production. The period of egg production 
is marked by a normal increase in the rate of lav 
from the time the first eggs are produced until the 
flock reaches a peak of 70-80% production, that is, 
70-80 eggs from 100 pullets daily. This level gen- 
erally is reached by the time the pullets are 8 
months old. The production level will then gradu- 
ally decline, and the peak will never again be 
reached in the life of the birds. Usually a complete 
feather molt occurs after egg production has con- 
tinued for a year and, during this molting period, 
the rate of lay may be as low as 10%. After 
new feathers have been grown, egg laying is re- 
sumed for another year. This process is repeated 
year after year during the lifetime of the fowl, with 
a gradual decline in rate of egg production each 
succeeding year. 

Several factors have effect on the egg-laying be- 
havior of a flock of chickens. These include diet, 
environmental conditions, health and genetic con- 
stitution (see Genetics). 

After a suitable mixture of feeding materials has 
been established to meet the requirements, the re- 
sulting feed is fed in either mash, pellet, or cruiO' 
ble form as indicated for chicks, usually by the use 
of automatic feeders. On farms where grain is 
grown, a portion ofH:he diet may be supplied in 
whole grains, and thus the coat of the fe^ is 
duced. Because grains are primarily a source of ^ 
ergy and are deficient in protein^ mineraJaf ap4 



minB, a mash to supplement grain must be more 
concentrated in these factors than otherwise would 
be necessary. Commercial egg production is becom- 
ing more and more a speciality and the use of 
home-grown grains is fast losing its popularity. As 
was indicated in the case of incubation and the 
growing of chicks^ the farmer no longer needs to 
have the technical knowledge to feed a flock of lay- 
ing birds properly. He must see that the machinery 
functions, leaving the more technical problems to 
the hatcheryman and the feed dealer. 

Health. Diseases of poultry have plagued the in- 
dustry at all times and still present a problem, but 
the emphasis is now directed toward prevention of 
disease and maintenance of health, rather than ob- 
taining a cure for a specifio disease. An adult hen 
that is to perform economically as a producer of 
eggs must be a healthy individual. She must be 
reared free of parasites and not be retarded in 
growth by undue exposure to disease. Mortality in 
young stock has been brought fairly well under 
control by the virtual elimination of pullorum dis- 
ease through blood testing of the parent stock, use 
of drugs to keep coccidiosis under control, vaccina- 
tion for Newcastle disease, laryngotracheitis, and 
fowl pox, and feeding antibiotics to give greater re- 
sistance to other infections {see Antibiotic; Coc- 
cidia; Newcastle disease). Parasites may be kept 
under control by the judicious use of drugs and 
chemicals at the proper time, coupled with manage- 
ment practices that aid in keeping the incidence of 
infestation at a low level. Breeding for health and 
low mortality has taken on new significance and 
strains of chickens are available that have demon- 
strated resistance to disease. There are some dis- 
eases still to be investigated, chiefly those dealing 
with what is termed the “leukemia complex” or 
leucosis, resulting in paralysis and total disability. 

Environmental problems. The effect of the en- 
vironment on the behavior of chickens is in need 
of much research, because it includes the problems 
of controlling the hours and intensity of light, the 
temperature, humidity, ventilation, and floor space 
as they affect health and egg production. Density 
of the population is another factor. Light has been 
the subject of considerable study and egg produc- 
tion is known to be retarded if chickens are sub- 
jected to less than 12 hours of light daily. However, 
growing-stock does not show a similar response in 
relationship to growth rate. Optimum temperature 
for egg production has not been established, but 
chickens seem quite adjustable in this respect and 
able to perform satisfactorily in a wide range of 
temperature after they become acclimated. Humid- 
ity and ventilation requirements are still highly 
controversial. In this general area of knowledge 
there is urgent need for information regarding the 
physiology of the fowl which must bq understood 
before the real effect of the environment can be 
propterly determined. 

Heredity. Although research haa done much to 
advance knowledge of the nutritional needs of the 
chicken and has permitted the control of many dis- 


eases, the genetic constitution of a fowl is highly 
important as well. Fortunately, geneticists have 
been working in this field, and there are now 
chickens that can grow rapidly and produce eggs 
at high rates when they are properly fed and man- 
aged. The crossing of breeds has resulted in marked 
improvement in the development of broilers and 
meat chickens. The dominance of certain desirable 
traits, such as the inheritance of silver plumage, 
has enabled the broiler grower to use males with 
this characteristic to produce offspring with light- 
colored feathers desired by the market. Sex of the 
chicks may be determined by the color of the down 
when the chicks hatch or by other markings, and 
the sexing of chicks by physical examination has 
replaced the practice of using different breeds to 
take advantage of known inherited sex differences. 

Inheritance of egg-production qualities has 
proved to be a complicated problem. Starting orig- 
inally with the use of males pedigreed from high- 
production hens, many flocks over the past 40 years 
have been brought to levels of production ranging 
from 200-225 eggs per bird per year. Considering ^ 
that production in the farm flocks originally was 
about 150 eggs per bird, the advance has been well 
worth while. However, a plateau of egg production 
developed within strains after the use of pedigreed 
males over several generations, and it was not until 
strains were crossed that further improvement 
took place. Intensive inbreeding of different strains 
within the breed, followed by crossing, has brought 
about an increase in production up to levels exceed- 
ing 250 eggs per bird. This trend has had a tend- 
ency to place the breeding operations in the hands 
of a relatively few individuals or companies, be- 
cause so many birds must be kept and tested fdr 
their ability to show improvement when crossed, 
that it is an expensive operation. The actual farm 
operator of the future will depend entirely on an 
outside organization to breed the type of chickens 
desired, and he will be responsible for only the 
physical care of the stock. 

Marketing. The advent of the chain store system 
in merchandising brought with it a demand for 
large quantities of poultry products of uniform 
grade and quality. These were difficult to obtain 
when each farmer followed his own inclinations. As 
a result, poultry products are being produced and 
marketed under what is termed “integration,” a sys- 
tem whereby the producer agrees to market his 
product through a prescribed channel with chicks 
from a definite source and fed a diet designed to 
give the best in quality. In some instances coopera- 
tive associations are serving the same purpose and 
give the farmer an element of control. The individ- 
ual producer desiring to market products through 
private channels rather than an integrated system 
must keep the quality of His products at a peak 
level; otherwise the outlets will be greatly re- 
stricted. In particiiliv, egg quality needs to be 
stressed because freidiness is lost rapid^ unless 
eggs ore kept under refrigeration from tht time 
they are laid until they reach the consumer. 
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EoMfloniict* Science has made the production of 
poultry and eggs a relatively simple matter in so 
far as the fanner or actual producer is concerned. 
Large-scale operations with thousands of birds now 
exist and, under improving management, the cost 
of production per unit of output is being brought 
lower and lower. This advantage in turn is passed 
on to the consumer who purchases poultry products 
in competition with other foods of equal nutritive 
value. With the price advantage in favor of poultry 
products, the outlook for the future seems good. 

Turkeys, decks, and geese. The general prin- 
ciples underlying the care of chickens apply 
equally well to turkeys, ducks, and geese even 
though the scientific requirements for these other 
species have not been so thoroughly determined. 
However, research in nutrition and disease control 
is progressing^ rapidly with some attention being 
given to genetics. Because turkeys, ducks, and 
geese are reared for the production of meat, they 
come into direct price competition with broilers 
and other meat products of the chicken. In due 
course and with sufficient research, there is every 
reason to believe that many of the advantages now 
enjoyed by the producer of chickens will be equally 
Available to the farmer interested in turkeys, ducks, 
or geese, and that these species will be as commer- 
cialized as the chicken. See Chicken; Duck; 
Goose; Turkey; 5ee also Ecc processing; Em- 
bryology; Ovum; Reproduction, animal. 

[C.S.PL.] 

Bibliography: See Agricultural science (ani- 
mal). 

Pound 

A unit of mass in the English absolute system of 
units; also, a unit of force in the English gravita- 
tional system. The British standard of mass is the 
British Imperial Pound, of which a standard is 
preserved by the government. The United States 
standard mass is the avoirdupois pound, defined 
as the gravitational attraction, or weight, of 
1/2.204622 kilogram. 

A one-pound force is the weight of the British 
Imperial Pound at a standard location, that is, at 
any point where the acceleration of gravity is 
32.174 ft/sec^. In terms of Newton’s second law, 
there is a derived unit of mass, the slug, which is 
that mass to which a force equal to the standard 
pound will impart 1 ft/sec- acceleration. A one- 
pound force is equal to 4.4482 newton, and pro- 
duces an acceleration of 32.174 ft/sec^ when acting 
on a one-pound mass. See Force; Mass; Measure; 
Units, systems of; Weight. [l.n.] 

Poundal 

A unit of force in the British absolute system of 
units. One poundal is the force which will impart 
to the British Imperial Pound mass an acceleration 
of 1 ft/sec®. The foot is 1/3 of the Imperial Stand- 
ard Yard. One poundal is 0.13825 newton. See 
Force. [c.e.p.] 


Pour point 

The lowest temperature at which an oil will pour 
when cooled under prescribed test conditions. Be- 
cause petroleum oils are complex mixtures which 
become plastic solids when cooled, several solidifi- 
cation temperatures are used, each defined by a 
definite test procedure. The cloud point is the tem- 
perature at which a solid phase separates from 
solution. For a grease, the dropping point is the 
temperature at which the plastic solid becomes 
sufficiently fluid to flow through an orifice. For 
waxes, the melting point is the temperature at 
which the material becomes fluid enough to drop 
from the test thermometer; the congealing point 
is the temperature at which a sample Getting the 
thermometer appears to congeal and hence rotate 
with the thermometer. See Oil analysis, [m.so.] 

Powder metallurgy 

A process of the metallurgy industry involved with 
the production of finely comminuted metal powders, 
and of metal objects directly from these powders. 

The products are usually finished parts such as 
gears or cams. The technique employed consists es- 
sentially of subjecting the metal powders to pres- 
sure and heat. The heat treatment, called sintering, 
is performed at some temperature below the fusion 
point of the main constituents of the products. In- 
stead of pure metal powders, alloy powders may be 
used singly or as mixtures. Also, metal powders 
may be used in mixtiireywitb metallic compounds 
or nonmetallic components. Powder metallurgy 
thus permits the production of metallic, or metal- 
like, bodies of many shapes without the use of or- 
thodox metallurgy practices such as melting and 
casting. 

Industrial applications. Since many refractory 
metals have such high melting points that conven- 
tional melting and casting is difficult, powder met- 
allurgy is the ideal method of producing such prod- 
ucts as tungsten for filaments. Metal combinations 
in which the characteristics of each constituent are 
retained are of particular interest for certain elec- 
trical applications, and they can be produced by 
powder metallurgy methods. For instance, heavy- 
duty electrical contacts and welding electrodes 
combine a skeleton of refractory metal, highly re- 
sistant to abrasion and arcing, with a second metal 
of low melting point and high conductivity. Alloy- 
ing between the constituents is negligible so that 
the original properties of the individual metals are 
preserved. 

Other examples are the manufacture of cemented 
carbide high-speed cutting tools, cermets, and dis- 
persion alloys. Cermets consist of a predominant 
nonmetallic, or ceramic, constituent and a metallic 
binder phase. Dispersion allqya , contain minute non- 
metallic particles dispersed in a metallic matrix. 
They find important applications in nuclear reactor 
components such as fuel elements, which consist of 
combinations of uranium oxide and binder metaK 




Fig. 1. Assortment of structural powder metallurgy 
parts of complex shape. iMefal Powder Industries 
federation) 

and control or moderator elements, which contain 
fine dispersions of boron and other neutron-captur- 
ing elements in aluminum, stainless steel, or zirco- 
nium matrix metals. 5ce Cekmet. 

Of great interest is the production of small metal 
parts such as gears, cams, and other components 
for machines and instruments requiring closely 
controlled dimensions and properties. These parts 
can often he produced at lower cost by powder 
metallurgy than by other methods of shaping met- 
als. The parts may be steel, brass, or alloys of iron 
with copper, nickel, or chromium. 

The development of metallic bodies of closely 
rontrolled poro.sity has made possible so-called self- 
lubricating bronze and iron-base bearings, which 
are initially impregnated with oil and used in 
places which are inaccessible to external lubrica- 
tion. Porous metal is also used effectively in oil- 
pump gears, metal filters, and diaphragms. 



2. Preis tools and sections of brass-infiltrated 
iron part shown in foreground. Tools inclyde upper 
Punch (left), die (center), lower punch (right) and 
core rod (lower right). The thin brass Infiltrant blanks 
Slower center) ore compacted with the same tools. 
(Metal Powder Industries federation) 


Current collector brushes in electrical machinery 
are laminated metal powder products. Copper-lead 
bearings whose constituents are not miscible in the 
liquid or solid state are typical of metal powder al- 
loys of unusual compositions. Other applications of 
metal powders include dental alloys, chemical 
reagents, catalysts, explosives and pyrotechnics, 
solders, brazing agents, coatings, cement additives, 
pigments, and flame cutting agents. 

Powder sources, production, characteristics. 
Virtually all metals and metalloids, and many of 
their alloys and compounds, are available in pow- 
der form. They may be obtained from ores, salts, 
and other compounds or from bulk metals and al- 
loys. The methods of production may be classified 
into mechanical, physical, chemical, and electrical 
processes. They include crushing, milling, machin- 
ing, graining, atomizing, condensation, reduction, 
precipitation, displacement, electrodeposition, dif- 
fusion alloying, and alloy disintegration. The char- 
acteristics of the powders depend to a great extent 
upon the specific manufacturing process. The size 
of the individual particles can be made to vary 
over a wide range, from granules of Mn in. and 
coarser, down to near colloidal size, perhaps less 
than 1 micron in diameter. Concomitant with a de- 
crease in size, the cumulative surface area of the 
particles increases rapidly to very large dimen- 
sions. This has an extremely important bearing on 
the properties of the powder, its behavior during 
processing into .solid bodies, and the ultimate prop- 
erties of these products. Another factor affecting 
the processing behavior and final properties is the 
shape of the individual particles. This, too, depends 
on the method of producing the powder. Particles 
oi mechanically comminuted powders are generally 
solid in structure, angular in form, and may be 
equiaxed, elongated, or flaked in shape. Particles of 
physically produced powders are also generally 
solid in structure but mostly spheroidal in shape. 
Particles of chemically produced powders are al- 
ways porous, often very light and fluffy, and usually 
consist of a multitude of individual crystallites. 
Electrolytic powder particles vary in shape and size 
depending on the process used. Fused salt electro!- 
y.s]s produces particles resembling those obtained 
by the chemical processes because they require 
chemical after-treatment for removal of salt resi- 
dues and for reduction. Aqueous solution electroly- 
sis produces either solid angular monocrystalline 
particles resulting from the mechanical comminu- 
tion of brittle cathode deposits, or leafy dendritic 
aggregates of crystallites from direct electrolytic 
deposits.^ 

Some metal powders can be produced by only 
one of tfiese methods, limiting their properties to 
those peculiar to that method. Most industrially im- 
portant metals can be produced in powder form by 
more than one method, thus permitting selection of 
the powder with the most suitable charactmstics 
for the specific end product. Brass powdelrs are 
produced exclusively b^ atomization, but copper 
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Fig. 3. Flow chart for fabrication of parts by powder 
metoilurgy. iMePat Powder Industries Federation) 


powders are produced by chemical precipitation, 
reduction, and electrolysis. Stainless steel powders 
can be produced effectively only by chemical dis- 
integration of a specially prepared sheet metal, but 
iron powder can be produced by atomization, reac- 
tion with solid or gaseous reducing agents, electrol- 
ysis, or decomposition of iron carbonyl. 

Powdgr conditioning and processing technique. 
The powdered raw materials are cleaned, dry 
stored, and tested. Usually they are mixed with lu- 
bricating agents to facilitate pressing. Very brittle 
metal, or compound, powders require careful ad- 
mixing of organic binders to improve coherency 
during and after compaction. Powders for alloys or 
composite structures are prepared by blending de- 
sired proportions of the ingredients. This blend- 
ing operation is carried out under various condi- 
tions and usually with dry powders. Often blending 
is combined with ball milling. Precautions must be 
taken to prevent contamination, deterioration, or 
ignition of the powders during storage, handling, or 
blending. 

Most commonly, the powders are pressed to form 
coherent masses and the resulting compacts are 
sintered. The pressing operation is generally car- 
ried out at ambient, but sometimes elevated, tem- 
peratures. The powders are confined in closed dies, 
and heavy hydraulic or quick-acting mechanical 
lakdeting presses provide the compacting force. 


Rolling of powders into strips is another method of 
compaction. In special cases, such as the manufac- 
ture of porous filters, compression o! the powder 
prior to sintering is omitted entirely. Molds that 
allow for shrinkage are used either before or dur- 
ing sintering to impart the desired shape to the 
powder mass. When pressing is done at sufficiently 
elevated temperatures, the sintering operation 
takes place under pressure. The application of heat 
during or after the compression of the powder pro- 
duces a structure with physical properties compara- 
ble to those of similar materials obtained by fusion. 
The sintered structure, however, possesses a fine 
porosity which has an adverse effect mainly on duc- 
tility. The porosity results from incoii^plete densifi- 
cation during compression and from Igas evolution 
during heating. It cannot be completely eliminated 
by the sintering phenomena of diffusion, recrystal- 
lization, grain growth, and shrinkage. 

Although the properties of the object after sin- 
tering are frequently adequate for the finished 
product, it is sometimes necessary to improve them 
by further operations, such as additional cold or 
hot compression, metal working, heat-treatments, 
or the impregnation of the pores with a lower-melt- 
ing metal. Certain other finishing steps may also be 
required, including machining, plating, buffing, 
sanding, grinding, or barrel tumbling. A number of 
applications require joining operations. Brazing, 
soldering, or welding of these parts onto other 
metal bases is common practice in the hard metal 
and refractory metal imdustries. Finishing and join- 
ing operations must frequently be adapted to the 
specific properties of these articles. Thus, care 
must be taken in. machining because of the porosity. 
Plating methods must be adjusted to prevent corro- 
sion caused by the porosity, and special fluxes or 
inert or reducing gaseous media must be used to 
prevent excessive oxidation during brazing and 
welding at high temperatures. 

Critical evaluation. A comparison of powder 
metallurgy with more orthodox metallurgical meth- 
ods reveals the advantages and limitations of the 
method. This may well serve as a guide for the engi- 
neer and manufacturer confronted with the problem 
of selecting the most suitable production method 
for a particular job. 

Powder metallurgy does not make up a prepon- 
derant segment of the metallurgical industries. In 
spite of the accelerated growth of its different 
branches, powder metallurgy has remained a lim- 
ited and specialized field. The reasons for this are 
both economic and technical in nature. Powdered 
starting materials, with the exception of most iron 
powders, are more expensive than other raw mate- 
rials. Tools and djes must be durable, and usually 
return their cost only when many thousands of the 
same part are produced. Special tools ore required 
for the forming of complex shapes because the 
powder does not flow readily into lateral protru- 
sions. Powders of high specific volume require loug 
compression strokes, which in turn impose slow 



production rates. Also, the large surfaces of the 
powders are prone to excessive gas absorption, 
leading to brittleness of the end product. 

Yet powder metallurgy does have a potential for 
further expansion and development of new applica- 
tions. Beryllium products are made exclusively by 
powder metallurgy. Additional, and perhaps spec- 
tacular advances, may be expected in the electron- 
ics, nuclear, and rocket fields, where powder metal- 
lurgy dispersion alloys, refractory metals, and 
metal-ceramics with unusual properties are being 
developed. See Metallurgy; Sintering. [c.g.go.I 

Bibliography: C. G. Goetzel, Treatise on Powder 
Metallurgy, 3 vols., 1949-1952. 

Power 

The time rate of doing work. Like work, power is a 
scalar quantity, that is, a quantity which has mag- 
nitude but no direction. Some units often used for 
the measurement of power are the watt (1 joule of 
work per second) and the horsepower (550 foot- 
pounds of work per second). See Horsepower; 
Watt; Work. 

Usefulness of the concept. Power is a concept 
which can be used to describe the operation of any 
system or device in which a flow of energy occurs. 
In many problems of apparatus design, the power, 
rather than the total work to be done, determines 
the size of the component used. Any device can do 
a large amount of work by performing for a long 
lime at a low rate of power, that is, by doing 
work slowly. However, if a large amount of work 
must be done rapidly, a high-power device is 
needed. High-power machines are usually larger, 
more complicated, and more expensive than equip- 
ment which need operate only at low power. A mo- 
tor which must lift a certain weight will have to be 
larger and more powerful if it lifts the weight 
rapidly than if it raises it slowly. An electrical 
resistor must be large in size if it is to convert 
electrical energy into heat at a high rate without 
being damaged. 

Electrical power. The power P developed in a di- 
rect-current electric circuit \% P - VI where V is 
the applied potential difference and / is the cur- 
rent. The power is given in watts if V is in volts 
and / in amperes. In an alternating-current circuit, 
P ^ VI cos where V and I are the effective 
values of the voltage and current and 0 is the phase 
angle between the current and the voltage. See 
Alternating current. 

Powar in mechanics. Consider a force F which 
does work IV on a particle. Let the motion be re- 
stricted to one dimension, with the displacement 
in this dimension given by x. Then by definition the 
power at time t will be given by 

P « dIV/dt 

In this equation IV can be considered as a func- 
tion of either t or x. Treating JT as a function of x 
gives 


dt dx dt 

Now dx/dt represents the velocity v of the parti- 
cle, and dW /dx is equal to the force F, according 
to the definition of work. Thus 

P--Fv 

This often convenient expression for power can be 
generalized to three-dimensional motion. In this 
case, if ^ is the angle between the force F and the 
velocity v, which have magnitudes F and v, respec- 
tively, 

cos 0 

This equation expresses quantitatively the observa- 
tion that if a machine is to be powerful, it must 
run fast, exert a large force, or do both, [p.w.s.] 

Power amplifier 

The final stage in multistage amplifier circuits, 
such as audio amplifiers and radio transmitters, de- 
signed to deliver appreciable power to the load. 

Power amplifiers may be called upon to supply 
power ranging from a few watts in an audio ampli- 
fier to many thousands of watts in a radio trans- 
mitter. In audio amplifiers the load is usually the 
dynamic impedance presented to the amplifier by 
a loudspeaker, and the problem is to maximize the 
power delivered to the load over a wide range (A 
frequencies. The power amplifier in a radio trans- 
mitter operates over a relatively narrow range of 
frequencies with the load essentially a constant im- 
pedance. 

The mode of operation of power amplifiers is 
denoted by Class A, AB, B, and C. Class C opera- 
tion is limited to radio frequencies with a tuned 
load. The other classes may be used for audio and 
high-frequency operation. For discussion of the 
modes of operation, see Amplifier. 

Class A power amplifiers. Class A operation is 
used when the amount of power transferred to the 
load is relatively small, say, less than 10 watts. The 
amount of harmonic distortion introduced into 
the load voltage can be kept small by using tubes 
with nearly linear characteristics and restricting 
the range of operation to a small displacement from 
the operating point. This class of operation has 
relatively little use because the plate-circuit effi- 
ciency (the efficiency of a power amplifier) is low. 
The maximum possible efficiency is 50%. However, 
for the usual operating conditions and standard 
vacuu|p tubes, the efficiency is on the order of 10%. 
If the j>ower amplifier were required to deliver 10 
watts with 10% efficiency the tube would have to be 
capable of dissipating ap average power of 100 
watts. Furthermore, the power supply must be ca- 
pable of supplying the power dissipated as heat by 
the tube plus the useful poweor delivered to the 
load. This poses an unnecessary burden itpon the 
power supply. Other classes of operation have, a 
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higher plate*circuit efficiency and are therefore 
used for higher-power applications. 

CiaSi AB powar amplifier. An improvement in 
the plate-circuit efficiency can be had by using 
Class AB operation. However, while a Class A am- 
plifier can be operated single-ended (one output 
tube), a Class AB amplifier must be operated push- 
pull. In Class AB operation the tube current does 
not flow for the complete cycle of the input voltage. 
In a single-ended circuit this would introduce ex- 
cessive distortipn. See Push-pull amplifier. 

Class B oparation. This class is often used for 
the power amplifier in an audio amplifier. The am- 
plifier in this class must be a push-pull circuit. 
Theoretically, with ideal tubes, the Class B ampli- 
fier can have a plate-circuit efficiency of 78..S%; 
practically, the efficiency is on the order of 50%, 
an appreciable improvement over that of Class A 
operation. Another advantage of Class B push-pull 
operation is that the average currents of the two 
tubes flow in opposite directions through the pri- 
mary winding of the output transformer, resulting 
in no average magnetization of the core. This allows 
the use of smaller cores with savings in size and 
Jfeight. 

The load is transformer-coupled to the two tubes 
operating in push-pull. For maximum power trans- 
fer the dynamic load impedance presented to the 
amplifier should equal the conjugate of the output 
impedance of the amplifier when considered as an 
equivalent generator. In practice this is modified 
somewhat, because the harmonic distortion is de- 
pendent upon the dynamic resistance. The choice 
of this load is therefore determined by the amount 
of harmonic distortion that can be tolerated. 

The use of more sophisticated circuitry than that 
considered in an elementary presentation of a 
push-pull amplifier operating in Class B can pro- 
duce nearly distortionless power amplification. 
This is of prime importance in the final amplifier 
stages of a high-fidelity audio amplifier. 

Power amplifiers can operate in Class B 2 with an 
appreciable amount of grid current flowing for a 
small portion of the cycle of an input sinusoidal 
signal. This imposes additional requirements upon 
the driving circuit of the amplifier. If the equiva- 
lent circuit of the driver has too large an equiva- 
lent output impedance, the flow of grid current 
through this impedance will cause a distortion of 
the grid waveform. This problem is usually encoun- 
tered in the design of driver circuits for Class B 
amplifiers operating in the radio- frequency region. 
Audio operation is usually restricted to Class Bi 
operation, because the usual form of phase-invertor 
circuitry has a large output impedance. In radio- 
frequency operation the transformer phase inver- 
tor can be used with tuned circuitry and air-core or 
powdered-iron slug coils, because the operation is 
essentially at one frequency. 

CiMi C operation. Because the plate current 
flows tor less than one-half cycle of the input sinu- 
soidal signal, this class of operation is restricted to 


radio-frequency operation where a tuned load is 
employed. The load is usually the input impedance 
of an antenna or of an antenna matching network. 
The load voltage will be nearly sinusoidal, even 
though the current in the tube flows in pulses, be- 
cause of the relatively sharp tuning of the load. 
This phenomenon allows the amplification of large 
amounts of power at plate-circuit efficiencies as 
high as 80%. This is extremely important for ap- 
plications requiring delivery of large amounts of 
power to the load. 

The driving source must usually be called upon 
to deliver power to the grid circuit of the power 
amplifier, in many cases as much as 10% of the 
power delivered to the load. This requirement is 
not excessive. A Class B power amplimr can be 
used in the grid-driving circuit to obtain a quite 
efficient combination of driver and final amplifiers. 

Fh.f.k.] 

Bibliography: J. D. Ryder, Engineering Elec- 
tronics, 1957; S. Seely, Electron-Tube Circuits, 
2d ed., 1958. 

Power factor 

The ratio of watts average (or active) power to the 
apparent power of an alternating-current circuit 
(see Alternating-current circuit theory). By 
definition, and of general application, 

^ ^ - watts average power 

Power factor (pf) , 

rms volts X rms amperes 

which is the ratio of instfument readings. A watt- 
meter indicates average power and electrodyna- 
mometer or iron-vane instruments show rms voltage 
and current. For the steady-state ac circuit under 
sinusoidal voltage and current, pf = cos 6, where 
0 is the phase angle between the voltage and cur- 
rent. This definition is restricted to sine waves of 
the same frequency. See "Waveform, nonsinusoi- 
DAL for the more general case. [b.l.r.] 

Power plant 

A means for converting stored energy into work. 
Stationary power plants such as electric generating 
stations are located near sources of stored energy, 
such as coal fields or river dams, or are located 
near the places where the work is to be performed, 
as in cities or industrial sites. Mobile power plants 
for transportation service are located in vehicles, 
as the gasoline engines in automobiles and diesel 
locomotives for railroads. Power plants range in 
capacity from a fraction of a horsepower to 500,- 
000 kw in a single unit (Table 1). Large power 
plants are assembled on location from components 
made by different manufacturers. Smaller units are 
manufactured. 

Most power plants convert part of the stored raw 
energy of fossil fuels into kinetic energy of a spin- 
ning shaft. Some power plants harness nuclear en- 
ergy. For transportatiofi^ the plant may produce a 
propulsive jet instead of the rotary motion of a 
shah. Other sources of energy, such as winds, tidc»» 



Table 1. Representative design and performance data on power plants 


Type 

Unit size 
range, kw 

Fuel* 

Plant 
weight, 
lb Aw 

Plant 
volume, 
ft* Aw 

Heat rate, 
BtuAw-hr 

Central station 






hydro 

10,000-100,000 





steam 

10,000-500,000 

CGN 


20-50 

8,500-15,000 

diesel 

1,000-5,000 

DG 



10,000-15,000 

Industrial (by-product) steam 

1,000-25,000 

CGW 


50-75 

4,500-6,000 

Diesel locomotive 

1,000-5,000 

D 

100-200 

2-3 

10,000-15,000 

Automobile 

25-300 

G' 

5-10 

0.1 

15,000-20,000 

OutlK)ard 

1-50 

G' 

2-5 

0.1-0.5 

15,000-20,000 

Truck 

50-300 

D 

10-20 


12,000-18,000 

Merchant ship, diesel 

5,000 10,000 

D 

300-500 


10,000-12,000 

Naval vessel, steam 

25,000-100.000 

DN 

25 50 


12,000-18,000 

Airplane, reciprocating engine 

1,000-3,000 

G' 

1-3 

0.05-0.10 

12,000-15,000 

Airplane, turbojet 

3,000 

D' 

0.2-1 


15,000-^18,000 


‘ C, coal; D, diesal fuel; D', distillate; G, gas; G\ gasoline; N, nuclear; W. waste 



Pig. 1. Annuol world production of electric energy. 
Generation by all agencies including industry for its 
own use. (Edison Electric Institute) 


waves, and solar radiation, are of n6glig;ible com- 
niercial significance in the generation of power de- 
spite their tremendous magnitudes. Table 2 shows 
the scope of United States power plant capacity. 
About a third of the world’s electric power is gcn- 



Fig. 2. Rudimentary flow diagrams for power plontst 
(a) hydrd, (b) internal combustion, (c) gos-turbine, 
(d) condensing steam. 


erated by United States public utility companies 
(Fig. 1). These data reflect the dominant position 
of fuel-generated power both for stationary service 
and for the propulsion of land-, water*, and air- 
borne vehicles. 
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^ Fi^» 3. Simpfifiad heat balance for a supercritical, 
^ double reheat cycle. Net generation, 119,000 kw; 
plant heat rote, 8600 Btu kw-hr. 



Fig. 4, Heat bolonce for a by-product industrial 
power pipnt delivering both electric energy and proc- 
ess steam. 


Rudimentary flow- or heat-balance diagrams for 
important types of practical power plants irre 
shown in Fig. 2 (see Heat balance). Many varia- 
tions are incorporated for the control of efficiency, 
weight, space, flexibility, reversibility, reliability, 
life, investment, and operating costs. Figure 3 
shows a heat-balance diagram for a modem steam- 
electric c^tral station. Figure 4 is a similar dia- 
grm for a by-ptoduct-type industrial plant which 


Table 2. Approximate Installed capacity 


of United States power plants (1957) 


Capacity, 
millions* of 

Plant 1 ype 

kw 

Electric central stations 

130 

Industrial 

30 

Afcricultural 

50 

Railroad 

80 

Marine, civilian 

20 

Aircraft, civilian 

20 

Military establishment 

lOOOd: 

Automotive 

6000± 

Total 

7000d= 



AM FM 


Fig. 5. Selected dally load curves for on urban utility 
plont. 









Table 3. Range of cecity tectort 
for selected poerer plants 


PubUouUlity systems, in general 50-70 

Chemicai or metallurgical plant, three-shift oper- 
ation 80-90 

Seagoing ships, long voyages 70-80 

Seagoing ships, short voyages 30-40 

Airplanes, commercial 20-30 

Private passenger cars 1-3 

Main-line locomotives 30-40 

Inter urban buses and trucks 5-10 


has the double purpose of generating electric 
power and simultaneously delivering heating steam 
by extraction or exhaust from the prime mover. 

Plant load. There is no practical way of storing 
the mechanical or electrical output of a power 
plant in the magnitudes encountered in power-plant 
applications. The output must be generated at the 
instant of its use. This results in wide variations in 
the loads imposed upon a plant. The capacity, 
measured in kw or hp, must be available when the 
load is imposed. Much of the capacity may be idle 
during extended periods when there is no demand 
for output. Hence much of the potential output, 
measured as kw-hr or hp-hr, cannot be generated 
because there is no demand for output. This greatly 
complicates the design and confuses the economics 
of power plants. Kilowatts cannot be traded for 
kilowatt-hours, and vice versa. 

The ratio of average load to rated capacity or 
peak load is expressed as: 

^ . . average load for the period 

Capacity factor = , 

^ rated or installed capacity 

and 

average load for the period 

Load factor « , -- — — -- 

peak load in the period 

Some experienced capacity factors are given in 
Table 3. 



miles per hour 



10 15 20 25 30 35 

(b) forward speed, knots 


rig. 7. (a) Minimum power required to drive a 50 

ton well-designed airplane in straight level flight dt 
30,000 ft altitude, (b) Power required to drive q 
ship, showing effect of fouling. 



time, % 


fig. 6. Annual lood-duratlon curves for selected sta- 
tionary power plants. 


Variations in loads can be conveniently shown on 
graphical bases as in Figs. 5 and 6 for public utili- 
ties and in Fig. 7 for air and marine propulsion. 
Rigorous definition of load factor is not possible 
with vehiisdes like tractors or automobiles because 
of variations in the character and condition of the 
running surface. In propulsion applications, power 
output (kw or hp), may be of secondary signifi- 
cance and performance may be based on tractive 
effort, drawbar pull, thrust, climb, and acceleration. 

Plant afRciancy. The efficiency of energy con- 
version is vital in most power plant installations. 
The theoretic power of a hydro plant in kw is 
QH/ll^ where Q is the flow in cubic feet per 
second and H is the head at the site in feet. Losses 
in headworks, penstocks, turbines, draft tubes, tail- 
race, bearings^ generatora, and auxiliaries will re- 
duce the salable output below the theoretic 

in modern installations. The selection of a jparticu- 
lar type water wheel depend^ on experience with 
wheels at the planned speed and on the lowest 
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T«bl» 4. Cost ol ooioeltd sMionaiy oloctric pomr plants (Invartor-owned and businass-manacad) 

Steani> Steam, 


central station 

Hydro 

industrial 

Large Small 

Large Small 

I^rge Small 


Plant capacity, kw 

500.000 

50,000 

200,000 

20,000 

10,000 

1,000 

Investment, $ per kw 
Fuel cost, (jents per 

1.50 

250 

200 

300 

175 

225 

million Btu 

20 

30 



30 

40 

Cost of power, mills 
per .kw-hr 

Total cost 

Carrying cost on inve.st- 

4.7 

13.0 

3.5 

6.5 

5,2 

9.0 

ment 

2..5 

5.7 

3.0 

5.7 

3.3 

5.0 

Production cost, total 

2.2 

7.3 

0.5 

0.8 

1.9 

4.0 

Fuel 

Labor, maintenance. 

1.9 

4.3 



1.3 

\2.0 

supplies, supervision 

0.3 

3.0 

0.5 

0.8 

0.6 

2.0 


90,000 


80,000 



1900 1910 1920 1930 1940 1950 1960 

y*ar 

Fig. 8. Thermal performance of fuel-burning electric- 
utility power plants in the United States. 


water pressure in the water path (see Cavitation). 
Runners of the reaction type (high specific speed) 
arc suited to low heads (below 500 ft) and the im- 
pulse type (low specific speed) to high head serv- 
ice (about 1000 ft). The lowest heads (below 100 
ft) are best accommodated by reaction runners of 
the propeller or the adjustable blade types. Mixed- 
pressure runners are favored for the intermediate 
heads (50-500 ft). Draft tubes, which permit the 
unit to be placed safely above .flood water and with- 
out sacrifice of site head, are essential parts of re- 
aotipfi unit installations. 

With thermal power plants there are the basic 
limitations of tfaetmodynamics which fix the effi- 


ciency of conversion for heat into work. The cyclic 
standards of Carnot, Rankine, Otto, Diesel, and 
Brayton are the usual criteria on which heat-power 
operations are variously judged. Performance of an 
assembled power plant, from fuel to net salable or 
usable output, may be expressed as thermal effi- 
ciency (%) ; fuel consumption (lb, pt, or gal per 
hp-hr or per kw-hr) ; or heal rate (Btu supplied in 
fuel per hp-hr or per kw-hr). American practice 
uses the high or gross calorific value of the fuel for 
measuring heat rale or thermal efficiency and dif- 
fers in this respect from European practice, which 
prefers the low or net cirforific value. Tables 1 and 
3 give performances for several selected opera- 
tions. Figure 8 reflects the improvement in fuel 
utilization of the* United States electric power in- 
dustry since 1900. F'igure 9 shows variation in heat 
rate with load for several types of stationary plants 
and marine power plants. 

In scrutinizing data on thermal performance, 
it should be recaH^ that the mechanical equivalent 
of heat (100% thermal efficiency) is 2545 Btu/hp- 
hr and 3413 Btu/kw-hr. Modern steam plants in 
large sizes (75,000-500^000 kw units) and internal 
combustion plants in modest sizes (1000-5000 kw) 
have little difficulty in delivering a kw-hr for less 
than 10,000 Btu in fuel (34% thermal efficiency). 
Lowest fuel consumptions per unit output (8500- 
9000 Btu/kw-hr) are obtained in condensing steam 
plants with the best vacua, regenerative-reheat 
cycles using eight stages of extraction feed heating, 
two stages of resuperheat, primary pressures of 
5000 psi (supercritical) and temperatures of 
1150®F. An industrial plant in which electric power 
is generated as a by-product of the process steam 
load can have a thermal efficiency of 5000 But/- 
kw-hr. 

The atomic power plant substkutM the heat of 
fission for the heat of combustion, \wd the conse* 
quent plant differs only in the method of preparing 
the thermodynamic fltrid. It is otherwise similar to 
the usual thermal power plant. Low reactor tem- 
peratures lead to the overwhelming preference fof 


steam-turbine rather than gas-turbine cycles. When 
fluid temperatures can be had above 1200®F, the 
gas-power cycle will receive more favorable con- 
sideration. Otherwise the atomic power plant is es- 
sentially a low pressure, low temperature steam 
operation (less than 1000 psi and 600 '‘F). 

Power economy. Costs are a significant, and often 
controlling, factor in any commercial power-plant 
application. Average costs have little significance 
because of the many variables, especially load 
factor. Some plants are short-lived and others long- 
lived. For example: in most automobiles, which 
have short-lived power plants, 100,000 miles and 
3000 hrs constitute operating life; diesel locomo- 
tives, which will run 20,000 miles a month with com- 
plete overhauls every few years, and large seagoing 
ships, which register 1,000,000 miles of travel and 
still give excellent service after 20 years of opera- 
tion, have long-lived plants; electric central sta- 
tions of the hydro type remain in service SO years, 
and steam plants run round the clock and upward 
of 8000 hours a year with complete reliability even 




9. Comparison of hoot rates of selected types 
pf (o) statlonory power plants and (b) morine pro- 
pulsion plants. 



Fig. 10. Representative costs of power from a large 
steam-electric generating station. 


when 25 years old. Such figures greatly influence 
costs. Furthermore, costs are open to wide differ- 
ences of interpretation. 

Costs are reflected in the curves of Fig. 10 for a 
modern steam-electric, investor-owned, central sta- 
tion in the eastern United States. Fixed costs are 
based on $150 per kw investment with 12% annual 
carrying charges. If such a plant were government- 
financed, the annual charges on an investment of 
$150 per kw might be reduced to 6%. Fuel cost is 
at 30 cents per million Btu. Total cost of power can 
be conveniently expressed as: 

$ per kw per yr 

= -f A 2 4* 8760 Kh X capacity factor 
\^here = capacity charge, $ per yr 

Kn = peak prepared charge, $ per yr 
Ki = energy cost, mills per kw-hr 

Costs of lepresentative power plants are summa- 
rized in Table 4. [t.b.] 

Bibliography: E. Ayres and C. A. Scarlett, En- 
ergy Sources — the Wealth of the Worlds 1952; 
Babcock and Wilcox Company, Steam, Its Genera- 
tion and Use; H. K. Barrows, Water Power Engi- 
neering, 3d ed., 1943; T. Baumeister (ed.), Marks* 
Mechanical Engineers* Handbook, 6th ed., 1958; 
C. F. Bonilla, Nuclear Engineering, 1957 ; B. G. A. 
Skrotzki and W. A. Vopat, Applied Energy Conver- 
sion, 1945. 

Power supply, electronic 

A source of electric energy employed to furnish the 
tubes and semiconductor devices of an electronic 
circuit with the proper electric voltages and cur- 
rents for their operation. The more common sources 
of energy are chemical batteries and alternating- 
current mains or lines. Batteries are useful as port- 
able sources but are expensive and have small ca- 
pacities. Alternating-current mains are not port- 
able but are relatively inexpensive and have a large 
capacity. 
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One cominon method of classifying power sup- 
plies is by their use in electronic circuits. Most 
vacuum and gas tubes reqfuire a source of energy 
to energize their filaments or heaters; this type is 
known as a filament or heater power supply, or 
simply as an A supply. Tubes require plate or 
anode voltages, and transistors need voltages for 
their collectors and other elements. These voltages 
are supplied by a plate or anode power supply, 
sometimes called a B supply. Similarly the tubes 
may also require a control-grid power supply, often 
called a C supply, and additional power supplies 
for the screen grid and suppressor grid. 

If the source is one of alternating voltage, a 
transformer is usually used to raise or lower the 
voltage to the required level. The alternating 
current (ac) usually must be changed to a direct 
current (dc) ; this is accomplished by a rectifier. A 
rectifier allows current to flow mostly in one direc- 
tion, and a pulsating current results. This pulsat- 
ing direct current is not suitable for most purposes 
and must be smoothed by a power-supply filter or 
voltage regulator. 

A power-supply filter stores energy when the cur- 
rent is high and gives it up when the current is 
lower. The net result is to smooth out the variations 
in the current. The voltage regulator performs a 
similar function, but its operation is quite different. 
The gas-tube type of voltage regulator has a char- 
acteristic constant voltage over a large range of 
current values. Vacuum-tube regulators usually 
operate as variable resistances; the resistance de- 
creases when the load is heavy and increases when 
the load is lighter. Voltage regulators deliver an 
almost constant output voltage in spite of varia- 
tions in the load or in the input ac supply voltage. 
See Voltage regulator. 

Filament or heater power supply. The filament 
or heater power supply is used to heat the filaments 
of vacuum or gas tubes so that electrons may be 
emitted from the filaments. If an indirectly heated 
cathode is used, a heater element inside the cathode 
must heat the cathode to a temperature at which 
electrons will be emitted. 

Most of the present-day tubes heated by alter- 
nating current use 6.3- or 12.6-volt heaters. A step- 
down transformer is employed to change the 115 
volts of the ac lines to these voltages. As an exam- 
ple, the heaters of four tubes may be connected in 
parallel across the secondary of a heater trans- 
former whose primary is connected to the 115-volt 
ac lines. The center tap or one side of the second- 
ary is often grounded. The tubes might take 0.5, 
0.5, 1.0, and 2.0 amperes, respectively, for a total ^f 
4.0 amperes. The heater transformer must have a 
rated capacity of at least 4.0 amperes to supply 
these tubes. The voltage that the insulation must 
withstand is also often stipulated. Some tubes re- 
quire other heater voltages, such as 2.5, 5, and 25 
volts. Therefore, hea^r transformers with more 
than one secondary are useful. 

Heater transformers are both heavy and expen- 
aive. To eliminate transformers, heatm may be con- 



Fig. 1. Typical plate power supply. 


nected in series across the ac line. Here each 
heater mu.st take the same current, and the sum of 
the heater voltage ratings must be nearly equal to 
the ac line voltage. Other tubes use heaters made 
for direct connection across the ac lines. 

For portable operation, batteries We usually 
used to heat the filaments. The tubes ii.sually require 
1-3 volts, so that one or two cells of a dry battery 
or one cell of a wet battery will supply sufficient 
voltage. Tubes having 6.3- or 12.6-volt heaters may 
be operated from a wet storage battery, such as an 
automobile battery, but the weight of the battery 
decreases its portability. The filaments of the tubes 
are connected in parallel and one side of the bat- 
tery is connected to the plate supply, so a complete 
circuit exists for the electrons flowing in the tube. 

Plate power supply. The plate power supply usu- 
ally supplies direct current of about 50 to 300 or 
400 volts, depending on the tube and the applies 
lion. Figure 1 shows the schematic diagram of a 
typical supply. The ac line energizes the primary 
of the transformer; thf/secondary is connected to 
the anodes of the rectifier tubes Ti and T 2 . The 
heater connections of the rectifier tubes are omitted 
for clarity. The common cathode connection is con- 
nected to the double-section L filter. This is the 
positive side of the filter. The negative side, usually 
grounded, is connected to the center tap of the 
transformer secondary. The load resistance is 
shown at the other end of the filter. A bleeder re- 
sistor is sometimea connected across the load to 
prevent the output voltage from increasing to dan- 
gerous values when the load is light. 

The power, or plate, transformer should be se- 
lected to have a sufficiently high secondary voltage 
to supply the desired output voltage. Allowance 
must be made for the voltage drop or rise caused 
by the type of rectifier circuit employed, and for the 
voltage drop in the rectifier tubes and the filter ele- 
ments caused by the combined load and bleeder 
currents. Also, the transformer secondary current 
rating must be sufficient to supply the combined 
currents. The rectifier tube or tubes must have volt- 
age ratings sufficiently large for the transfontier 
secondary voltages and current ratings sufficiently 
large for the combined load and bleeder currents 
and for the peak currents encountered in the par- 
ticular rectifier circuit used. Th# filter capacitors 
should have sufficient capacitance for smoothinfil 
the ripple of the output voltage and sufficient volt- 
age rating. The filter inductors should have sulfi’ 
cient inductance for smoothing, low resistance to 
the current carried, and high insulation voltage, i 


As the line-voltage fluctuates, the output dc 
voltage will also fluctuate. One method of r^ucing 
this fluctuation is to regulate the voltage of the 
ac lines by static ac voltage regulators. 

Control-grid power supply. The control-grid 
power supply is used to supply voltages of 1-100 
volts grid bias to the control grid of a vacuum tube. 
This is usually done by the use of a biasing resistor 
in series with the B supply and the vacuum tube, 
but a separate C supply similar to the above-men- 
tioned B supply is sometimes employed. Usually 
the voltage and current requirements are much 
smaller for the C supply than for the B supply. 
Similar supplies are used occasionally to furnish 
the voltages required for the screen grides and sup- 
pressor grids of vacuum tubes. 

High-voltage power supply. High-voltage power 
supplies are employed to supply dc voltages of 
1-20 kilovolts or more, usually at currents of a few 
milliamperes or Icwss. Voltage-doubling and voltage- 
multiplying rectifier circuits are useful in such 
applications, which include the cathode-ray tube 
power supplies of television and radar (see Volt- 
ACK-MITI.TIPLIER CIRCUIT). Another method of ob- 
taining high voltages is to use a fly-back power sup- 
ply circuit with a half-wave rectifier and filler or 
with a voltage-multiplier circuit. For heavy-current 
high-voltage supplies, circuits such as that of Fig. 1 
are almost always used. All components of the cir- 
cuit must then be selected for the requirements of 
the high voltage and high currents. 

Battery power supplies. These are useful for 
portable applications where lower voltages and 
lower currents are usual. This is particularly true 
for transistor circuits. Dry battery units are used 
for A, B, and C supply requirements. Wet storage 
batteries may be used directly for the heaters of 
tubes and may also supply B and C power require- 
ments by the use of vibrator or dynamotor power 
supplies. 

Power-supply filters. Power-supply filters are 
usually of the low-pass LC variety, with the cut- 
off frequency of the filter made as much below the 
fundamental frequency of the ripple voltage as is 
economically feasible. Occasionally, low-pass RC 
filters will be used if the load current requirements 
are small. Generally lower cut-off frequencies re- 
quire larger inductances and capacitances. 

There are two subdivisions of these filters. The 
first, called an inductive-input filter, has a series 
inductor immediately after the rectifier. The second 
is the capacitive-input filter, which has a shunt 
capacitor immediately after the rectifier. One or 
more sections may be used, as shown in Fig. 2. 
Figure 2a shows a single shunt capacitor as the 
smoothing element. Figure 26 shows a two-secfion 
inductive-input filter. Figure 2c gives a two-section 
capacitive-input filter. The inductive-inpul filter has 
(he disadvantage of giving a lower output voltage 
hut the advantage of a better voltage regulation 
than the capacitive-input filter. The capacitive-in- 
put filter has the important disadvantage of pro- 
educing a much higher peah current in the rectifiers. 
t 
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Fig. 2. Smoothing filters, (a) Shunt capacitor, (b) In- 
ductive-input filter, (c) Capacitive-input filter. 


The inductors, sometimes called choke coils, al- 
most always have iron cores, and the resistances of 
the windings are kept low for high efficiency and 
good voltage regulation. Iron-cored inductors can 
be made to have an inductance that increases con- 
siderably as the load current approaches zero. 
These inductors, called swinging choke coils, help 
prevent the large rise in voltage at low load cur- 
rents in capacitive-input filters. Capacitors for 
voltages below 500 volts are almost always elec- 
trolytic capacitors, but above that voltage they 
have paper or plastic insulation. See Capacitor; 
Inductor; for other types and general treatment 
of electronic circuits, see Circuit, electronic. 

[d.l.w.] 

Bibliography. J. M, Carroll, Transistor Circuits 
and Applications, 1957; H. E. Clifford and A. H. 
U ing (eds.), Electronic Circuits and Tubes, 1947; 
J. Millman and S. Seely, Electronics, 2d ed., 1951; 
H. J. Reich, Theory and Applications of Electron 
Tubes, 2d ed., 1944; S. Seely, Electronic Engineer- 
ing, 1956. 

Power-factor meter 

An instrument used to indicate whether load cur- 
rents and voltages are in time-phase with one an- 
other. 

In an alternating-current circuit, the current / 
may lead or lag the voltage E by some angle 0, and 
the average power P would be the average of 

(^max cos <ot)[iaiAx COS (ot zt ^)3 

or P ^ El cos ^ 

The factor cos 0 * P/E! is called the power factor 
of the load. See Alternating-current circuit 

THEORY., 

The formula P ^ El cos 0 shows that if twb 
customers use equal currents the energy loss in 
the line is the same for the twq. If one of them has 
a lower power factor he uses less energy, and a 
rate based only on energy delivered would involve 
an unequal charge for service. 

Singlg-phgM ponivtr-fgctor meter* This instru- 
ment contains a fixed codi that carries the load cur- 
rent, end cFoaimd coils lhat are connected to the 
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load voltage. There is no spring to restrain the 
moving system, which takes a position to indicate 
the angle between the current and voltage. The 
scale can be marked in degrees or in power factor. 
For a complete discussion of this instrument see 
Phase meter. 

The angle between the currents in the crossed 
coils is a function of frequency, and consequently 
each power-factor meter is designed for a single 
frequency and will be in error at all other fre- 
quencies. For low harmonic content the indication 
of the power-factor meter is usually accepted for 
contract purposes. 

Polyphase power-factor meters. These meters 
are usually designed differently from single-phase 
meters. For balanced polyphase loads their appli- 
cation is straightforward. For a quarter-phase load, 
two voltages 90® out of phase are present and each 
can supply one of the crossed coils of the power- 
factor meter. If the voltages are unequal or their 
relative phase angle is different from 90®, the 
indication will no longer have meaning. 

Three-phase power-factor meters are built to con- 
nect the fixed coil in one line and the crossed coils 
K between the other two lines. The meter is con- 
structed with a 60® angle between the crossed coils. 
An unbalance in either voltage or angle will cause 
erroneous readings. 

In the case of balanced four-phase and balanced 
six-phase loads, single-phase power-factor meters 
can be used directly without any correction. 

In the case of unbalanced polyphase circuits with 
harmonics, various portions of the load may have 
different power factors and for the combined load 
there is no common phase angle; consequently the 
statement that the power factor is equal to cos 
becomes meaningless. See Waveform, nonsinus- 

OIDAL. fH.SO.] 

Bibliography: F. A. Laws, Electrical Measure- 
ments, 2d ed., 1938; M. B. Stout, Basic Electrical 
Measurements, 1950. 


Poynting’s vector 

A vector, the outward normal component of which, 
when integrated over a closed surface in an electro- 
magnetic field, represents the outward flow of energy 
through that surface. It is given by the equation 

n - E X H - X B (1) 

where E is the electric field strength, H the mag- 
netic field strength, B the magnetic flux density, and 
p the permeability. This can be shown with the aid 
of MaxwelFs equations : 


H . (T X E) - E . (V X H) - V . (E X H) 


« -l.E-E 


dD „ aB 

-r H • -r- 

dt dt 


( 2 ) 


where D is the electric displacement and i the cur- 
rent density. Integration over any volume v and use 
of the divergence theorem to replace one volume 
integral by a surface integral give 


-/(E X H) . n dS 

+ ( 3 ) 

where n is a unit vector normal to dS. In the volume 
integral, • H is the magnetostatic energy den- 
sity and %D • E is the electrostatic energy density, 
so the integral of the first two terms represents the 
rate of increase of energy stored in the magnetic 
and electric fields in v. The product of E * i is the 
rale of energy dissipation per unit volume as heat 
or, if there is a motion of free charges so that i is re- 
placed by pv, p being the charge density, it is the 
energy per unit volume used in accelerating these 
charges. The net energy change must be supplied 
through the surface, which explains the interpreta- 
tion of Poynting’s vector. 

It should be noted that this proof permits an in- 
terpretation of Poynting’s vector only when it is 
integrated over a closed surface. In quantum the- 
ory, where the photons are localized, it could be 
interpreted as representing the statistical distribu- 
tion of photons over the surface. Perhaps this justi- 
fies the common practice of using Poynting’s vector 
to calculate the energy flow through a portion of a 
surface. 

When an electromagnetic wave is incident on a 
conducting or absorbing surface, theory predicts 
that it should exert a force on the surface in the 
direction of Poynting’s vector. See Radiation pres- 
sure; see also Ei-ectromacnetic radiation; Max- 
well’s EQUATIONS; Wi^E EQUATION. [w.R.SM.] 

Prairie 

A land of tall grasses occurring in the humid or 
subhumid parts of the mid-latitudes between the 
forests and the semiarid short-grass steppes. The 
North American prairies are better known than 
those of other continents. The tail-grass prairies 
occur on the more moist side toward the forest 
margins. They conaiat of tall grasses, 5-8 ft in 
height, together with A variety of flowering plants; 



Fig. L Mixed^^roit prairie near Agate, Nebrofko. 
The short-grass parfi ore a foot or less in height. 
(from J. £. Weaver and F. E. Cfementsv fktnt 
2d ed., McGraw-Hill, 1938) 
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Fig. 2. Types of natural grasslands east of the Rocky 
Mountains. The short grass covers the Great Plains and 
the mixed grass is transitional to the tail-grass prairie. 


(After J, Richard Carpenter in V. C. Finch, G, /. Tre- 
wartha, E. H. Hammond, and A. H. Robinson, Elements 
of Geography, 4th ed., McGraw-Hill, 1957) 


trees are absent or rare on the uplands. Toward the 
dry side the mixed-grass prairies are apparently a 
transition into the short-grass steppes. They bear 
some grasses 2~4 ft tall and others which are less 
than 1 ft high. Prairies grow in climatic situations 
where there is enough rainfall for crops. They oc- 
cur on relatively level land, and have developed 
deep, dark, fertile soils. For these reasons most 
prairie vegetation has been displaced by agricul- 
ture and little original prairie land remains in the 
world. The prairies of North America formerly 
bore an extensive animal population of birds and 
small mammals together with grazing animals, 
chiefly the bison. These animals disappeared with 
the conversion of the prairies into cropland. See 
Steppe. [c.m.d.] 

Prairie chicken 

Either of two American game birds of the genus 
TympanuchuSf family Tetraonidae, the grouse fam- 
ily. The greater prairie chicken, T, cupido, for- 
merly was an important game bird of the Great 
Plains, but it has disappeared entirely throughout 
much of its original range and is rare in the re- 
mainder. With changes in agriculture, the princi- 
pal population of this bird has shifted into the 
Canadian prairie region in recent years. The east- 
ern representative of this species, the heath hen, 



The prairie chicken/ Tympanuchus cupido; length to 
18^ in. {Alfred M, Bailey, National Audubon Society) 

formerly found on the Atlantic coastal plain, is 
now extinct. The lesser prairie chicken, T., pallia 
dicinctuSf is paler than T. cupido^ and is rei^dent 
in the southwestern plains area. 




SM Ffoirte 4*9 

Prairie chtckeiifr are noted for their elaborate 
mating rituals, involving participation in dancing 
and drumming (booming) by aggregations of 
males on selected booming grounds. See Galli- 
FOUMEs; Grouse. [j.d.b.] 

Prairie dog 

Any of three species comprising the genus Cyno- 
mys. Prairie dogs are rather large, stout-bodied, 
terrestrial squirrels, with small ears and short, flat 
tails. They live in large colonies, called towns, dig- 
ging burrows for their homes, each surrounded by 
a mound of earth. Of the two species in the United 


The prairie dog, Cynomys ludovi- 
cianus; length to 14% in. (Grace 
A. Thompson, National Audubon 
Society) 

^States one hibernates, and the other is active 
throughout the winter. They feed mainly upon 
plant material but will also eat insects. They are 
much less common than originally, many of their 
great towns now being completely wiped out. In 
1900 one colony in Texas was estimated to be 100- 
150 miles wide and 250 miles long. Burrowing owls, 
rattlesnakes, and the rare black-footed ferret prey 
upon young prairie dogs and are unwelcome preda- 
tors in their burrows. See Rodentia. [j.d.b.] 

PrandtI-Meyer expansion fan 

A steady planar compressible fluid flow that occurs 
only at supersonic speeds. The Prandtl- Meyer ex- 
pansion fan is essentially the isentropic flow around 
a corner from a uniform supersonic flow. The il- 
lustration shows a typical expansion fan, starting 
from the uniform flow at Mach number Mi along a 
flat wall, and turning a corner through an angle 
ff. The straight lines in the fan are Mach waves, 
which are standing sound waves in the fluid. The 
flow behind the fan is also uniform, but the veloc- 
ity is higher and the pressure is lower. A centered 
Prandtl-Meyer expansion fan develops at a sharp 
corner in a supersonic flow. All flow quantities are 
constant on a given Mach wave in the fan and 
depend only on Mi and the angle through which 
the flow has turned. Using Mi «> 1 as a convenient 
reference, the relationship between flow angle ff 
and local Mach number M is 

— aretan VJH* — 1 
The local pieaaun p ia obtained from 




Supersonic flow around a curve (a) produces a fan of 
standing sound waves. At a sharp corner (b), the ex- 
pansion fan is centered. 


where po is the upstream total pressure, and y = 
Gp/C„, where Cp = specific heat at constant pres- 
sure, and Cv specific heat at constant volume. 
See Fluid-flow principles. [a.e.br.] 

Praseodymium 

A chemical element, Pr, atomic number 59, and 
atomic weight 140.91. Praseodymium is a metal- 
lic element of the rare-earth group. The stable 
isotope 140.91 makes up 100% of the naturally oc- 



curring element. It was discovered by C* F. Auer 
von Welsbach in 1885 when he separated the aalts 
of the so-called element didymium into two frac- 
tions, praseodymium and neodymium. The oxide is 
a black powder, the composition of which varies 
according to the method of predication. It ia usu* 
ally considered to be PreOxi, almough if oxidized 
under a high pressure of oxygen it can approach 
the composition PrOJ*. It can be reduced in hydr^ 
gen to give a pale green PrtOa- The oxide PrOs 
the only form in which it has been clearly demOlBr. 
atrated that praseodymium exists in the qnadr^l^ 



lent form. The black oxide dissolves in acid with 
the liberation of oxygen to give green solutions or 
green salts. For properties of the metal, see Rabe- 
eabth elements. 

The salts have found application in the ceramic 
industry for coloring glass and for glazes. 

[f.h.sp.] 

Preamplifier 

A voltage amplifier suitable for operation with a 
low-Ievel input signal. It is intended to be con- 
nected to another amplifier with a higher input 
level. Preamplifiers are necessary when an audio 
amplifier is to be used with low-output transducers 
such as magnetic phonograph pickups. The pream- 
plifier may also incorporate frequency-correcting 
networks to compensate for the frequency charac- 
teristics of a given transducer and make the fre- 
quency response of the preamplifier-amplifier com- 
bination uniform. See Voltage amplifier. 

The design of preamplifiers is critical, because 
the input signal level is low and the amplification 
is high. The hum introduced by tubes and the noise 
voltages from resistors and vacuum tubes must be 
closely controlled. Furthermore, the preamplifier 
must be shielded from external magnetic fields 
which would induce a voltage in the circuit. An ad- 
ditional source of undesirable voltages is micro- 
phonics. For a discussion of these undesirable con- 
ditions see Amplifier. [h.f.k.] 

Precambrian 

The name for rocks older than the Cambrian or 
earliest period in the earth’s history in which abun- 
dant fossils indicate the existence of life. Because 



of their older age, Precambrian rocks lie at the 
base of the succession of formations, and, on the 
^hole, have undergone more transformation than 
the rocks of later age. In places, Cambrian strata 
pass transitionally downward into the Precambrian, 
hut more commonly they arc separated by an inter- 
val of erosion during which the rocks were worn 
down to produce an nnconformity. See Cambrian ; 
Unconformity, 

Fossils, so helpful in determining the age of 
younger rocks, are almost entirely absent in the 
Precambrian, Therefore, the sequence of rocks 
^thin the Precambrian system must be deter* 



Fig. 1. Striated and faceted pebble from Precambrian 
conglomerate of glacial origin in the Kekeko Hills, 
Western Quebec, Canada. (M. E, WiJson, Geo/. Sur- 
vey, Canada) 

mined by detailed structural examination, by the 
relationships to unconformities or igneous intru- 
sions, or from the ratios of isotopes in radioactive 
minerals determined by geophysical methods. Ra- 
dioactive minerals, however, commonly occur in 
folded, mountain-built rocks, so that their age is 
more nearly that of the mountain building than the 
age of the enclosing rock, which may be millions of 
years older. The maximum age of Precambrian min- 
eials, so far determined by geophysical methods, is 
about 3 X 10'^ years. See Radioactive minerals; 
Rock (ace determination). 

Occurrance. Precambrian rocks are widely dis- 
tributed. They occur on all the continents and un- 
derlie about one-fifth of the earth’s surface. Struc- 
turally, they occur mainly in two types of areas: 

(1) in the interior of partly denuded mountains; 

(2) in extensive areas of relatively low elevation 
called shields. When mountain chains are formed 
by folding and uplift, Precambrian rocks com- 
monly intruded by masses of granite or related 
igneous rocks are thrust upward by the mountain- 
building movement. However, as erosion of the 
mountains continues, the Precambrian rocks and 
their associated igneous intrusions become ex- 
posed. The shield areas of the earth also are un- 
derlain mainly by mountain-built rocks, but have 
been so denudi^ that they are mountains strui^ut- 
ally and not by elevation. 

The oldfest Precambrian surficial rooks are chiefly 
lavas, fragmental material bloim explosively from 
volcanoes, and bedded sedUments, The sedimenta are 
notably gravels (coiiglomerate)> sandstone or its 
transformed equivalent quartzite, mudlike dea^aita 
(graywacke), or less commonly limestone. I^eae 
rocks are similar to those being formed mk the 
earth's surface today. Furthermore, in some itfoaa 
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shield areas 


adjoining platforms 


Fig. 2. Shield areas and adjoininf; platforms com- 
posed of Precambrian rocks. (From R. C. Moore, Intro- 
duction to Historical Geology, 2d ed., McGraw-Hill, 
1958) 

conglomerate is found containing striated and fac- 
eted pebbles, cobbles, or boulders up to 5 or even 
10 ft in diameter, enclosed in a massive iinstratified 
matrix. Such deposits, characteristically derived 
from glaciers, indicate that the Precambrian cli- 
mate, at least at times, was cold (Fig. 1 ). All of 
these observations provide evidence that, if the 
earth was originally molten, as most hypotheses of 
its origin assume, all its original crust must have 
been destroyed before the existing rocks were 
formed. 

ShMd areas. Large relatively stable areas with 
broad relatively flat surfaces, or low topographic 
relief, are characteristic of many Precambrian re- 
gions. These areas stood firm or moved diflerentially 
upward in contrast to areas of subsidence (Fig. 2). 

Canada, The Canadian Shield, the world’s largest 
shield area, occupies most of northeastern Canada, 
Greenland, the Adirondack region of New York, 
and the northern parts of Michigan, Wisconsin, and 
Minnesota. Most of this immense area has been 
mapped geologically in an approximate lithologi- 
cal way, but the complete succession of formations 
has been determined only in widely separate local 
areas. For this reason a tentative classification of 
the rocks of the shield into two major parts, the 
Early Precambrian or Archean, and the Late Pre- 
cambrian or Proterozoic, is, in the present state 
of knowledge, the only subdivision practicable. 

The structural succession of formations has been 
determined locally in the shield by detailed exami- 
nation, using the criteria of top determination of 
sedimentary beds and lava flows. The most im- 
portant of these criteria are graded bedding in 
graywacke and pillow top§ in lavas. Graded bed- 
ding forms in graywacke by the more rapid settle- 
ment of coarse particles than fine particles during 
deposition (Fig. 3). Pillows are believed to origi- 
nate hy the glohulation of lava where extruded 
into watOr. Tl^ slow descent of the globules per- 


mits the formation of a rounded pillow top crust 
before succeeding globules are deposited (Fig, 4 ^ 
These criteria of top determination, combined widi 
the relationships of lavas and sediments to intru- 
sions of igneous rocks, make it possible to determine 
both the succession of formations and their division 
into separate groups or series by unconformities 
throughout areas of considerable extent. However, 
the correlation of rocks across the wide geographi- 
cal or geological barriers between these areas i$ 
less certain. It has become the custom, therefore, 
to use local names of formations in areas where 
geological mapping has been most detailed. 

The surficial rocks of the Canadian Shield belong 
mainly to four classes : ( 1 ) wiii|ely distributed, 
basal lava flows and poorly sorted Sediments of the 
type commonly deposited in the sea adjacent to 
mountains; ( 2 ) crystalline limestone, pure quartz- 
ite, shale or slate, completely sorted rocks of the 
types laid down in the sea adjacent to deeply 
weathered land of low relief; (3) shale, slate, iron- 
bearing formation, limestone and dolomite, sedi- 
ments probably deposited in elongated basins (in 
places the limestone and dolomite contain concen- 
tric structures believed to be of algal origin) ; 
(4) interbedded conglomerate, sandstone, and Java 
flows laid down on land. The rocks of class 1 have 
been intensely folded and intruded by granite. They 
belong to the Archean. The strata of classes 3 and 4 
lie at the top of the Precambrian succession and 
have been folded only in places. They belong, there- 
fore, to the Proteroii 6 ic. The sedimentary rocks of 
class 2 have all been mountain-built and intruded 
by granite, but the folding and recrystallization 



Fig. 3. Mkrophotograph of graded bedding in Timis* 
kaming graywacke, Rouyn Township^ Western Quel^* 
Canada. (Ad. Wilson, Geo/. Survey, ’Gdnade) I 
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Fig. 4. Pillow structure in lavas of Yellowknife Group, 
Northwest Territories, Canada. Top of flow towards 
upper left hand corner. Length of hammer 18 in. U. F. 
Henderson, Geo/. Survey, Canada) 

vary greatly in inten.sity. Part of them is classed 
as Archean and part as Proterozoic. 

The Baltic. The Baltic Shield, the only Pre- 
camhrian area of the shield class in Europe, oc- 
cupies part of Norway, most of Sweden, Finland, 
and the Kola peninsula of U.S.S.R. Its rocks are 
divided by unconformities into three or possibly 
four groups. The oldest resemble the basal forma- 
tions of the Canadian Shield and are called Ar- 
chean. The youngest are similar to the Keweenawan 
sandstones and lavas of the Lake Superior region 
and are classed as Proterozoic. 

Asia. The Precambrian shield areas of Asia are 
in Siberia and the peninsula of India. The .shields 
of Siberia are known as the Anabar and Aldan 
areas. They are composed of folded Early Pre- 
cambrian sediments and granite surrounded by for- 
mations of Late Precambrian age. In the peninsula 
of India the Precambrian rocks, because of their 
similarity to the early rocks of the Canadian Shield, 
are called Archean, and the younger rocks are 
called Purana. The formations of the Purana group 
are separated from the Archean or Dharwar system 
by a major unconformity and have been only mod- 
erately deformed. 

Australia. The Australian Shield occupies most 
of western and northwestern Australia. Its forma- 
tions occur in three major groups, the older two of 
which are classed as Archean and the third as Pro- 
terozoic. The surprising resemblance ef the rocks 
of the Australian Central Goldfields region to the 
Precambrian of the Canadian Shield has been noted 
by H. E. McKinistry. 

Africa. The areas of Precambrian rocks in Africa 
that have been called shields occur irregularly from 


the Suez region southward to the TransvaaL In all of 
this territory, rocks called Basement, Archean, or 
Primitive systems are present. Late Precambrian 
rocks to which local names have been given are also 
represented. In the Transvaal, Precambrian rocks 
of Proterozoic age have been intruded by an as- 
semblage of igneous rocks called the Bushveld 
complex. 

South America. The Precambrian rocks of South 
America occur mainly in two extensive areas known 
as the Brazilian and Guianian Shields. The basal 
rocks of the Brazilian Shield are largely crystal- 
line limestone and schist intruded by granite; in 
the Guianian Shield they consLst of lavas, schists, 
gneisses, and granite. The Late Precambrian rocks 
in both shields consist of quartzite, iron formation, 
and other unfossiliferous sediments. 

Mountain areas. Precambrian rocks occur locally 
in many of the world’s mountains. This type of 
occurrence is well exemplified in the cordilleran 
region of North America and the Highlands of 
Scotland. In the former locality, an outstanding 
cross section of the Precambrian is exposed in the 
Grand Canyon of the Colorado River, where Ar- 
chean schists and granite are overlain with great 
unconformity by the Grand Canyon Series. The 
most widespread Precambrian rocks, however, are 
the Late Precambrian Beltian sediments which un- 
derlie extensive areas in the interior of British Co- 
lumbia and most of northern Montana and Idaho. 
These rocks are divided by an unconformity into 
two series. They have a maximum thickness of over 
60,000 ft. 

In the Highlands of Scotland the succession of 
formations is complicated by post-Precambrign 
mountain building and faulting. In the northwest 
Highlands, Early Precambrian transformed sedi- 
ments and igneous gneisses of the Lewisian Series 
are oveHain unconformably by the little disturbed 
Torridonian conglomerate and sandstone presumed 
to be of Late Precambrian age. In the adjacent 
highlands to the south are the highly recrystallized 
sediments of the Moine and Dalradian Series. 

[M.E.W.] 

Biblioffraphy: C. 0. Dunbar, Historical Geology^ 
2d ed., 1^59; H. E. McKinistry, Pre-cambrian prob- 
lems in western Australia, Am. J. ScL, 243A: 
448-466, 1945; T. W. E. David, Geology of the 
Commonwealth of Australia, vol. 1, 1950; M. E. 
Wilson, Precambrian classification and correlation 
in the Canadian Shield, Bull. Geol. Soc. Am. ,69 (6): 
757-774, 1958. 

Precast concrete 

A concrete structure may be constructed by casting 
the concrete in place on the site, by building it of 
components cast elsewhere, or by a combination of 
the two. Concrete cast in other than its final posb 
tion is called precast. 

Ih contrast with casMn-place concrete canstroc- 
tion, in which columns, beams, girders, ai^d .slabs 
are cast btegrally or bemded together by suacessive 
pours, precast concrete requires field cpmiieeiicnis 


to tie ^ Mmetiire together. These connections can 
be a major 4eeign problem. 

Form costs are much less with precast concrete 
because die forms do not have to be supported on 
falsework in the structure. They may be set on the 
grbtmd in a convenient position. Furthermore, a 
thin wall is difficult to concrete if it must be cast 
vertically because the concrete has to be placed in 
die narrow opening at the top of the form. Such a 
wall is easily precast flat on the ground. Moreover, 
the large side forms are eliminated and so are the 
many braces needed to keep a vertical form in 
place. 

With some types of precast concrete construc- 
tion, no time is lost in waiting for concrete to gain 
strength at one level of a structure before the next 
level can be placed ; such delays are common with 
cast-in-place construction. Frequently, the perma- 
nent precast units can be used as a working plat- 
form, eliminating the need for a temporary deck. 

Precast units can be standardized. Savings can 
then result from repeated reuse of forms and as- 
sembly-line production. Furthermore, high quality 
can be maintained because of the controls that can 
be kept on production under plant conditions. 
However, there is always the possibility that trans- 
portatipn, handling, and erection costs for the pre- 
cast units will offset the savings. See Concrete; 
Concrete slab. 

Floor and roof gystoms. Precast concrete floor 
and roof systems may be similar to what is gen- 
erally used for cast-in-place construction. The com- 
ponents may be bolted together, seated on each 
other or on brackets, held by friction devices, pre- 
stressed, or the reinforcing of adjoining members 
welded and the gap between them filled with cast- 
in-place concrete. Also, certain systems peculiar to 
precast construction may be used : 

1. I-beam type with cast-in- place or precast slab. 

2. Hollow-core-type joists. 

3. Assembled concrete-block type 

a. With contact faces between units ground to 
provide a slight camber to the assembly. 

b. With contact faces parallel but with a ten- 
sion in the lower moment bars sufficient to 
align and hold the assembly together, and to 
provide a slight camber. 

4. Precast inverted T-beam joists with precast fill- 
ers between. 

5. Integrally precast slab and T-beam joists. 

Tilt-up construetion. Originally, tilt-up con- 
struction was the name given to a method of pre- 
casting walls in which the units were cast on the 
ground at the place where they were to be erectjpd, 
then tilted up to the vertical and anchored when 
they had gained sufficient strength. Later it became 
customary to refer to all types of precast wall con- 
struction as tilt-up construction. 

Generally, the wall is concreted on a casting 
platform. C^ly side forms are needed. Sometimes it 
is advantageotiSi^ not only for walls but for floor and 
roof paneia as to cast successive units one on 
top of thO otbet^. A bOiid-breakittg agent is appjUed 


to the surface of the casting platform and between 
successive units. 

Inserts usually are cast in the panels to facilitate 
lifting. The precast units may be lifted with a 
crane or A frame, often equipped with a strong- 
back, or frame, to distribute the uplift forces 
evenly. 

Lift-slab or Youtz-Slick method. In one type of 
precast construction for buildings, popularly known 
as lift-slab but sometimes called Youtz-Slick after 
the developers of the method, floor and roof slabs 
for a multistory building are cast on the ground 
around the columns. The slabs are cast one on top 
of the other, with a bond-breaking agent between 
them. Jacks atop the columns lift thc^ to their final 
position, where they are anchored. ‘ [f.s.m.] 

Precession 

An angular velocity of the axis of spin of a spinning 
rigid body, which arises as a result of external 
torques acting on the body. Examples are the 
precession of a spinning top, the earth (precession 
of the equinoxes), an airplane propeller, or a 
gyroscope. Of these, the most familiar is undoubt- 
edly the precession of the equinoxes, a slow change 
in the direction of orientation of the earth's axis of 
rotation which results in a gradual westward mo- 
tion of the equinoxes. For a discussion of this 
phenomenon, which was known to the ancients, see 
Precession of equinoxes. The uniform precession 
of a charged spinning^ody in a uniform magnetic 
field is called Larmor precession. This fnotion, 
similar to that of a rapidly spinning top, is of great 
importance in atomic physics. See Larmor preces- 
sion. 

Motion of a spinning top. Precession is best ex- 
plained by a discussion of the behavior of a sym- 
metrical spinning top or of any rigid body spinning 
about an axis of symmetry. G>nsider a top spinning 
rapidly about its razia of symmetry and placed hor- 
izontally on a point sup^rt at O (Fig. 1). The top 
will not fall as a result of the pull of gravity (its 
weight, IT) as might be supposed, but rather one 
will observe that the x axis of the top rotates 
slowly about the vertical y axis while maintaining 
its position in the horizontal xz plane. This rotation 



Fig. 1. A fast-tpinning fop supported of poinf 0 ond 
reieosed In o Korizonfol ptone precetiet obouttHe verfl-, 
col y oxis os shown. • a 



about the y axis is called precession and the motion 
can be predicted from the equation 


For the case where and are negligible 

compared to the spin Eq. (2) becomes 


Mo ** *i>yHz f^zHy) 

■+■ + itizHx — (iixfiz) 

+ V{Hz + <3)xHy — UlyHr) ( 1 ) 

where Mo is the moment, or torque, about the 
point O; Hr, Hy, and Hz are the x, y, and z com- 
ponents of the angular momentum H of the top; 
and i, j, and k are unit vectors along x, y, and z 
respectively. For the derivation of Eq. (1), see 
Rigid-body dynamics. 

If k5 is the spin velocity of the top about the z 
axis relative to the x, y, z coordinate system, then 
oiy, and cDz are the angular velocity components 
of the X, y, and z axes which are attached to the 
top at O and move with it except for this relative 
spin. 

The angular momentum of the top is 

H = il rMx -f“ j / yUly -h k/^ ( Mz + 5 ) ( Iff ) 

where I, = /.y, Iz are the moments of inertia of the 
top about the x, y. z axes through O. 

Substitution of this equation into Eq. (1) (for 
steady-state motion inr = <»>»/ = ^»><* = S = 0) gives 

Mo ^ i[Wv(cO* -f S)h — Oi^ylr] 

■f j Iw/OJx/z - o)x{o)z -f 5)7*1 (2) 

~|' k [Wa:<Oy/x Wy<«>x7x] 



Fig. 2. A fost-splnning fop supported at point 0 pro- 
cesses obout the vertical Zq axis as shown. 


Mx ^ &)v/i (3a) 

( 34 ) 

M, « 0 (3c) 

For the case illustrated in Fig. 1, Mx * —IF/; 


My * 0 (no moment due to IF about y) ; and 

Mz - 0 (no frictional torque about z, 5 0). 

From Eq. (3a), verified by experiment, the top 
slowly processes about the y axis with a preccssional 
velocity that is counterclockwise when observed 
from above and given by 


coy “ “ 7 “^ (a constant) (4) 

7*0 

From Eq. (36), = 0, and the top maintains 

its position in the horizontal plane. From Eqs. (3), 
one sees that any moment exerted on the spinning 
body about the x axis produces an angular velocity 
of precession about the y axis, and any moment 
exerted about the y axis produces a negative pre- 
cession about the x axis. Such a spinning body is 
the heart of the gyroscope and such moments Mx 
and My are called gyroscopic moments. 

If the top of Fig. 1 is now placed in the more 
general position shown in Fig. 2, a similar preces- 
sion about a fixed vertical axis (Zo) due to the 
gravity moment will result. This is most easily seen 
by considering the angular momentum vector It. 
Because 5 is very large as compared to the angular 
velocity components of the coordinate system g, 
y, z attached to the top, the vector H is directed very 
nearly along the spin axis z, and is given by 
H k7*S. From Fig. 2, the moment vector due to 
gravity is directed normal to the plane of the z and 
Zo axes at all times and this produces a change dR, 
in time dt, of the angular momentum vector. From 
Fig. 2, dH = H (sin (9) (d^)n (n = unit vector 
normal to plane zZo), dHL/dt * sin (d^/dOn, 
and M = Wl (sin ^)n. The equation of angular 
motion M « dVL/dt becomes IF / sin 9 ^ H sin 6 
(d^/dt). Therefore 


d^ Wl 

— I. 

dt- IJS 


(5) 


is the processional velocity. 

The equation of motion is satisfied if the axis of 
the top swings or processes around Zo with a ve- 
locity Wl/IzS and with 0^ the inclination of the top 
to the vertical, undhanged. Note that Eq. (5) is 
identical to Eq. (4) and for large spin the preces- 
sion i^ small, satisfying the assumptions of Ae 
analysis, that the components of (o are negligible 
compared to 5. 

\K^en the value of 5 becomes smaller and no 
longer fulfills this inequality, the general motion 
of a spinning top must be considered. For the gen- 
eral case, the resultant motion consists of preces- 
sion and a second angular velocity of the 4xis of 
spin called nutation. See Nutation (astbonomy 

AND mechanics). 


STO l^nmisloii of oquinoxot 

OyrOMOp^ mottOfl. A gyroscope consists of a 
rapidly spinning rigid body with an axis of sym- 
metry. Generally such a body is mounted in a 
Cardanos suspension (see Poinsot’s method) so 
that its mass center is fixed and set spinning with 
a large angular velocity. Equations (3) are valid 
and (3a) and (36) can be expressed as a single 
vector equation 

«-j^(SxM) (6) 

where S has a direction along z, the axis of spin. 
The precessional angular velocity of the axis 
of spin is always at right angles to z and M. There- 
fore, from £q. (6), the axis of spin always turns 
toward the resultant moment acting on the gyro- 
scope. 

This simple analysis and result shows the stabil- 
ity which a large rotation imparts to a body, be- 
cause under such rotation the body refuses to 
change the direction of its axis unless large mo- 
ments are applied. When such moments are ap- 
plied, the resulting displacements due to the pre- 
cession are obtained according to Eq. (6) and are 
shown in Fig. 3, As a result a gyroscope is appli- 
cable for stabilizing ships in rolling seas or a 
monorail car, for inertial navigation instruments, 
and as the heart of the gyrocompass. Furthermore, 
the dynamical analysis of the gyroscope explains 
how bullets and shells that are spun obtain aero- 
dynamic stability in flight. See Ballistics, exte- 
rior; Gyroscope. 

Airplane maneuvers. Rotating masses on air- 
craft such as propellers, gas turbine rotors, jet 
engine compressors, and the like can exert gyro- 
scopic moments on the airplane during maneuvers. 

As an example, consider an airplane which is 
making a sharp turn in a horizontal plane (see Fig. 



Fig. 3. Sefceittatic drowing showing the relation be- 
tween spin^ moment, and procession of a spinning 
body. 




propeller in an airplane following a curved flight path 
exert gyroscopic moments, as shown. 

4). As the airplane fellows the flight path curve C, 
it is forcing the rotating parts with spin S to prC’ 
cess with velocity (Ofj = V/R. From Eq. (3), then, 
the airplane must exert a moment M , = 
where is the moment of inertia about z of the ro- 
tating parts. If the elevators are not set to produce 
the required moment Mr, the nose of the airplane 
will rise. 

All flight paths which involve sharp and rapid 
turns and loops will be accompanied by gyroscope 
moments exerted by the rotating parts, although 
such moments are usually small as compared with 
the aerodynamic moments acting. [r.e.bo.J 

Bibliography: G. Joos, Theoretical Physics, 3d 
ed., 1958; A. G. Webster, Dynamics of Particles 
and of Rigid, Elastic, and Fluid Bodies, 2d ed., 
1959. 

Precession of equinoxes 

A slow change in the direction of orientation of 
Earth’s axis of rotation which results in a gradual 
westward motion of the equinoxes. There are two 
types, known as lunisolar precession and planetary 
precession. The total precession is the sum of these 
two. The phenomenon of lunisolar precession, which 
is by far the more important, was discovered by 
Hipparchus about 125 B.C., end was first explained 
by Sir Isaac Newton. " 

The terra equinox has d 4isel meaning. It refers 
to (1) either of the two imaginary points at which 
the ecliptic (the apparent annual path of the San 
among the stars) crosses the celestial equator 




Fig 1. The gravitational attraction of the Sun or 
Moon on Earth results in a torque which tends to tip 
Earth s axis. 



Fig 2 Conical motion of Earth's axis. One complete 
cycle of precession requires 26,000 years. 

;*rpat circle in which the plane of Earth’s equa- 
tor intersects the celestial sphere), or (2) the date 
when such a crossing occurs. During its annual 
journey around the ecliptic the Sun crosses the ce- 
lestial equator twice. There are theiefore two equi- 
noxes each year; the vernal equinox occurs about 
March 21, and the autumnal equinox occurs about 
September 23. The annual westward motion of the 
equinoxes caused by precession amounts to about 
50''27. The general motion of Earth’s axis of 
rotation consists of precession plus a second angu- 
lar motion of the axis which is called nutation. For 
general discussions of these phenomena, see Nuta- 
tion (astronomy and mechanics) ; Precession. 
See also Astronomical coordinate systems; 
Earth, orbital motion; Equinox. 

Physical causes. The lunisolar precession of the 
equinoxes is caused by the gravitational attraction 
of the Sun and the Moon which, as a result of the 
polar flattening of Earth and the inclination of 
Earth’s axis, gives rise to a small turning moment, 
or torque, on the Earth in its orbit (Fig. 1). This 
torque is not constant because of the varying po- 
sitions in space of the three bodies involved. Be- 
cause of the closer distance of the Moon, the mag- 
nitude of the torque due to the Moon is greater than 
that due to the Sun. As a result of this torque. 
Earth’s axis describes a cone about the normal to 
the plane of its orbit (Fig. 2) ; the period of tins 
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precession is approximately 26,000 years in a direc- 
tion opposite to that of Earth’s rotation, that is, the 
equinoxes precess from east to west. Because the 
angular momentum of the spinning Earth is so 
large, the rate of precession is extremely slow. 

Planetary precession. This is a comparatively 
small eastward motion of the equinoxes caused by 
the action of the other planets in altering the 
plane of Earth’s orbit. Planetary precession also 
causes a small change in the rate of lunisolar pre- 
cession. 

Effects. Asa result of precession, Polaris will not 
always be the pole star. Vega will be nearer to the 
north celestial pole in about 12,000 years; a Dra- 
conis was the pole star about 4600 years ago. An- 
other effect of precession is that the signs of the 
zodiac no longer correspond to their respective 
constellations. The sign of Aries is now in the con- 
stellation of Pisces, and so on | K.w.p.] 

Bibliography. H. N. Russell, R. S. Dugan, and 
J. Q. Stewart, Astronomy, vol. 1, 1945. 

Precious stones 

The materials found in nature that are used fre- 
quently as gem stones, including amber, beryl (em- 
erald and aquamarine), chrysoberyl (cat’s-eye and 
alexandrite), coral, corundum (ruby and sap- 
phire), diamond, feldspar (moonstone and amazon- 
ite), garnet (almandite, demantoid and pyrope), 
jade (jadeite and nephrite), jet, lapis lazuli, mal- 
achite, opal, pearl, peridot, quartz (amethyst, cit- 
rine, and agate), spinel, spodumene (kunzite), to- 
paz, tourmaline, turquois and zircon. See Gem. 

The terms precious and semiprecious have been 
used to differentiate between gem stones on a ba- 
sis of relative value. Because there is a continuous 
gradation of values from materials sold by the 
pound to those valued at many thousands of dol- 
lars per 'arat, and because the same mineral may 
furnish both, a division is essentially meaningless. 
All but a few of the gems listed cost many dollars 
per carat in fine quality. Gold, the symbol of con- 
centrated value and the measure of preciousness, 
brings less than tO.25 per carat. Thus, almost all 
gem stones merit the use of the term precious. 

[r.t.l.] 

Precipitation (chemistry) 

The process of producing a separable solid phase 
within a liquid medium. In a broad sense, precip- 
itation represents the formation of a new condensed 
phase, although other terms are often used to de- 
scribe the process. Thus, (1) a vapor or gas con- 
denses ^to liquid droplets, or more specifically as in 
meteorology, water vapor in the atmosphere pre* 
cipitates to form rain, snow, or ice; (2) a sub- 
stance in the liquid state freezes or solidifiea; 
(3) a dissolved component crystallizes from a su- 
persaturated solution; (4) a new solid phase 
gradually precipitates witlnn a solid alloy as the 
result of ^ alow, inner dbemioal reaction; on (5) a 
metal dei^odepoaits upon the passage of ais elec* 
tricalcHmentihrott^a^^ , 
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In analytical cbemiatry« precipitation is widely 
used to effect the separation of a solid phase in 
an aqueous solution. For example, the addition of a 
water solution of silver nitrate to a water solution 
of sodium chloride results in the formation of in- 
soluble silver chloride. Quite often, one of the 
components in the solution is thus virtually com- 
pletely separated in a relatively pure form. It can 
then be isolated from the solution phase by filtra- 
tion or centrifugation, and the substance deter- 
mined by weighing. This procedure is known as 
gravimetric analysis. Precipitation may also be 
used merely to effect partial or complete separa- 
tion of a substance for purposes other than that 
of gravimetric analysis. Such purposes might in- 
volve either the isolation of a relatively pure sub- 
stance or the removal of undesirable components 
of the solution. 

Solubility-product constant. The extent to which 
a component can be separated from solution can 
be determined from the solubility-product constant 
obtained by determining the quantity of dissolved 
substance present in a known amount of saturated 
solution. This value is known as the solubility. The 
solubility can be drastically altered merely by add- 
ing to the solution any of the ions comprising the 
precipitate, as for example, the addition of varying 
quantities of either silver nitrate or sodium chlo- 
ride to a saturated solution of silver chloride. Al- 
though solubility can be altered over a wide range, 
the solubility product itself remains practically con- 
stant over this same range. 

The solubility-product constant can be used to 
ascertain the quantity of dissolved component re- 
maining unprecipitated in the presence of known 
concentrations of the ions common to the precipi- 
tate. By proper adjustment of the concentration of 
the added common ion, it is possible to reduce the 
quantity of dissolved component to a negligible 
value, although never to zero. It is an extremely 
important criterion of a method of gravimetric 
analysis that the quantity of unprecipitated com- 
ponent be negligible, particularly in comparison 
with the quantity of precipitate formed. The ana- 
lytical chemist uses the word quantitative to de- 
scribe such a chemical reaction. 5ee Solubility 

PRODUCT CONSTANT. 

Impufittes. The purity of the precipitated solid 
phase is of major concern, both for the preparation 
of a desired chemical compound and for a quanti- 
tative tnethod of gravimetric analysis. It is not pos- 
sible for a precipitate to be formed as an absolutely 
pure compound by chemical reaction within the 
solution phase. Other soluble substances present 
in the solution, such as the ions not involved in the 
structure of the precipitate, tend to accompany the 
solid phase in varying amounts. This phenomenon 
is known as coprecipitation. The fraction of the 
total quantity of such foreign ions coprecipitating 
may be quite small. Although this fraction depends 
m experimmital variables, it is highly dependent 
upon the rdlatiofidiip between the solubility char- 
acteristics of the desired chemical precipitate and 


the foreign substance. As a specific example, pa|L 
tial precipitation of iodide (as silver iodide) using 
silver nitrate would coprecipitate (as silver chlo- 
ride) only a small fraction of any chloride present, 
whereas it would coprecipitate (as silver bromide) 
a larger fraction of any bromide present. The io- 
dide is more insoluble than the bromide, which h 
more insoluble than the chloride. Knowledge of the 
relative solubility characteristics of the chemical 
species present is thus extremely desirable to the 
chemist who needs to know whether foreign sub- 
stances are being collected with the solid or are 
being left in solution. 

A precipitated phase may incorporate foreign 
ions within its structure in several ways. Best un- 
derstood of these is isomorphous mnced-crystal for- 
mation. Radium and barium sulfates form isomor- 
phous mixed crystals because the two compounds 
have the same crystal structure and the ionic radii 
of radium and barium are not greatly different. 
Thus, radium and barium ions are interchangeable 
within the crystal lattice to a considerable degree. 
Silver bromide and silver chloride will also form 
isomorphous mixed crystals. Because of the ease 
with which interchange can lake place within the 
crystal lattice, isomorphous mixed crystal systems 
should be avoided if a good separation of the two 
different ionic species is desired. On the othtM 
hand, the property of isomorphism may also be 
put to good use in concentrating minute traces. 
For example, barium sulfate precipitated in the 
presence of minutc/^ traces of radium will carry 
with it almost all of the radium. Such procedures 
arc frequently used in the collection of minute 
traces of radioactive species. 

An ion present at high dilution may be incorpo- 
rated, apparently by mixed crystal formation, even 
though such formation would not be predicted on 
the basis of crystallography and ionic radii. An ex- 
ample of this is the coprecipitation of traces of 
lead with potasaiuni chloride. This phenomenon is 
known as anomalous mixed crystal formation, or 
isodimorphism. 

When foreign-ion incorporation cannot be as- 
cribed to isomorphism, coprecipitation may occur 
by adsorption. Residual charges at the surface of 
a precipitate attract charged ions in the solution. 
The adsorption process results in a greater concen- 
tration of foreign ions near the precipitate surface 
than exists in the main body of the solution. Ad- 


sorbed foreign ions may remain quite firmly 
tached to the solid. In fact, they may be covered as 
succeeding layers of the crystal are deposited and 
cause imperfections within it. This latter phenome- 
non is known as occlusion, although it arises as a 
result of adsorption. The term occlusion should be 
distinguished from inclusion, which refers to the 
mechanical trapping of the solutions (and solutes 
in it) within the precipitijite. 

Sometimes one'^ubsitiince In a mixture precipi- 
tates rapidly but a second forelg% substance jmen 
precipitates slowly as a second solid phase. 
is not generally considered to be 



but 18 referred to as postprecipitation. The post- 
precipitation of zinc sulfide with copper sulfide is 
a typical example. 

Methods for reducing contamination. In an ef- 
fort to reduce contamination by foreign ions, the 
chemist resorts to various techniques. Precipita- 
tion from dilute solution is often effective. Heating 
the reaction mixture, that is, digesting the solid in 
the liquid phase, speeds recrystallization processes 
by which incorporated foreign ions may be returned 
to the solution phase. Precipitation from homoge- 
neous solution, a technique in which the desired 
precipitating reagent is formed internally within 
the solution by chemical synthesis, results in the 
slow formation of large crystals of small surface 
area, and hence, lessens coprecipitation. 

If all these methods fail to reduce adequately 
the quantity of foreign ions incorporated in the 
solid phase, then repreupitation is applied. The 
precipitate is dissolved and repreripitated by the 
previous procedure. As in the initial precipitation, 
a major fraction of the foreign ions will remain in 
solution. The process of reprecipitation must be 
repeated until the quantity of foreign ions present 
in the precipitate can be disregarded See Adsorp- 
tion; CrYSTALI IZATION ; ELECTRODEPOSniON ANAL- 
YSIS; Gravimetric analysis; Isomorphism (crys- 
tailography) ; Nucleation; Sahjrationof solu- 
tions; Separation (chimical and physical). 

PRECIPITATION FROM HOMOGENEOUS SOLUTION 

In this technique, the precipitant is generated in 
situ within the solution phase instead of being 
added directly, as in the conventional manner. 

The substances required to effect precipitation 
from homogeneous solution can be generated 
within a solution phase in a variety of ways. For 
example, if a source of hydroxyl ions is needed to 
precipitate metallic ions, urea in solution can be 
hydrolyzed to produce ammonium hydroxide to act 
as the source. Other anions needed as precipitants 
can often be formed by the hydrolysis of appropri- 



Nichal dimathylglyoxlmota pradpitoled bV two diffar- 
ent mathods. (o) Pracipitotion from homopaiiaout tolu- 
♦ion. (b) Direct oddition. (From L Gordon and £. 0. 
Solosin, PraclpftoffOfi from fcomogariaovi sofidion, 
J- Cham. Edua, 38(f):16, 1961) 


PfodpUMha (eboniiitty) S79 

ate esters. Thus, dimethyloxalate can serve as a 
source of oxalate ions to precipitate thorium, and 
dimethyl sulfate can be the source of sulfate ions 
to precipitate lead. There also are methods for 
the generation of cations. For example, silver ions 
can be slowly released from a complex ion such as 
Ag(NHj) 2 ^ to precipitate chloride ions. Various 
investigators have developed ingenious methods for 
producing the necessary precipitant to effect pre- 
cipitation from homogeneous solution. 

The formation of larger, more perfect, and purer 
crystals occurs almost without exception when pre- 
cipitation from homogeneous solution is used in 
place of direct addition of the precipitant. 

The photomicrographs show the difference in ap- 
pearance of nickel dimethylglyoximate precipi- 
tated by two different methods. The precipitate 
shown in part 6 of the illustration was formed by 
the direct addition of dimethylglyoxime to a solu- 
tion containing nickel ions, as follows: 


CHa -C=-N()H 

2 I + Ni+2 

CHs-C -NOH 


OH 

X \ 

CHa -C=N N-=C--CH 8 

\ / 

Ni 

/ ^ 

CHa— C— N N==C -CH* 

/ 

0 , 'HO 


+ 2 H+ 


The more perfect crystals shown in part a werte 
precipitated from homogeneous solution by syntho* 
sizing the necessary dimethylglyoxime from biace- 
tyl and hydroxylamine by the following reactions: 


CHa— C =0 

I + HaNOH 
1 — C =0 

CHa— C=NOH 

I 

CHa — C =0 


CHa 


CHa— C==NOH 

I + HjNOH 
CHa— C =0 


CHa— C=NOH 

I +H ,0 

CHa— O=N 0 H 


Because the rate at which a precipitant is gener- 
ated ckn be controlled very closely, precipitation 
from homogeneous solution is used a. a research 
technique in studies of the mechanisms of nuclea- 
tion, precipitation, and coprecipitation. The tech- 
nique has many applicationa in gravimetric analy- 
sis, in the production of pure chemicals, and in 
the control of particle aize of crystala. [t-c.] 

BibUographyi L. Gordon, M. L. Salutsky, and 
H. H. WiUard, PredpitMion from Homegeneoua 
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Solution, 19S9; L. Gordon and E. D. Salesin, Pre- 
cipitation from homogeneous solution, J. Chem, 
Educ., 38(1) :16, 1961. 

Precipitation (meteoroiogy) 

The fallout of water drops or frozen panicles from 
the atmosphere. Liquid types are rain or drizzle, and 
frozen types are snow, hail, small hail ice pellets 
(also called ice grains; in the United States, sleet), 
snow pellets (graupel, soft hail), snow grains, ice 
needles, and ice crystals. In England sleet is defined 
as a mixture of rain and snow, or melting snow. 
Deposits of dew, frost, or rime, and moisture col- 
lected from fog are occasionally also classed as 
precipitation. 

All precipitation types are called hydrometeors, 
of which additional forms are clouds, fog, wet haze, 
mist, blowing snow, and spray. Whenever rain or 
drizzle freezes on contact with the ground to form a 
solid coating of ice it is called freezing rain, freez- 
ing drizzle, or glazed frost; it is also called an ice 
storm or a glaze storm, and sometimes is popularly 
known as silver thaw or erroneously as a sleet 
storm. 

Most precipitation particles carry an electro- 
static charge, either positive or negative, but the 
origin of the charge and its relation to other prob- 
lems of atmospheric electricity are not completely 
understood. See Atmosphkrfc klectricity; Thun- 
derstorm. 

Rain, snow, or ice pellets may fall steadily or in 
showers. Steady precipitation may be intermittent 
though lacking sudden bursts of intensity. Hail, 
small hail, and snow pellets occur only in showers; 
drizzle, snow grains, and ice crystals occur as 
steady precipitation. Showers originate from in- 
stability clouds of the cumulus family, whereas 
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Fig. 1. Voriout forms of precipitation. 


steady precipitation comes from stratiform clouds. 
See Cloud. 

Depth of rain, melted snow, or other forms of 
precipitation is measured at the ground and is re. 
ferred to as precipitation, precipitation amount, or 
simply as rainfall. Frozen forms are first melted to 
obtain their water content, and then the amounts 
are recorded in millimeters (mm) or inches and 
hundredths of liquid water. Separate measurements 
are made of the depth of unmelted snow, hail, or 
other frozen forms. See Precipitation cages. 

Liquid types. Rain and drizzle are somewhat ar- 
bitrarily differentiated. Raindrops are generally 
over 0.5 mm in diameter and differ from drizzle 
mainly in having larger sizes. Drhple may also be 
distinguished from rain by the metrological con- 
ditions of its formation; drizzle falls usually from 
fog or thick stratus clouds, whereas rain comes 
from clouds of cumulus type or clouds extending 
well above the freezing level. Raindrops are rarely 
larger than 5 mm in diameter because larger sizes 
tend to break up. 

The small raindrops are approximately spherical, 
but large falling drops are flattened (see Fig. 1) 
especially on the bottom side. The following speeds 
of falling drops, in meters per second, were meas- 
ured in still air by R. Gunn (drop diameters are in 
millimeters) : 

Speed 0.27 2.06 4.03 6.49 8.06 8.83 

Diameter 0.1 0.5 1.0 2.0 3.0 4.0 

Frozen precipitallon. Snowflakes are branched, 
six-point star crystals, irregular forms such as mat- 
ted ice needles, or combinations of both ; often they 
are coated by rime. The speed of falling flakes is 
variable ; it is greater when the flakes are rimed and 
is mostly 1-2 mcters/sec. See Snow. 

Hail, mostly seen in thunderstorms, forms with 
the aid of warm, moist air when clouds build to 
great heights. Hailstones usually have concentric 
layers of rime and hard ice, typically 1 cm in di- 
ameter but ranging up to more than 10 cm. See 
Hail. 

Ice pellets are of hard ice, either clear or 
opaque, and may be spherical or irregular. They 
are formed by the freezing of rain or drizzle drops. 

Snow pellets are of soft, opaque ice, irregularly 
shaped, sometimes with scalloped edges and often 
studded with a few oblong or branched crystals. 
Typical diameters are 2-5 mm. They fall usually 
in showers, sometimes even when ground tempera- 
tures are a few degrees above freezing. U. Nakaya 
found their specific gravity to be about 0.12. Snow 
grains are similar but smaller and flatter, with di- 
ameters around 1 mm or less ; they fall generally in 
small amounts from stratus clouds or fog. 

Ice needles are narrow, pointed ^l^stals, roughly 
1-3 mm long and about Va mm in iii)|Kneter, which 
fall singly or in clusteJt:^, mostly at temperatures 
near or a little beldw freezing. 

Ice crystals are small rods or plates. They fall ic 
cold, stable air that is often without clouds, 
glisten in light as they settle to the ^round^ ^ | 
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Fig. 2. Distribution of average annual precipitation 
over the land areas. (From N. A. Bengtson and W. Van 

Geographical distribution. Precipitation is part 
of the hydrologic cycle, the continuous interchange 
of water between sea, land, and atmosphere, but its 
distribution over the earth is uneven (Fig. 2). 

Some world-record rainfall amounts are, for 1 
min, 1.23 in., Unionville, Md., 1956; 1 hour, 12.00 
in., Holt, Mo., 1947; 24 hours, 45.99 in., Baguio, 
Philippines, 1911; 2 days, 65.79 in., Funkiko, For- 
mosa, 1913; 31 days, 366.14 in., Cherrapunji, India, 
1861; 1 year, 1,041.78 in., and 2 years, 1,605,05 in., 
both Cherrapunji, India, 1860-1861 (data from 
U.S. Weather Bureau). 

Precipitation and weather. Precipitation occurs 
most often in cyclones or tropical disturbances. In 
weather forecasting, several synoptic (weather 
map) types of precipitation are recognized; warm 
front, warm moist air rising over a wedge of cold 
air; cold front, cold air undercutting and lifting 
warmer air ; convective, caused by local updrafts of 
moist air; convergent, general lifting of air caused 
by convergence at low levels ; and .orographic, moist 
air forced upward on mountain slopes. Any type 
may act alone ; however, convection or convergence 
may occur with other types. Lake snow falls when 
air, at first extremely cold, blows oflF a bay or oflF 
lakes such as the Great Lakes. Minor causes of pre- 
cipitation are turbulence, contact cooling (air mov- 
ing over a colder surface), and nighttime radiation 
from cloud tops, but the amounts from these 
sources are small. 

Condensation in the atmosphere. Basically this 
Requires that air be cooled to and below its dew 
point. Then, minute water droplets form by con- 
densation, or ice crystals form by sublimation. 
These droplets or ice crystals are cloud particles 


Royen, Fundamentals of Economic Geography, 4th ed., 
Prentice-Hall, 1956) 

from which, by a growth mechanism, the larger pre- 
cipitation particles may form. The only cooling 
process sufficient to produce appreciable precipita- 
tion is adiabatic expansion, which occurs in air ris- 
ing toward lower pressures (5ee Atmospheric 
ADIABATIC change). The rate of condensation in 
rising saturated air is greater the warmer the air 
and is directly proportional to the speed of ascent. 
For discussions of condensation nuclei, formation 
of precipitation in clouds, and artificial stimulation 
of precipitation, see Cloud physics; Weather 

MODIFICATION. 

For discussions of other topics related to pre- 
cipitation see Dew; Dew point; Fog; Humidity; 
Hydrology; Rain shadow; Vapor pressure. 

rj.R.F.] 

Bibliography \ T. F. Malone (ed.), Compendium 
of Meteorology, 1951 ; S. Petterssen, W eather Anal- 
ysis and Forecasting: voL 2, 2d ed., 1956. 

Precipitation gages 

Instruments used to measure the amount of rainfall 
or snowfall expressed as inches or centimeters 
depth of water which falls on a level surface. When 
precipitation gages are equipped with a recorder, 
the time of occurrence and the rate or intensity .are 
available as well. Other forms of preclfdlation, 
such as dew, frost, and moisture absorbed by the 
soil, are also of considerable interest, but they are 
not measured by the precipitation gages routinely 
used by the meteorological services. 

General design feateres. The gage is basically 
an open contamer and funnel constructed njo mini- 
mize any splashing out, and mounted 1-3 ft above 
the surface to prevent splashing into the container, 




yet not so high that its catch is affected by the wind 
which normally increases in velocity with height. 
From the volume of water calibrated and the area 
of the opening, the depth of water is easily ob- 
tained. Various schemes are used to obtain the 
Water volume. The U.S. Weather Bureau calibrates 
the catch in a cylinder whose area is one-tenth that 
of the gage area. The depth is measured by a dip 
stick calibrated in inches. Cages used in other 
countries have bottles, graduated cylinders, or 
other arrangements for obtaining the volume of the 
catch. The funnel in each of these gages reduces 
water loss by evaporation. 

Recording instruments. A continuous type of 
recording rain gage uses a spring balance to record 
on a clock-driven chart the weight of the precipita- 
tion calibrated. High sensitivity is obtained by 
using a slotted linkage so that large amounts of 
rainfall cause the recorder pen to travel back and 
forth several times across the chart. Another type 
of recording gage uses a shallow V-shaped two- 
compartment tipping bucket, pivoted at the vertex 



Fig. 1. Fergusson weighing and recording type of 
gage. (From F. A. Berry, Jr., E. Bollay, and N, R. Beers, 
eds.. Handbook of Meteorology, McGraw-Hill, 1945) 



Fig. 2. A tfpptng-bucket gage. (From F. A. Berry, Jr., 
E. Bothy, Olid N. R. Beers, eds.. Handbook of Meteor^ 
ohgy, MeGtow^Hill, T945) 


so that it has two stable positions. The vertical 
partition lies just below the opening' in the funnel 
and directs the flow into the other position where 
the second compartment fills while the first empties 
into a container. Each tip of the bucket corresponds 
to 0.01 in. of rainfall, and closes an electrical 
contact to actuate a remote register. Still other 
types of gages use a float to actuate the recording 
pen. Some of these have an automatic siphon to 
empty the float chamber when a specific amount of 
rainfall (0.02 in.) is collected. 

Gaging snowfall. When a suitable wind screen 
is used, snowfall can be measured by melting the 
snow collected in a rain gage (the funnel must be 
removed). Fallen snow is also measured by 
taking sample cores. \ device for measuring the 
mass of snowfall uses a cobaIt-60 y-ray source at 
ground level columnated toward a Geiger counter 
mounted several feet above the surface. As snow 
covers the surface, the reduction in counting rate 
as a result of y-ray absorption by the snow is used 
to determine the mass of snow in the column. An 
attractive feature of the device is that the counts 
are easily telemetered by radio, making it very 
useful for mountainous regions. See Snow cage; 
Snow surveying. [v. e. suomiI 

Bibliography: F. A. Berry, Jr. et al. (eds.). 
Handbook of Meteorology y 194S; W. E. K. Middle- 
ton, Meteorological InstrurnentSy 3d ed., 1953. 

Precipitin 

A term uaed in serology to describe an antibody 
that reaefs with its corresponding antigen to give a 
visible precipitate. Since precipitin reactions are 
given by some purified antibody solutions that also 
give agglutination and other serological reactions, 
this is purely an operational definition. Incomplete 
antibodies are also known that do not precipitate 
with soluble antigens although they will agglutinate 
and otherwise add on to particulate antigens, and 
evidence for their occurrence together with precipi- 
tating antibody can be obtained for most sera. Pre- 
cipitins may be quantitated by noting the endpoint 
dilution (titer) of serum required to give a pre- 
cipitate at the threshold of visibility, or the amount 
of antibody may be determined in milligrams or 
micrograms by appropriate analysis of the precipi- 
tate, with correction for the antigen contained 
therein. See Antibody; Antigen; Precipitin test. 

[h. p. treffebsI 

Bibliography: S. Raffel, Immunity, 2d ed., 
1961; G. S. Wilson and A. A. Miles (eds.), Top^ 
ley and Wilson^s Principles of Bacteriology atid 
Immunity, 2 vols., 5th ed., 1%4. 

Precipitin test 

A term used in serology to describe a specific re- 
action between antigen and antibody that results 
in a visible precipitate. 

The precipitin test or reaction is a technique 
used in serology to deterimne either the antigen or 
its corresponding antibody. This reaction differ* 




from agglutination chiefly in the size of particles 
involved* In agglutination, the particles are usually 
cells and are usually large enough to be seen under 
the microscope. The precipitin test is most often 
u'^ed as a test for particular antigens in extracts of 
unknown bacteria, blood stains, or tissues, and it 
finds application in the diagnosis of bacterial dis- 
eases, such as streptococcal infections and anthrax, 
and in the medical-legal identification of the animal 
species providing a blood stain or tissue. The most 
important identification of antibody is that result- 

antigen ontibody positive negotive 

precipitate I I 
at lunction no 
of fluids Q,. I J precipitate 


The ring test, one form of the precipitin test (From 
C J. Witton, Microbiology with Applications to Nurs- 
ing, 2d ed , McGraw-Hill, 1956) 
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ing from syphilitic infection, although the antigen 
utilized mav be derived from normal as well as 
syphilitic tissue. The Kahn, Khne, and olhei floccu- 
lation test^ are examples. The precipitin lest may 
be initiated hv mixing clear antigen and antibody 
solutions and observing whether a precipitate forms 
after a short period at 37® or after hours or days at 
0®C It may be quantitated by observing the limit- 
ing dilution of antibody, or less desirably, the 
antigen, at which the reaction becomes just visible. 
Or the amount of precipitate may be determined as 
milligrams or micrograms of protein hy chemical 
or instrumental procedures. These mav estimate 
as little as 0.1 /u.g antibody nitrogen. In other 
variations, the antigen solution is laid over serum 
containing the antibody. A visible precipitate layei 
at the interface is a positive test. Antigens and 
antibodies may also be permitted to diffuse to- 
ward one another through agar gels. Antigen so- 
lutions diffusing into the agar form a distinct and 
stable band for each component which has anti- 
body present. With this technique, purified and 
supposedly homogeneous antigens have been 
shown to consist of seven distinct components. 
•See Agglutination reaction; Anthrax; Anti- 
body; Antigen; Syphilis. 

[h. p. trlcfers] 

Bibliography. J. F. Ackroyd (ed.), Immunologi- 
ral Methods, 1964; E. A. Rabat and M. M. Mayer, 
Experimented Immunochemistry, 2d ed., 1961. 

Precision approach radar (PAR) 

A radar system located on an airfield for observa- 
tion of the position of an aircraft with respect to 
an approach path and specifically intended to pro- 
vide guidance to the aircraft during its approach 
to the field. 

The PAR system consists of a ground radar 
equipment which is alternately connected to two 
antenna 8 y$t 9 ms. One of these antenna systems 
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sweeps a narrow beam over a 20® sector in the^fedPi 
zontal plane. The second antenna system sweeiMt a 
narrow beam over a 7® sector in the vertical 
Since the reflected energy from the aircraft pro- 
duces information on the location of the aircnrgft 
in terms of angles and distance, the two sweeps 
give the three-dimensional location of the aircraft 
(see Fig. 1). 

To obtain the necessary discrimination, the an- 
tenna systems must produce extremely narrow 
beam widths. Further, since it is necessary to ob- 
tain information very often, these antennas must 
be capable of scanning at a very fast rate (about 
4 scans /sec). The desired performance is obtained 
by use of long linear arrays of dipoles. Operating 
on a frequency of approximately 10,()00 megacy- 
cles, some of these antenna arrays have employed 
130 dipoles and had lengths of approximately 
8 S ft. The resulting beam width for the antenna 
sweeping in the horizontal plane is a height of 
about l.S® and a width of 0.6®. The antenna sweep- 
ing in the vertical plane has a width of approxi- 
mately 3 0® and a height of 0.4® (she Fig. 2). 
Rapid sweeping is ac( omplished bv changing the 
phasing of the energy fed to the dipoles. This 
phase change is accomplished by varying the di- 
mensions of the wave guide that feeds the dipole®. 

Various presentations of the data from the PAR 
have been produced. One of the simplest pfesenta- 
tions employs two cathode-ray oscilloscopes. One 
of these presents azimuth versus distance, the 
other elevation versus distance (see Fig. 3). The 
operator positions tiansparent plastic scales over 
the spots representing the target. Attached to the 
scales are cam mechanisms that rotate voltage di- 
viders. The cams are cut with curves that corre- 
spond to the localizer and glide-slope positions 
that an aircraft should follow in making an opti- 
mum approach. With an aircraft making an opti- 
mum approach, the cams always position the arm 
on the voltage divider so that the output is zero. 



Fig. 1. Guldonca with pnteisi«)n cippraocK rocior. 
(From P. C. Sandrmfta, Bhcfroaic^Aviffofhn 
mg, Infarnational Tolophono dndf/7ffogro|>k (knpdfth 
tion, 1959) 
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Fig. 2. Field patterns of the antennas of the radar 
low-approoch system. The dimensions shown ore all 
in degrees. The broken lines Indicate the total move- 
ment of the field patterns. The cross-hatched areas 
represent the dimension of the field patterns from the 
antennas when they are not sweeping. 


Fig. 3. Simple display of a low-approach radar, (o) 
Azimuth-distance, ib) Elevation-distance. 

Deviation above or below or to the right or the left 
of the optimum path produces a positive or nega- 
tive output voltage. This voltage is connected to a 
cross-pointer instrument such as that used with 
ILS. See Instrument landing system (ILS). 

Probably the most elaborate PAR presentation 
is that known as the AZ-EL scope. On this oscillo- 
scope presentation, all information is generated 
electronically. The upper half of the oscilloscope 
is devoted to the presentation of glide-slope (verti- 
cal position) indication and the loyer half of the 
scope is devoted to azimuth (localizer) indica- 
tion. The optimum paths in the horizontal and ver- 
tical planes are indicated by electronically gener- 
ated lines. Distapce is displayed logarithmically so 
that about hal{ of the scale shows a distance equal 
to 3 miles while the remaining half is equal to 
about 7 miles. 


It is not necessary to have specific airborne 
equipment in order to utilize the PAR system, al- 
though such equipment has been used experimen- 
tally. In common practice, the ground PAR opera- 
tors call instructions to the pilot, indicating the 
relative position of the aircraft with respect to the 
optimum approach path or give the pilot maneuver- 
ing instructions that will bring the aircraft to the 
approach path. See AmcRAFT low-approach sys- 
tems; Navigation systems, electronic. [p.c.s.] 

Bibliography: P. C. Sandretto, Electronic Avi- 
gation Engineerings 1958. 

Pregnancy 

In humans, the period'll about 280 days required 
for the normal intrauterine development of a child. 
Fertilization, or conception, occurs if, shortly after 
ovulation, a male sperm penetrates the ovum. 
Ovulation is usually midway between menstrual 
periods. The ovum passes into the Fallopian tube 
and then into the uterus. Most fertilization is be- 
lieved to occur in the tube within a day or so of 
ovulation. If the fertilized ovum does not proceed 
into the uterus, one form of ectopic, or displaced, 
pregnancy may occur. See Fertilization; Ovum; 
Sperm cell. 

Under normal conditions, the fertilized ovum will 
pass into the uterine cavity and become fhiplanted 
in the lining, or mucosa, called the endometrium. 
This highly vascular tissue, which usually responds 
to the cyclic regulation of female hormones, now 
gradually comes under the influence of the gesta- 
tional or placental hormones. These tend to main- 
tain the mucosa, instead of allowing it to be 
sloughed off periodically. In addition, they directly 
and indirectly exert influences on the entire en- 
docrine system so that almost every tissue and 
organ of the body is affected. See Pl agent ation. 

As the embryo develops, rapid differentiation of 
germ layears into organs and systems occurs, ac- 
companfed by a corresponding growth in the size of 
the embryo and of the supporting placenta. 

Maternal changes. Changes in the mother are 
most marked in the reproductive organs, including 
the uterus itself. A slight enlargement and soften- 
ing of the uterus may be detectable on examination 
by the end of the second month. As further enlarge- 
ment occurs, the muscular wall becomes hypertro- 
phied and then stretched, so that it is soft and some- 
what flexible. During the fourth month the uterus 
ordinarily rises above the pelvis and becomes 
abdominal. By the end of pregnancy the uppet 
portion of the uterus lies just beneath the anterior 
rib margins. 

Changes in the breasts begin early in pregnancy 
with enlargement and Ipndemess being common. 
As term approaches, tbe JD^jpiples and areolae in* 
crease in size and deepe# in pigmentation, re- 
flecting the proliferation of the glandular elements 
of the Ilreasts. A watery or slightly turbid 
charge, called colostrum, may be expressed 





the nipples, especially in women who have had 
previous pregnancies. 

Changes in the vagina, ovaries, and cervix ac- 
company the progression of pregnancy. Systemic 
alterations in renal function, cardiovascular adapta- 
tions, blood volume and cell counts, as well as in 
chemical constituents of blood and tissue all reflect 
the complex physiologic changes required for 
successful pregnancy. 

Ectopic and multiple pregnancy. Ectopic preg- 
nancy occurs when the fertilized ovum becomes im- 
planted on tissues other than the endometrium of 
the uterus. This is said to happen in about 1 out 
of every 300 pregnancies and most of these aberrant 
implantations are found in the Fallopian tubes. 
Other sites of implantation are the ovaries and the 
abdominal cavity. 

Multiple pregnancy indicates the simultaneous 
development of two or more fetuses. Twins occur 
about once in 90 pregnancies, triplets once in 10,- 
000, and greater numbers are unusual enough to be 
widely heralded events. 

Termination of pregnancy. Pregnancies may 
proceed to term or may be concluded by natural or 
artificial means prior to normal delivery. The term 
abortion is used to indicate the passage of a fetus 
of less than 1000 grams, or before the twenty-eighth 
week of pregnancy. This may occur spontaneously 
as a result of any one of many causes, including 
criminal induction. 

When pregnancy is terminated after the twenty- 
eighth week and before the end of normal preg- 
nancy, a premature infant is born. Premature labor 
commonly follows stress, infections, multiple preg- 
nancy, premature rupture of the fetal membranes, 
and other specific and nonspecific events. About 
5-7% of all pregnancies end in premature labor. 
The infant mortality decreases with the length of 
pregnancy and the size of the infant. 

Although the normal period of pregnancy in 
humans is given as 280 days from the beginning of 
the last menstrual period, or 269 days from the 
apparent time of fertilization, no completely accu- 
rate method exists for this measurement. There are 
cases in which pregnancy has continued for 300 
days or longer with no grossly abnormal features* 
in the offspring. [e.c.st.] 

Pregnancy, disorders of 

The relatively common minor complaints of nausea, 
vomiting, fatigue, and constipation and also the 
more serious disorders mentioned here. 

Pernicious vomiting is usually found early in 
pregnancy. Its cause is unknown but appropriate 
treatment is usually successful. 

The toxemias of pregnancy are a group of dis- 
eases found in the last trimester or following de- 
livery. They are characterized by hypertension, 
albuminuria, and edema. The convulsions and coma 
of eclampsia may ensue if treatment is delayed. 

Chronic hypertension, heart disease, and chronic 
kidney disease are preexisting conditions which 
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produce a high percentage of complications during 
and after pregnancy. 

Among the infectious diseases, tuberculosis and 
syphilis present hazards to both mother and the un- 
born infant. Although formerly a dreaded killer, 
childbirth fever (puerperal sepsis), a streptococcal 
infection, has largely been eliminated in modern 
facilities, but still exists in backward areas. See 
Streptococcus ; Syphilis ; Tuberculosis. 

Hemolytic diseases, capable of producing severe 
damage to the red blood cells of either the mother 
or child, may be largely avoided, or at least antic- 
ipated, bv proper blood testing. Particular atten- 
tion is given to the Rh factor and similar genetic 
blood groups. See Blood croups. 

Hemorrhage in pregnancy may be due to many 
causes but by far the most common is abortion; 
less common causes are ectopic pregnancy, pre- 
mature labor, and premature separation of the 
placenta from the uterus. 

In ectopic pregnancy, a not infrequent occur- 
rence, a fertilized ovum becomes implanted in a 
tissue other than the uterine mucosa.' Most often 
the site of implantation is some part of the Fallo- 
pian tube which becomes stretched and inflamed as 
growth precedes; rupture is not uncommon. In 
other cases, the fertilized ovum may be implanted 
on some part of the peritoneum or mesentery and 
produce some symptoms if growth proceeds. There 
are occasional reports of the delivery of a full- 
term, normal Infant by abdominal operation from 
such a site. In most cases, however, it is believed 
that the embryo does not survive and is gradually 
absorbed by the body. 

It is estimated that of every 100 fertilizations, 
only 70% will develop into term infants. Of the 
remainder, one-third are abnormal so that implanta- 
tion cannot occur, one-third result in abnormal 
embryos which are aborted, and one-third are lost' 
by spontaneous abortion from other causes. See 
Fertilization. [e.c.st.] 

Prehnite 

A mineral sorosilicate, composition Ca 2 Al 2 Si 30 io* 
(OH) 2 , crystallizing in the orthorhombic system. 
Distinct crystals are rare and it occurs usually in 
reniform and stalactitic aggregates with crystalline 
surface. Hardness is 6-6V6'on Mohs scale; specific 
gravity is 2.8-2.9. It has a vitreous luster with a 
light green to white color. Prehnite is character- 
istically found lining the cavities in basaltic rocks. 
It is associated with datolite, zeolites, calcite, and 
pectolite. Noted localities in the United States are 
at Patterson and Bergen Hill, New Jersey; West- 
field, Massachusetts; and Farmington, Connecticut. 
See Silicate minerals. [c.s.hu.] 

Press fit 

A press fit has negative allowance; that ia, 
bore in the fitted member is smaller than the i^baft 
which is pressed into the bore. Tight fits have 
negative allowance so that light pressure is re* 



qliir^d to assemblo the parU; they are used for 
gears, pulleys, cranks^ and rocker arms. Medium 
force fits have somewhat greater negative allowance 
and require considerable pressure for assembly; 
they are used for fastening locomotive wheels, car 
wheels, and motor armatures. See Allowance; 
Force fit; Shrink fit. [p.h.b.] 

Pressure 

The ratio of force to area. The force per unit area 
at the interior of the Sun is estimated to be 
3 X 10*^ dyne/cm^. In interstellar space, pressure 
approaches zero. Atmospheric pressure at the sur- 
face of Earth is in the vicinity of 14 Ib/in^. Pres- 
sures in enclosed containers less than this value 
are spoken of as vacuum pressures; for example, 
the vacuum pressure inside a cathode-ray tube is 
10"^ mm of Hg, meaning that the pressure is equal 
to the pressure that would be produced by a column 
of mercury, with no force acting above it, that is 
10‘® millimeters high. This is absolute pressure 
measured above zero pressure as a reference level. 
Inside a steam boiler, the pressure may be 800 
Ib/in.^ or higher. Such pressure, measured above 
atmospheric pressure as a reference level is gage 
pressure, designated psig. See Millibar, [f.h.r.] 

Pressure control, automatic 

A form of feedback control system in which the 
controlled variable is the magnitude of the pres- 
sure of a fluid. In many chemical and petrochemi- 
cal processes, maintenance of a pressure or vac- 
uum is an important condition to successful 
operation. Pressure control is used not only to ob- 
tain a satisfactory reaction but also to obtain con- 
stant flow through a control valve or constriction 
when the main pressure source is variable. The 
configuration of a pressure control system is 
closed-loop ; that is, the controlled pressure is 
measured and compared to some reference or set 
point. The difference between the set point and the 
actual pressure reading causes an actuator to open 
a valve. The valve admits more or less fluid, thereby 
increasing or decreasing the pressure at the point 
of measurement until a balance is reached. Some 
of the more complex systems adjust pressure by 
varying the speed of a pump or by decreasing 
pumping efiiciency, but most use throttling meth- 
ods. The same general principles which apply to 
the design and performance of all dynamical feed- 
back control systems apply to pressure control 
systems. 

These automatic pressure control systems re- 
quire transducers that measure the pressure and 
convert the reading into some readily usable form, 
such as force, torque, rotation, displacement, elec- 
tric voltage or current. Once converted into a usa- 
ble form, the signal is processed in a controller and 
applied to an actuator which varies the pressure 
adjusting mechanism. 

Pressure control systems have many possible 
fonns. A common mechanical form is the reducing 



Pressure regulating valve. 


or regulating valve, which combines the functions 
of the pressure transducer, controller, and actuator 
in the simple device shown in the figure. The con- 
trolled pressure on th<)i^ downstream side is ad- 
justed by opening or closing a poppet valve which 
throttles the flow of fluid. As the valve is adjusted, 
the controlled pressure falls or rises. The poppet 
valve may be regarded as the actuator in a feed- 
back control system. 

The reference input is the force created by the 
compression of the spring. This force is compared 
to the force created by the pressure on the dia- 
phragm and, if an unbalance exists, will open or 
shut the valve depending on whether the pressure 
force is lower or higher than the spring force. As 
in all feedback control systems, the possibility of 
self-induced oscillation exists. This would ^ccur if 
change in valve area were too large for the error in 
pressure. Oscillation is prevented by restricting 
the feedback passage. An orifice, in combination 
with the vlAume of the diaphragm cavity, acts as a 
low-pass, low-gain element. This element performs 
the functions of a controller in preventing oscilla- 
tion and producing satisfactory performance in the 
presence of disturbances. 

The automatic pressure control system illus- 
trated in this example is a simple one in which the 
various functions of pressure sensing, error com- 
putation, controlling, and actuation are carried out 
in a compact device. Simpler devices such as pres- 
sure relief valves which exhaust fluid into the at- 
mosphere or overflow sump, or more complex sys- 
tems using pressure transducers, conventional 
pneumatic or electric controllers, and separate 
actuators are also used, depending on the applica- 
tion. 

The basic theory which describes the perform- 
ance and design of pressure control systems is 
identical to that of any dynamical feedback con- 
trol system. Considerations of stability, steady- 
state accuracy, sensitivity to extraneous variations, 
such as temperature and supply pressure, and re- 
sponse to random fluctuations are important. See 
Control system; Process control. [j.r.k.] 

Prestore measurement 

The determination of the magnitude of a (fluid) 
force applied to a unit area. 

Pressure measurements are generally classifies 
as gage pressure or absolute pressure. Gage pres- 


sure is the difierence bet\yeen a given pressure and 
the pressure of the atmosphere. Absolute pressure 
is the total pressure, including that of the atmos- 
phere. Atmospheric pressure was the first pressure 
that was really measured; it remains an import 
tant third category. Pressures less than atmospheric 
pressure are called vacuum (see Vacuum measure- 
ment). 

The table compares eight common units of 
pressure measurement. To avoid confusion, abso- 
lute or gage is often sufiBxed, for example, 100 
pounds per square inch gage pressure (100 psig) 
or 115 pounds per square inch absolute pressure 
(115 psia). 

In the laboratory, pressure is an important meas- 
urement, since the pressure level has a significant 
effect on most physical, chemical, and biological 
processes. 

In industry — particularly in the process indus- 
iries — pressure is measured and controlled to main- 
tain uniformity of product, to guide in safe op)era- 
lion, to determine pumping head for fluid transfer, 
and to measure other variables indirectly, includ- 
ing weight, liquid level, temperature, flow and den- 
sity of fluids, and hydraulic forces. 

Pressure gages generally fall in one of four cate- 
gories, based on the principle of operation: liquid 
columns, bell instruments, expansible-element 
gages, and electrical pressure transducers. 

Liquid-column gage. This type of pressure gage 
includes barometers and manometers. It consists 
of a U-shaped tube partly filled with a nonvolatile 
liquid. Water and mercury are the two most com- 
mon liquids used in this type of gage. .See Barom- 
eter; Manometer. 

If one leg is left open to the atmosj here, the 
difference in level is a direct measure of gage 
pressure. If two pressures are to be compared, one 
is applied to each leg of the gage. The level rises 
in the low-pressure leg and drops in the high- 
pressure leg. The differential pressure is the dif- 
ference in level (head) multiplied by the density 
of the instrument liquid. 

Bell-type gage. This consists of a housing in 
which a bell, open downward, is partially immersed 
in a liquid such as light oil or mercury. The liquid 



Fig. 1. Liquid-column gage (U-tube manometer). 



Fig. 2. Bell-type gage. 


acts as a seal between pressure applied on one side 
of the bell and the atmosphere on the other side. 
Vertical motion of the bell, opposed by a cali- 
brated coiled-wire spring, is a direct measure of 
gage pressure. 

The bell-type gage can also be employed to meas- 
ure the difference between two unknown pressures. 
Both sides of the bell are enclosed, and motion of 
the bell is detected and measured through a pres- 


Pretsure equivalents 



atm 

kg/cra* 

psi 

in. Hg* 

in. H,Ot 

mm Hg* 

mb 

J«Hg* 

Atmospheres 

Kilograms per 
square centimeter 

1 

1.033 

14.70 

29.92 

406.8 

760 

1013 


0.9678 

1 

14.22 

28.96 

393.7 

735.6 

980.7 


Pounds per square inch 

0.0680 

0.0703 

1 

2.036 

27.68 

51.71 

68.95 


Inches of rtiercury* 

0.0334 

0.0345 

0.491 

1 

13.60 

25.40 

33.86 


Inches of waterf 

0.00246 

0.00254 

0.0361 

0.0736 

1 

1.868 

2.486 


Millimeters of mercury* 

0.00132 

0.00136 

0.0193 

0.0394 

0.535 

1 

1.333 


Millibars 

Microns of mercury* 


0.00102 

0.0145 

0.0295 

0.401 

0.750 

0.001 

1 

0.00133 

750.1 

> 


* At 32*F (0®C) ; to convert to Hg at 60®F. multiply by 1.00283. 
t At 39.2®F (4®C) ; to convert to HjO at 60®F. multiply by 1.00096. 
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sure-tight bearing or seal. The accuracy of a bell- 
type gage is about 1% of full scale. 

Ex^nsibla metallic-element gages. These are 
in wide use throughout industry, due to their low 
cost and freedom from the operational limita- 
tions of liquid gages. 

There are three classes: bourdon, diaphragm, 
and bellows. All forms — as single elements — are 
affected by variations in external (atmospheric) 
pressure and hence are generally used as gage ele- 
ments. Accuracies vary from 0. 1-2.0% of full scale, 
depending on materials, design, and precision of 
components. 

These elements may be designed to produce 
either motion or force under applied pressure. 
The more common motion type may directly posi- 
tion the pointer of a concentric indicating gage; 
position a linkage to operate a recording pen, or 
pneumatic relaying system to convert the measure- 
ment into a pneumatic signal; or position an elec- 
trical transducer to convert to an electrical signal. 

Bourdon-spring gages, in which pressure acts on 
a shaped, flattened, elastic tube, are by far the 
most widely used type of instrument for pressures 
from 15 to 100,000 psi. These gages are simple, 
rugged, and inexpensive. See Bourdon-spring 
PRESSURE CAGE. 

In diaphragm-element gages, pressure applied 
to one or more contoured diaphragm disks acts 



Fig. 3. Bourdon tube. 



pressure 

psi 

Fig. 5. Bellows-element gage. 

against a spring or against the spring rate of the 
diaphragms, producing^' a measurable motion. The 
size, number, and thickness of the disks determine 
the range, from 2 in. of water to 30 psig. 

For lower pressures, slack membrane diaphragms 
are used, opposed by a calibration spring; these 
instruments can detect differential pressures as low 
as 0.01 in. of water. 

In bellows-element gages, pressure in or around 
the bellows moves the end-plate of the bellows 
against a calibrated spring, producing a measura- 
ble motion. 

Electrical pressure transducers. These devices 
convert a pressure to an electrical signal. They 
are used for applications requiring unusually high 
speed of response, high sensitivity, extremely high 
or low pressure measurement, or for applica- 
tions whgfe an electrical signal representing pres- 
sure is more convenient to use than a mechanical 
motion representing pressure. See Pressure trans- 
ducer; Strain gage. 

Measurement standards. For pressures below 
20 psig, the universally accepted standard of pres- 
sure measurement — both in the laboratory and in 
the industrial plant — is the classic manometer, us- 
ing mercury or water. 

For higher pressures, the standard is the dead- 
weight tester. The principle is the balance of the 
force exerted by a precisely known weight on a 
piston of precisely measured area against a varia- 
ble hydraulic pressure. 

The pressure gage which is to be checked or 
calibrated is connected to the hydraulic reservoir. 
Weights corresponding to the check pressure are 
placed on the piston. The piston and weights are 
rotated to reduce the effect of friction. Hydraulic 
pressure is increased. When the desired check pres- 
sure is reached, the measuring piston floats freely* 

The dead-weight tester is often used as a primary 
standard for laboratory use, and secondary stand- 
ards (test gages which have been calibrated against 
the dead- weight tester) are used as field or plant 
test instruments. Dead-weight equipment is 
duced having accuracy to within %o of 1% of read- 
ing,. See Instrumentation; Physical measobR* 
MENT. - [B.D.H.; H.C.Pj 

Bibliography: D, M. Considine (ed.), Procciss 
Instruments and Controls Handbook^ 1957. 
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Pressure transducer 

An instrument component which detects a fluid 
pressure and produces an electrical signal related 
to the pressure. See Transducer. 

In general, the complete instrument system com- 
prises a pressure-sensing element, such as a bour- 
don tube, bellows, or diaphragm element; a de- 
vice which converts motion or force produced by 
the sensing element to a change of an electrical 
parameter; and an indicating or recording instru- 
ment. Frequently the instrument is used in an auto- 
matic control loop to maintain a desired pressure. 
See Pressure control, automatic. 

Electrical measurement of pressure may be pre- 
ferred to mechanical or pneumatic measurement 
for a number of reasons: (1) Electricity permits 
transmission of signals over longer distances. 
(2) Sometimes electricity permits more accurate 
or more raj)id measurement. (3) It is usually easier 
to switch an electrical signal. (4) Electricity also 
may be economically or functionally most conven- 
ient. 

Pressure transducers may be classified by the op- 
erating principle as resistive transducers, .strain 
gages, magnetic transdu<*ers, crystal transducers, 
and capacitive transducers. 

Resistive pressure transducers. Pressure is 

measured by these transducers by an element that 
changes its electrical resistance as a function of 
pressure. 

Most types of resistive pressure transducers use 
a movable contact, positioned by the pressure-sens- 
ing element. The moat common form is a contact 
sliding along a continuous resistor, which may be 
straight wire, wire-wound, or nonmetal ^ ich as car- 
bon. If the cross section of the resistor is constant, 
the change in resistance will be proportional to the 
motion of the contact. The cross section may be 
made nonuniform to give a nonlinear relation be- 
tween motion and change of resistance. 

The resistance element may be curved or part 
of an arc for convenience in measuring angular mo- 
tion. 

Figure 1 shows one type of resistive pressure 
tran.sducer. A bellows opposed by a precisely de 
signed spring senses the pressure and converts the 
pressure to a linear motion of the plate between 
the bellows and the spring. The plate bears a con- 


pressura 




Fig. 2. Reluctance-type pressure transducer. 


tact which wipes the surface of the precision wire- 
wound resistor. If a constant potential (ac or dc) 
is maintained across the resistor and if the resist- 
ance of the voltmeter is high with respect to the 
resi.stor, the measured voltage is a precise measure 
of the pressure. Instruments of this type are avail- 
able with ranges as low as Q-S pounds per square 
inch (psi) and as high as 0-10,000 psi. Accuracy 
of Vt% of full scale is attainable. 

The carbon pile may be considered to be another 
form of resistive pressure transducer. The simplest 
form is the carbon microphone, consisting of a 
box of carbon particles covered with a diaphragm. 
Varying pressure on the diaphragm varies the con- 
tact area of the carbon particles, hence the elec- 
trical resistance across the box. The carbon micro- 
phone is used only for dynamic measurements 
(changes) and has no calibrated accuracy. A modi- 
fication, using a stack of processed disks in place 
of the carbon particles, is much more stable. See 
Microphone. 

Pressure-sensitive wire is yet another way of 
measuring pressure. When fluid pressure is applied 
to a wire, the wire is compressed and the resistance 
increases. Gold-chromium and manganin wire are 
ordinarily used because they have unusually low 
temperature coefficients of resistance. Pressures as. 
high as 200,000 psi can be measured with these 
transducers. 

Strain-gage pressure transducers. These might 
be considered to be resistive transducers, but are 
usually classified separately. 

Strain-gage pressure transducers convert a physi- 
cal displacement into an electrical signal by use of 
the fact that when a wire is stretched, its diameter 
is decreased and its electrical resistance is in- 
creased. The change in resistance is a measure of 
the displacement, hence of the pressure. Its, ad- 
vantages include infinite resolution and small size. 
The strain gage is usually used in a Wheatstone- 
type bridge circuit. For a more complete discussion^ 
see Strain cage. 

Magnetic preseure transducers.' In this type, a 
change of pressure is converted into change of 
magnetic reluctance or inductance when one part 
of a magnetic circuit is moved by a preseare- 
sensing element — bourdon tube, bellows, or dia- 
phragm. Magnetic transducers may attain an ac- 
curacy of 0.1 % of full scale. 

Reluctance-type pressure transducer. This type 
produces In a magnetic circuit a chi^e of mag* 
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netic reluctance which is directly related to pres- 
sure. The change of reluctance is usually within 
one or two coils, wound intimately about the mag- 
netic material in the magnetic circuit. 

A representative ratio-type reluctance-changing 
device is shown in Fig. 2. A bourdon tube or other 
pressure-sensing device rotates the armature. 

The reluctances (difficulty of passage of mag- 
netic flux) in the magnetic paths A and B are de- 
termined chiefly by the lengths of the air gaps be- 
tween the armature and the core. The inductance 
and inductive reactance of each winding depend on 
the reluctance in its magnetic path. 

If the armature is at a neutral symmetrical posi- 
tion, the air gaps are equal, and the inductive 
reactances and Xlb are equal. Change of pres- 
sure decreases one air gap and increases the other, 
thus changing the ratio of the inductive reactances 
Xi,A and Xlr, These changes can be used in a vari- 
ety of circuits to produce an electrical signal which 
is a measure of pressure. The signal is transmitted 
to a measuring or controlling instrument. 

Inductiv€‘type pressure transducer. A change in 
inductance and inductive reactance of one or more 
windings is produced by the movement of a mag- 
netic core that is positioned by a bourdon tube or 
other pressure-sensing element. Unlike the action 
of a reluctance-type transducer, the inductance 
change is caused by a change in air gap within the 
winding, rather than in a relatively remote portion 
of the magnetic circuit. 

Figure 3 shows a representative ratio-type induc- 
tive device. The pressure-sensing element moves the 
core in response to changes of pressure. When 
the core is in a central position, the inductances of 
the two coils are equal. When pressure change 
moves the core, the ratio of the two inductances is 
changed. Energy is supplied to the coils by the 
same bridge circuit that measures the ratio of in- 
ductances. See Inductance bridge. 

Figure 4 shows another form of inductive pres- 
sure transducer, a differential transformer. A 
change of pressure moves the core, changing the 
coupling and the ratio of inductance of the two 
secondary windings. 

When the core is centered, equal voltages are in- 
duced in the two oppositely wound windings, and 
the output voltage is zero. Change of pressure 
moves the core, increasing the voltage induced in 
one secondary and decreasing the voltage induced 
in the other. The change in output (differential) 
voltage is thus a measure of the pressure. 
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Fig. 4. Differential transformer. 

Crystal pressure ti^ansducers. A crystal pro- 
duces an electric pot^tial when placed under 
stress by a pressure-sensing element. The stress 
must be carefully oriented with respect to a spe> 
cific axis of the crystal. 

Suitable crystals include naturally occurring 
quartz and tourmaline, and synthetic crystals such 
as Rochelle salts and barium titanate. The natural 
crystals are more rugged and less subject to drift 
of calibration. Although the synthetic crystals offer 
much higher voltage output, an amplifier is almost 
always required. 

Crystal transducers offer a high syjeed of re- 
sponse, up to 1,000,000 cps. They are widely used 
for dynamic pressure measurements in such appli- 
cations as ballistics and engine pressures. See 
Piezoelectric crystal. 

CapaciVVe pressure transdujcers. Almost invar- 
iably, these sense pressure by means of a metallic 
diaphragm, which is also used as one plate of a 
capacitor. Any variation in pressure changes 
distance between the diaphragm and the other 
plate, thereby changing the electrical capacitance 
of the system. The change in capacitance can be 
used to modify the amplitude or the frequency of 
an electrical signal. 

Transducers of this type are available to meas- 
ure pressures as low as one-millionth of one psi 
and as high as 10,000 psi with accuracies of V4% 
attainable. See Pressure measurement; Trans- 
ducer, UNDERWATER. [b.D.H.; H.G.P.] 

Bibliography. D. M. Considine (ed.). Process 
Instruments and Controls Handbook^ 1957. 

Pressure vessel 

A cylihdirical or spherical metal container capable 
of withstanding pressures exerted by the material 
enclosed. Pressure vessels are important because 
many liquids and gases must be stored under high 
pressure. Special emphasis is placed upon the 
strength of the vessel to prevent explosions as a 
result of rupture, which would be dangerous to life 
and property. Codes for the safety of such vessels 
have been developed that specify the. design of the 
container for specified conditions. 

Constmetioil. Most pressure vessels are required 
to carry only low pressures and thus are con^ 
structed of tubes and sheets rolled to iorm cylin- 
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Pressure vessels for moderate and for high pressures. 


ders. Some pressure vessels must carry high pres- 
sures, however, and the thickness of the vessel 
walls must increase to allow adequate strength. 
Hydraulic and pneumatic cylinders are machine 
elements that are forms of pressure vessels. 

Fabrication methods depend upon the vessel di- 
ameter, its wall thickness, and the type of cylinder 
ends employed. For extreme strength, heavy forg- 
ings may be welded together; for most normal ves- 
sels, rolled sheet and formed ends are fastened 
together with rivets. 

Shell stress in pressure vessels is further de- 
pendent upon the type of end construction of the 
cylinder or vessel, whether welded, riveted or cast; 
the kind of material, whether ductile or brittle; 
and the conditions of operation, including pressure 
and temperature variations and limitations. In 
choosing the safe allowable stress, these variables 
are considered. 

Although most pressure vessels contain an inter- 
nal pressure, occasionally an external pressure is 
applied, which if excessive could buckle the sides 
and ends of the vessel. Such conditions depend on 
the elasticity of the material and result in buckling 
under critical pressures in a manner similar to the 
critical loads on colqmns. See Column. 

Design. Thin-walled pressure vessels are as- 
sumed to have uniform stresses through the wall 
thickness t if the diameter d is 10 or more times as 
great. For a pressure p, the shell stresses St are 
maximum in the circumferential direction, and this 
stress has the value 5 * « pd/2t. In the axial direc- 
tion, the stresses are half as great. 

Thick-walled pressure vessels have a hyperbolic 
stress distribution through the wall thickness if the 
diameter is less than lO times the thickness, with 
the maximum stress St at the inside surface. The 
stress is 


p(da^ + d^^ 

5£(max) _ ,/.«) 

where do is the outside and di is the inside diame- 
ter. See Hich-pressuke processes. [j.j.r.] 

Prestressed concrete 

Concrete with stresses induced in it before use so 
as to cdunteract stresses that will be produced 
by loads. 


Prestress is most effective with concrete, wKich it 
weak in tension, when the stresses induced are. 
compressive. One way to produce compressive pre- 
stress is to place a concrete member between two 
abutments, with jacks between its ends and the 
abutments, and to apply pressure with the jacks. 
Another way, by far the most common, is to stretch 
steel bars or wires, called tendons, and anchor 
them to the concrete ; when they try to regain their 
initial length and the concrete resists, they pre- 
stress the concrete. The tendons may be stretched 
with jacks or by heating (electrically) . 

Prestressed concrete is particularly advantageous 
for beams. It permits steel to be used at stresses 
several limes larger than I hose permitted for rein- 
forcing bars. It permits high-strength concrete to 
be used economically, for in designing a member 
with reinforced concrete all concrete below the 
neutral axis is considered to be in tension and 
cracked, and therefore ineffective, whereas the full 
cross section of a prestressed concrete beam is 
effective in bending. See Concrete beam. 

An especially desirable characteristic of pre- 
stressed concrete is that as long as the material is 
maintained in compression it cannot crack. If cracks 
should appear under small overload, they generally 
will close when the load is removed. Sometimes 
concrete is prestressed principally to prevent crack- 
ing. 

Basic principles. The effect of compressive pre- 
stress may be L'kened to picking up a group of 
books by applying pressure to the end pair. As long 
as the pressure is large enough, none of the books 
will slip out. 

If this concept were applied to a concrete beam 
in actual practice, steel tendons would be tensioned 
and placed along the centroidal axis of the beam. 
The resulting prestress would result iti a uniform 
compression at every section (Fig. 1), Loads would 
produce both tensile and compressive stresses at 
the middle of the span. The prestress would com- 
bine with these to increase the compression and 
cancel out the tension. The whole concrete section 
would be effective in resisting bending, and there 
would be no cracks. 

In practice, however, tendons are rarely placed 
along the centroidal axis. A smaller prestressing 
force is required, and therefore less steel for the 
tendons, if the steel is placed below the centroidal 
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Fig. 2. Stresses at section A>A of a beam with eccen- 
tric prestress, (a) In the unloaded beam the simple- 
bending stress component is largely counteracted by 
the uniform compression component, (b) When a load 
is applied, all tension components are counteracted 
and only compression remains. 

axis of the beam. With the eccentric prestress, 
stresses at each section of the unloaded beam may 
vary from tension at the top to compression at the 
bottom (Fig. 2). 

When loads are applied to the beam, they pro- 
duce both tensile and compres.sive stresses at the 
middle of the span. At the top of the beam they 
cause compressive stresses, which are reduced by 
the tensile prestress there. Elsewhere, the tensile 
stresses produced by the loads are counteracted by 
the compressive prestress. 

With this arrangement of the tendons, there is a 
possibility that near the ends of the beam the ten- 
sile prestress may exceed the compressive stresses 
produced by the loads. The net tension may be 
undesirable, even though very small. To avoid this 
condition, the tendons may be draped in a vertical 
curve (Fig. 3). The distribution of prestress at any 
section of a beam so prestressed is similar to that 
for straight tendons applying an eccentric prestress 
except that the stresses decrease from midspan 
toward the ends, as do the bending stresses due to 
the loads. The draped arrangement of the tendons 
also is advantageous in counteracting diagonal ten- 
sion near the ends of the beam. 

Continuous beams may be prestressed in a simi- 
lar manner. The tendons may be placed near the 
bottom of the beams near midspan and near the 
top over supports. 

Tendons. Tendons generally are made of high- 
strength steel so that they can serve at high work- 
ing stiresses — for bars about 80,000 psi and for 
wires well over 100,000 psi, compared with the 
20,000 psi or less ordinarily permitted for rein- 
forcing steel. 

Tendons must be tensioned to high stresses be- 
fore being anchored to the concrete because losses 


in stress due to shrinkage and plastic flow of the 
concrete are relatively high. If the tendons were 
tensioned to only 20,000 psi, for example, they 
might lose nearly all the prestress in a few months. 
But at 100,000-p8i tension, the loss might be only 
about 15% because the increase in stress loss is 
not proportional to the increase in prestress. 

Creep, or plastic flow, of concrete or steel is the 
inelastic deformation dependent on time and re- 
sulting solely from stress. Concrete shrinks when 
it dries and chemical changes take place; shrinkage 
is dependent on time but not on stresses due lo 
external loading. In the absence of specific informa- 
tion, the loss of prestress due to shrinkage, when 
tendons are anchored to the concrete throughout 
the length of a memb’ifjf before shrinkage has taken 
place, may be assumed to be 0.0002 in./in., or 
6000 psi for steel with a modulus of elasticity of 
30,000,000. When tendons are anchored to the 
concrete after it has cured for several days, the 
prestress loss due to shrinkage may be about 3000 
psi. The loss due to creep of the concrete may be 
assumed as 2.25 times the elastic compression. See 
Creep of materials. 

Other possible losses in prestress that should be 
considered include those due to creep of the steel 
and to friction when the tendons rub against the 
concrete. See Plastic deform ation of metal. 

Wires are used for prestressing miu'fPmore fre- 
quently than bars because of their greater strength. 
They may be used singly, in pairs, in cables com- 
posed of several parallel wires, or in strands. The> 
may be ifretched by electric heating, but by far the 
most common method of tensioning is with jacks. 
Various devices are used for gripping or anchoring 
tendons, including swaged fittings on strands, 
threads on bars, wedges, and butlonheads on wires. 

Pretensioning and posttensioning. Two meth- 
ods are used in fabricating prestressed beams. In 
one method, the concrete is bonded to the stretched 
steel before the prestress is applied. This is called 
pretensioning. In the other method, posttensioning, 
the prestress is applied initially through end an- 
chorages and th6 concrete may or may not be 
bonded to the steel. 

In pretensioning, the steel is laid through the 
beam forms and stretched between external abut- 
ments. Next, concrete is placed in the forms and 
allowed to set. When it has gained sufficient 
strength, the external pull on the tendons is re- 
lieved, transferring the prestress to the concrete 
through bond. Suitable for mass production, this 
method can be used on casting beds several hun- 
dred feet long to produce many beams simultane- 
ously. 

In posttensioning, the tendons are prevented 
from bonding initially to the concrete, usually by 



Fig. 3. Beam with tendons vertical ^urve. 
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encasement in sheaths. The concrete is placed in 
the beam forms around the sheathed tendons and 
allowed to set. When it has gained sufficient 
strength, jacks are used to tension the tendons and 
in so doing the jacks react against the ends of the 
beam. The tendons then are anchored to the con- 
crete to apply the prestress. 

Frequently, grout is forced into the sheaths to 
establish bond with the beam concrete. This gives 
the prestressed beam greater reserve strength and 
better crack control under overload. Posttensioning 
appears to be most advantageous for long-span 
beams and for assembling precast beam compo- 
nents in the field. 

Circular prestress. Circular tanks, pipe, or the 
ring girder of domes may be prestressed, in contrast 
to the linear prestressing used for beams, by 
wrapping with steel bars or wires under high ten- 
sion (see Tank). Special machines have been de- 
veloped for rapid circular prestressing with wire. 
See Reinforced concrete. [f.s.m.] 

Bibliography: Y. Giiyon, Prestressed Concrete^ 
1953; A. Komendant, Prestressed Concrete Struc- 
tures, 1952; K. Preston, Prestressed Concrete, 1960. 

Priapulida 

One of the minor groups of wormlike animals. 
Once linked with the Echiurida and the Sipuncii- 
lida under the term “Gephyrea,” it is now regarded 
as a separate phylum of the animal kingdom, with 
uncertain zoological affinities. 

Priapulida are marine animals inhabiting the 
colder waters of both hemispheres. They live in 
burrows lined with mucus or in the sand or mud of 
the sea floor, and range from the intertidal area to 
waters of moderate depths. 

The phylum is a small one with only two genera, 
Priapulus and Halicryptus. In the former there are 
four known species: P, caudatus and P. hicaudatus 
which occur in the northern temperate zone and 
Arctic waters, P. tuberculato-spinosus from Ant- 
arctic seas, and P. horridus from the coast of Uru- 
guay. There is but one species of Halicryptus, 
H, spinosus, found in northern waters. P. caudatus 
and P. tuberculato-spinosus are very closely allied 
and have been considered by some authors to be 
the same species and to illustrate the phenomenon 
of bipolarity, the name given to the occurrence of 
the same or similar species in Arctic and Antarctic 
waters. With the exception of P. horridus, Priapu- 
lida are fairly common in their native habitat. 

They are small to medium-sized animals, the 
largest specimens being only some 6 in. in length. 
The body is cylindrical and the trunk annulated 
but not segmented. The body of Priapulus is made 
up of three distinct portions, the proboscis, trunk, 
and caudal appendage. This latter consists of one 
or two stems thickly bese^ with tubules. Halicryp- 
tus has no caudal appendage. 

The body wall is thick and muscular in all spe- 
cies and bears numerous spines and papillae. 
There are 25 rows of spines on the surface of the 
proboscis leading to the mouth, which is sur- 


Priapulida. (a) Priapulus. To 6 in. in size, (b) Priapu- 
lus larva. 

rounded by a number of comblike teeth. The phar- 
ynx is retractile and itself is beset with teeth. It is 
controlled by a series of retractor muscles attached 
to the inner wall of the trunk. The larva also pos- 
sesses a retractile proboscis armed with teeth and 
is protected by chitinous shields. The sexes are 
usually separate. See Animal kingdom. ‘[a.c.s.I 

Bibliography: F. Baltzer, Echiurida, in W. Ku- 
kenthal (T. Krumbach, ed.), Handhuch der Zoolo- 
gie, vol. 2, 1931; K. Lang, tfber die Entwicklung 
von Priapulus caudatus Lam., KgL Fysiograf. 
Sdllskap. Lund, Forh., 9(7) :80-87, 1939. 

Prilling 

A combination spray-drying and crystallizing tech- 
nique used to produce agglomerates (prills) of 
ammonium nitrate for fertilizer. In prilling, a hot 
concentrated solution of ammonium nitrate is 
sprayed into a tower in which it crystallizes as it 
descends through a rising current of atmospheric 
air. See Crystallization ; Drying. 

Primary battery 

An electric battery designed to deliver only one 
continuous or intermittent discharge. It cannot be 
recharged efficiently. Primary batteries are de- 
signed to deliver limited amounts of electric en- 
ergy, determined by the materials used and the^ size 
of the cell. When the available energy drops to 
zero, the battery is usually discarded. Primary bat- 
teries may be classified by the type of electrolyte 
used. 

Aqueous-electrolyte batteries. These batteries 
are solutions of acids, bases or salts in water as the 
electrolyte. These solutions have ionic conductivi- 
ties of the order of 1 mho/cm and practically no 
electronic conductivity. Practical cells, such as Ibe 
common Leclanohe dry cell a^id the mercury cell, 
use aqueous electrolytes. They have the disadi^- 
tages of being corrosive to the electrode materhids, 
having a relatively high evaporation rate of :Weler 
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Fig. 1. Solid-electrolyte cell with solid crystalline salt 
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Fig. 2. ton exchange bimetallic cell with solid elec- 
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vapor which can cause cell failure, and being diffi- 
cult to make free from leakage. For examples of 
cells with aqueous electrolytes see Dry cell; 
Mercury battery; Wet cell. 

Solid-glectrolyta batteries. These use electro- 
lytes of solid crystalline salts which have piedoin- 
inantly ionic conductivity. The conductivity is small 
compared with aqueous electrolytes and the cur- 
rent output is of the order of 10 ^ amp/in.*^ 

Solid-electrolyte batteries may be classified in 
two broad categories: (1) cells with solid crystal- 
line salt, such as silver iodide, as the electrolyte; 
(2) cells with ion-exchange membrane as the elec- 
trolyte. In either category, the conductivity must 
be nearly 100% ionic. Any electronic conductivity 
causes a continuous discharge of the cell and will 
limit the stand or shelf life. 

A typical cell with solid crystalline salt elec- 
trolyte is the lead-lead chloride-silver chloride 
cell in Fig. 1. Here lead is the anode, lead chloride 
is the electrolyte, and silver chloride is the cathode. 
This cell has a potential of 0.49 volt. During dis- 
charge, lead is oxidized to lead ion and silver chlo- 
ride is reduced to silver. 

Cells with solid salt electrolyte have been de- 
veloped into miniature batteries. One type delivers 
90-100 volts at 10’“ amp, and has a capacity of 1 
amp-sec. This is over 10® days at 10~“ amp. The 
practical life of the cell is much less but may be 
as much as 10 years at room temperature. It can 
be stored at 160® F for at least 30 days and will 
operate over the range —65 to +165°F. The bat- 
tery is % in. in diameter, 1 in. in length. 

An example of a cell with ion exchange mem- 
brane as electrolyte is the zinc-zinc ion exchange 
membrane, silver ion exchange membrane-silver 
cell shown in Fig. 2. Physically, the metal elec- 
trodes are in contact with the solid membrane 
which contains two regions. The region adjacent 
to the zinc is in the zinc ion state. The region ad- 
jacent to the silver is in the silver ion state. The 
discharge reaction increases the zinc ion quantity 
and decreases the silver ion quantity, in proportion 
to the amount of charge transferred. This cell has a 
potential of about 1.5 volts. 


The zinc^silver cell described has ierious sbon- 
comings. The stand life is poor, indicating internal 
self-discharge, and the capacity is Utoited by the 
available supply of silver ions. In stron^y ionized 
types of ion exchange material, the volume density 
of ionizing sites is about 1 equiv/liter, or 0.4 
amp-hr/in.® This is very low compared with metal- 
oxide cathodes. 

A cell with higher capacity can he made by re- 
placing the silver ion exchange material and silver 
by manganese dioxide plated on an inert metal, 
such as tantalum. This gives a capacity of about 
100 times as much, for equal volume. 

Ion exchange electrolytes are also used with hy- 
drogen and oxygen gas electrodes. The electrodes 
consist of platinized m4fal .screens. The electrolyte 
is a hydrogen ion exchange material. The room 
temperature einf of this cell is 0.96 volt. See Ion- 
permeable MEMBRANE. 

Waxy-electrolyte batteries. These use waxy ma- 
terials, such as polyethylene glycol, in which a 
small amount of a salt is dissolved in the molten 
wax. At room temperatures these materials are 
solid. The conductivity is small and the current out- 
put is limited to about 10 ‘‘ amp /in. - 

Figure 4 shows a battery stack of cells using a 
waxy electrolyte. The electrodes arc sheet zinc and 
manganese dioxide. The electrolyte is made of poly- 
ethylene glycol in which is dissolved •a small 
amount of zinc chloride. This electrolyte is melted 
and painted on a paper sheet to form the separatoi 
ing Fig. 

A 25-clQl stack, built as shown in Fig. 4 and 
measuring 0.34 in. in length and 0.2.S in. in diam- 
eter, weighed 1.5 g. A 0.50 in.-diameter stack 
weighed 6.0 g. The initial open-circuit voltage was 
37.5 volts ( 1.5 volts per cell) . 
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Fig. 3. Solid-electrolyte cell with ion exchange mem- 
brane as electrolyte. 
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battertes. These use crystal- 
Ime ‘^alts or bases vrhicb are solid al room tempera- 
ture In use, the cell is heated and maintained at a 
temperature above the melting point oi the elec- 
trolyte. See Reserve battery. [s.ei.] 

Primates 

An order of mammals that includes the tree 
shrews, tarsiers, monkeys, apes, and man. Although 
unquestionably a natural assemblage, tbe Primates 
are difficult to rhararterize, largely because they 
share no conspicuous morphological specialization 
roinparable to those characterizing the bats, the 
whale, the carnivores, and most other orders of 
mammals. Such specializations are associated with 
the exploitation of particular ecological zones (for 
example, flying, swimming, and predation), and it 
IS evident that the Primates are not so < losely tied 
to an ecological zone as are most other orders of 
mammals. Throughout primate historv there has 
been a trend toward adaptation for arboreal life, 
but perhaps most significant was the tendency to 
emphasize the brain. 

Fossil record of lower primates. The most prim- 
itive living primates, the tree shrews, are known 
from the fossil record by a single specimen, 
Anagale gobiensis, from the early Oligocene of 
Mongolia The tree-shrew sto( k apparently never 
reached Europe or the Americas, and living tree 
‘^hrews are confined to southeastern Asia, the East 
Indies, and the Philippines. 

Primates first appear in the fossil record in the 
Paleocene, and about 14 genera of lemurs are 
known from the Paleocene and Eocene of North 
America and Europe All belong in the families 
Plesiadapidae and Adapidae, which disappear from 
the record before the end of the Eocene. The best 
known of these early lemurs is JSlotharctus, an ani- 
mal about the size of a cat, of which several com- 
plete skeletons exist. Notharctus was very similar 
to the primitive existing lemurs of Madagascar. 
Lemurs disappeared from the Northern Hemisphere 
toward the end of the Eocene, but are abundantly 
represented in the living fauna of Madagascar. 

Associated with these early lemurs was a second 
primate stock, the Anaptomorphidac, a group of 
tarsioids that underwent an extraordinary adaptive 
radiation during the Paleocene and Ekicene. The 
sole survivor is the living tarsier of the East Indies 
and Philippines. 

The lorises and galagos, now living in south- 
-eastern Asia and Africa, are pra< fically unknown 
as fossils and their history is obscure. All are highly 
'specialized nocturnal animals, well off the main 
line of primate evolution. 

Fossil record of higher primates. Fossils of the 
higher primates are extremely rare, particularly 
from die Ek>cene and Oligocene when these animals 
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were presumably undergoing their major radiation. 
Consequently, relationships among the higher pri- 
mates must be largely inferred from the anatomy 
and distribution of existing forms. It is certain ibal 
e ancestry of the South American primates has 
been distinct from that of the Old World primates 
at least since the early Eocene, but the ancestors oi 
neither group are known. The living forms are 
divided into three siiperfamilies: the Ceboidea, 
Cercopithe^'oidea, and Hominoidea. 

The Ceboidea (New World monkeys) are dis- 
tinguished by having three premolars instead of 
two as in the other two groups. Two distinct fami- 
lies are represented, the Callitrichidae (squirrel 
monkeys), with claw-shaped nails and a nonop- 
posable thumb, and the Cehidae with flat nails and 
an opposable thumb. 

The Cercopithccoidea (Old World monkeys) in- 
clude the baboons, guenons, and langurs of Asia 
and Africa 

The Hominoidea (apes and man) form a natural 
group united by a multitude of commcvi features. 
The great apes (gorilla, orangutan, and chimpan- 
zee) are obviously relict forms on the way to 
extinction. The gibbons, smaller and more widely 
distributed, aie still flourishing. See Euthlria; 
Primaiis (fossil). Zoogeography. Td.d.d.I 

Primates (fossil) 

The order Primates usually includes the tupaioids, 
lemurids, lorises, galagos, tarsioids, monkeys, apes, 
and man. The tiipaioids are sometimes placed with 
the menotyphlan inM*< tivorans In evolution toward 
the higher piimates, natural selection tended tc 
favor those with larger brains, better sight, and 
more dexterous front feet that functioned as hands, 
The incisors are reduced to two in each of the iawj 
in the monkeys and apes. See Primatfs. 

Small prosimian primates were common in the 
middle latitudes of North America and Europe 
from the Paleocene until the middle Eocene. Ap 
parently. Faunal interchange between the two re 
gions was greatly reduced or ceased during the 
middle Eocene. Then as aridity increased in the 
late Eocene and early Oligocene, the distributioi 
of the primates shifted southward in both hemi 
spheres. Some of these prosimians were extremeli 
close to primitive stocks of other orders, such ai 
the Insectivora and the Dermoptera. Even in thi 
groups that were surely primates, infraordinal* af 
finities are obscured by the presence of both lemu 
roid and tarsioid characters. 

Primates, both Recent and middle and late Cenc 
zoic, are the results of extensive diversification ant 
evolution in Uttle or unknown populations tha 
tended to favor milder climates in lower latitudes 
True lemurs ar^e confined to Madagascar, wiier< 
they obcur in late Pleistocene deposits and as Uv 
ing animals. The only fossQ of a loris is one topt] 
from the Pliocene of India. Some excellent galjR^ 
fossils have been found in a Miocene fauna % 
Kenya, eastern Africa. It has been suggested 
these are ancestral to the living galagos, 
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Skull of Cebupithecia sarmienfoi, a late Miocene New 
World monkey from Colombia, South America. (After 
R. A Stirton, 1951) 


there are numerous Eocene prosimians with tar- 
sioid characters, there are no middle or late Ter- 
tiary forms linking them with the living tarsier. 

New World monkeys (Cebidae) appeared for 
the first time in the late Oligocene and early Mio- 
cene of Argentina. They were already typical ce- 
boids at that time. Thus, no clue is provided con- 
cerning their ancestral relationships. Others have 
been found in the late Miocene of Colombia. Ho- 
munculus is related to the howler monkeys, Neo- 
saimiri to the squirrel monkeys, and Cebupithecia 
to the sakis and uakaris monkeys. An aberrant ex- 
tinct genus, Xenothrixy has been discovered in a 
kitchen midden in Jamaica. It seems likely that the 
Cebidae arose from an early prosimian group from 
North America. 

Old World monkeys (Cercopithecidae) and apes 
(Pongidae) seem to have descended from different 
groups of Eocene prosimians. The earliest cerco- 
pithecoid, Moeripitherus, occurs in the early Oli- 
gocene of Egypt. Other more advanced genera such 
as Ankarapithecus, Mesopithecus, and Dolichopi- 
thecus have been found in Pliocene faunas, mostly 
in central and southern Europe. Some of the living 
genera also extend back into the Pliocene. Ba- 
boons, recognized at a glance because of their elon- 
gated faces, first appeared in the Pliocene and are 
one of the most common cercopithecoid groups. 
One Pleistocene genus, Dinopithecus^ rivaled 
Megaladapis (Lemuridae) and Gigantopithecus 
(Pongidae) as one of the largest primates. 

Among the most interesting primates of the Old 
World is Oreopithecus from Mount Bamboli. Italy. 
Some of its characters have been emphasized in 
support of possible hominid relationships but allo- 
cation to the Hominoidea has not yet been firmly 
established. 

There are many divergent lineages of apes and 
apelike creatures, all restricted to the Eastern 
Hemisphere. Parapithecus, known from a pair of 
lower jaws from the early Oligocene of Egypt with 
some proahnian characters, represents the most 
primitive of these groups. Other middle to late Ter- 


tiary genera such as Propliopithecug^ Limnopuhe- 
cus, and Pliopithecus^ although reUted to the liv. 
ing gibbons, may have been more terrestrial in 
habits. The orangutans, chimpanzees, and gorillas 
apparently are the descendants of dryopithecine 
apes as represented by the genera Proconsul, Dryo. 
pithecus, Sivapithecus, and others in Miocene and 
Pliocene faunas. These Tertiary genera also pos- 
sess hominid characters indicating a common basic 
heritage with the Hominidae. Perhaps the most 
spectacular of all apes is the giant orangutanlike 
Gigantopithecus in the Pleistocene of China. See 
Fossil man. fM.c.Mc.; r.a.st.) 

Prime mover 

The component of a ppwer plant that transforms 
energy from the thermal or the pressure form to 
the mechanical form. Mechanical energy may be 
in the form of a rotating or a reciprocating shaft, 
or a jet for thrust or propulsion. The prime mover 
is frequently called an engine or turbine and is 
represented by such machines as water wheels, hy- 
draulic turbines, steam engines, steam turbines, 
windmills, gas turbines, internal combustion en- 
gines, and jet engines. These prime movers operate 
by either of two principles (Fig. 1) : (1) balanced 
expansion, positive displacement, intermittent 
flow of a working fluid into and out of a piston and 
cylinder mechanism so that by pressure tliffercnce 



Fig. 1. Representative prime movers, (a) Single act- 
ing, four cycle, automotive type internal combustion 
engine, (b) Single stage, impulse type, steam turbine. 



volume 

Fig. 2. Pressure-volume diagram (indicator cord) 
fluid-displacement type of priiT||» mover.- 
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T«W 1. PlniwIoMl ma pwfomwnce critw l> of some Mlwtad fluid dteptaewnant ^ prluw moiMrs 


Type 

Size, hp 

Steam engine 

25-.'i00 

Automobile engine 

10-300 

Aircraft engine 

10(^-3000 

Diesel, low-speed 

100-.5000 

Diesel, high-speed 

25-1000 


' Logarithmic standard, 
t Air-card standard. 


Rpm 

Stroke, 

in. 

Bore: 

stroke 

ratio 

100-300 

6-24 

0.8 -1.2 

2000 -4000 

3 5 

0.9-1.1 

2500-3500 

4-7 

0.8-1.1 

100-300 

10-24 

0.8-1. 0 

1500-2000 

3-6 

0.8-1. 0 


Piston 


Diagram fac* 

speed, 

Brake 

tor, or engine 

ft/min 

mep, psi 

efficiency 

400-600 

50-100 

0.6-0.8* 

1000 2000 

50-100 

0.4r-0.6t 

1500-3000 

100-230 

0.4-0.6t 

500-1000 

40-80 

0.4-0.7t 

800-1500 

50-100 

0.4-0.6t 


Table 2. Dimensional and performance criteria of some selected fluid acceleration type prime movers 


Type 

Rating, kw 

IN umber 
of 

stages 

Head, ft 
or pres- 
sure, psi 

'remjK^r- 

nture, 

op 

Exhaust 
pressure, 
in. Hg abs 

Rpm 

Tip speed, 
fl/sec 

Effi- 

ciency 

Pelton water 



500-5000 

Ambient 

aim 

100-1200 

100-250 

0.75-0.85 

wheel 

1000-50,000 

1 

ft 






Francis hydraulic 



50-1000 

Ambient 

atm* 

72-360 

50 200 

0.8 0.9 

turbine 

1000 100,000 

1 

fl 






Propeller (and 









Kaplan) hy- 



20-100 

Ambient 

atm* 

72-180 

70 150 

0.8--0.9 

draulic turbine 

5000-100,000 

1 

ft 






Small condensing 



100 400 

400 700 

1-5 

1800 10,000 

200-800 

0.5-0.8 

steam turbine 

100-5000 

1 12 

psi 






Large condens- 









ing steam 


20-50 

1400-5000 

900-1200 

1-3 

1800-3600 

500-1500 

0.8-D.9 

turbine 100,000 500,000 


psi 






Gas turbine 

500-10,000 

10 20 

70-100 

1200 1400 

atm 

3600-10,000 

500-1500 

0.8-0.9 


psi 


Draft tube gives negative pressure on disciiarge side of runner. 


on the opposite sides of the piston, or its equiva- 
lent, there is relative motion of the machine parts; 
or (2) free continuous flow through a nozzle where 
fluid acceleration in a jet (and vane) mechanism 
gives relative motion to the machine parts by im- 
pulse, reaction, or both. 

Displacement prime mover. Power output of a 
fluid displacement prime mover is conveniently de- 
termined by pressure-volume measurement re- 
corded on an indicator card (Fig. 2). The area of 
the indicator card divided by its length is the mean 
effective pressure (mep) in psi, and horsepower of 
the prime mover is given by 

, mep X Lan 

horsepower = 33^000^ 

where L is stroke in feet, a is piston area in square 
inches, and n is number of cycles completed per 
minute. Actual mep is smaller than the theorctiqAl 
mep and is related to the iheoreMcal value by dia- 
gram factor or engine efficiency (Table 1). 

Acceleration prime mover. Performance of 
fluid acceleration (hydraulic) prime movers is 
given by the equation 

horsepower ■» X efficiency (2) 


where 0 is water flow rate in cubic feet per sec- 
ond, and H is head in feet. For heat-power prime 
movers of the fluid acceleration type, actual prop- 
erties of the thermodynamic fluid, as given in ta- 
bles and graphs, especially the Mollier chart, per- 
mit the rapid evaluation of the work or power out- 
put from the general energy equation which re- 
solves to the form 

A IF , Btu/lb of fluid — Ainlet ^Pxhautt (3) 

where h is the enthalpy ip Btu/lb, and the inlet 
and exhaust conditions can be connected by an 
isentropic expansion for ideal conditions, or n^odi- 
fied for irreversibility to a lesser difference by en- 
gine efficiency (Fig. 3, Table 2). Fluid consump- 
tion follows from 

fluid consumption, lb per hphr J254S/AKr (4) 
or 

lb per kwhr * 3413/AlF • (5) 

In the fluid acceleration type of prime mover, jet 
velocities experienced in the nPasEles can be found 
in feet per second, for nonexp^aive fluids by 

jet velocity -p C VigH ^ 8.02 C Vfi (6) 
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Sin 



Fig. 3. Enthalpy-entropy (Moltier) chart showing per- 
formance of steam- or gas-turbine type of prime 
mover. 

and, for expansive fluids, by 

jet velocity = C V2^A# = 223.7 C VaW (7) 

where // and A IF are as given above and C is the 
velocity coefficient, seldom less than 0.9.S and usu- 
ally from 0.98 to 0.99. 

Selected representative performance values of 
some prime movers are presented in Tables 1 and 
2. For further details see Internal combustion 
engine; Steam engine; Turbine. [t-b.] 

Bibliography: A. H. Gibson, Hydraulics and Its 
Applications, 4th ed., 1930; L. C. Lichty, Internal 
Combustion Engines, 1951; T. Baumeister (ed.), 
Marks* Mechanical Engineers* Handbook, 6th ed., 
1958; J. K. Salisbury, Steam Turbines and Their 
Cycles^ 1950; E. T. Vincent, The Theory and De- 
sign of Gas Turbines and Jet Engines, 1950. 

Primer (explosive) 

An agent used with explosives, propellants, and 
pyrotechnics to produce the initial fire. The primer 
itself may be initiated by percussion, stab action, 
friction, or heat. The gases and hot particles from 
the primer serve in turn to ignite a larger mass of 
material, for example, the gunpowder in a car- 
tridge, the primary explosive in a detonator cap, 
or the powder train in a fuze. The term primer is 
sometimes loosely applied to a detonator. 

The amount of primer used is usually about 0.1 
gram or less. A common example is the tiny glob- 
ule that may be seen on the ends of the fuse wire 
post in a photographic flashbulb; this material 
serves to ignite the aluminum foil. 

Although primer compositions deflagrate rapidly, 
they do not detonate. In fact, a detonating action 
would be most undesirable because it would tend to 
blow away rather than to ignite the charge. The 
total burning time of a primer is about 500 micro- 
seconds. 

Primer mixtures sensitive primarily to friction 
may consist simply of potassium chlorate as the 
oaidiaer and antimony sulfide as the fuel. Such a 
produces hot particles a4 well as gases. 


Ground glass or silicon carbide may be added to 
increase the frictional effect, and sulfur to make 
the mixture quicker (more sensitive). Also, very 
fine-grained black powder (meal powder) is some- 
times added. The ingredients are made up in a 
paste with a small amount of gum arable which 
binds them together when the paste dries. 

Cartridge percussion caps usually contain a 
primary explosive such as mercury fulminate in ad- 
dition to the materials mentioned above. However, 
primary explosives are not essential; they may be 
replaced by other materials such as lead thiocya- 
nate. Lead compounds seem to be preferred, prob- 
ably because of the hot particles of lead oxide 
that they produce. Lead styphnate ( 2,4,6, -trinitro- 
rescorcinate) is now\a common percussion-cap 
component. 

In detonator caps, the primer is often of a malrh- 
head composition. In fact, the formulation of prim- 
ers is quite similar to that of matches and pyro- 
technics; and ingredients such as potassium chlo- 
rate, sulfur, and antimony sulfide are common in all 
applications. See Detonator; Explosion and 
explosive; Match; Pyrotechnics. [w.e.g.1 

Bibliography: T. L. Davis, Chemistry of Powder 
and Explosives, 1943. 

Primer (surface coating) 

A material used for the first coat of painr. Primers 
are designed to promote adhesion of the coating 
system to the substrate, to furnish a good base for 
further citings, and to prevent attack on the sub- 
strate by air, water, or other materials. Primers 
are not intended to contribute exterior dural)ilit> 
or appearance. 

Primers for wood are formulated to give the 
maximum adhesion to the wood and to provide suf- 
ficient flexibility to adjust to the dimensional 
changes which occur when the wood swells and 
shrinks because of changes in moisture content. 
When designed for exterior wood they should also 
be resistant to the penetration of moisture and to 
the action of moieture in destroying adhesion. 
Primers for interior wood, often called iindercoat- 
ers, must also have good adhesion to wood, and be- 
cause they are often used under enamels, must give 
a smooth film and permit easy sanding. 

Primers for metal must, in addition to giving 
good adhesion, prevent the spread of rust from 
scratches or other damage which uncovers the sur- 
face. For this purpose, they usually contain a cor- 
rosion-inhibiting pigment, which retards the elec- 
trochemical reactions that cause corrosion. The 
most common inhibitive pigments are red lead, zinc 
chromate, and basic lead chromate. A number of 
other related pigments are often used, and nu- 
merous others have been suggested. Because all 
these are somewhat toxic, primers based on red 
iron oxide are often used when they are to be dty 
sarided, or when, for other reasons, toxic materials 
must be’" avoided. These pigments do not have any 
inhibitive action but rely on a tight film to prevent 
corrosion. 



Primers for galvanized iron usually contain sub- 
stantial quantities of metallic zinc, because other 
types do not, in general, adhere well to galvanized 
iron, especially on exterior exposure. These prim- 
f»rH may also be used on other metals, in which case 
the sacrificial corrosion of the zinc protects the un- 
derlying metal 

Primers for porous materials must seal the sur- 
face adequately to provide a uniform base for fu- 
ture coatings. Because many of these materials are 
alkaline in reaction, high alkali resistance is an- 
other important requirement Such materials are 
often called sealers. Porous surfaces often aid in 
adhesion through mechanical interlocking, so that 
extreme adhesion, chemically, is not always re- 
quired. Because many of these porous surfaces are 
rough, many primers are also designed to fill the 
surface and provide a smoother surface for future 
paints. 

When the surface to be painted is attacked by 
the solvents in the topcoats, a primer which will 
seal the underlying surface and isolate it from at 
tack must be used This is a common problem in 
painting over asphalt or other bituminous materi 
als In this case a water- or ah ohol-thinned primer 
Is indicated Tn other cases, the primer must be 
ch(»sen for the particular problem 

Primers are always pigmented In < lear finishes 
the coat which performs this function is described 
as a sealer, an undercoater, or a wash coat See 
Corrosion; Paint; Surface coaiing 

I f.sd J 

Primitive gut 

The tubular structure in embryos which differen- 
tiates into the alimentary canal The method by 
which the primitive gut arises depends chiefly on 
the yolk content of the egg. 

Two-layered blastoderms. Eggs with small or 
moderate amounts of volk usually develop into 
spherical blastulae which invaginate at the vegeta- 
tive pole to form double-walled gastrulae The in- 
vaginated sac extends in length to become the 
primitive gut. In some groups, such as the echino- 
derms, chaetognaths, chordates, and amphibians. 
Its external opening, the blastopore, persists as 
the anus. The mouth forms as a new opening by 
contact of the opposite end of the gut with the 
skin which then perforates. In other groups, like 
the annelids, arthropods, and mollusks, the blasto- 
pore becomes the mouth, and a new anal opening is 
formed. 

ThrM-layered blastoderms. Animals with more 
yolk than can be cleaved, as fish, reptiles, and birds, 
form flattened gastrulae consisting of three-lay- 
ered blastoderms surmounting the yolk. Mammals 
also belong in this group, although the yolk has 
been lost secondarily in all except the monotreracs. 
The head is formed by a folding of the blastoderm 
tipon itself. The entodermal layer within the head 
fold becomes the pharynx. This foregut is extended 
l>y an anterior growth of the whole head end by the 
union of lateral entodermal folds at its posterior 
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boundary. In most forms, the hindgut arises by a 
similar folding in the opposite direction, the taH 
fold, at the posterior end of the blastoderm. Tkt 
shark is an exception in which the hindgut is 
formed by the union of two lateral entodermal 
ridges beneath the notochord, much as the medul- 
lary plate folds into neural tube above the noto- 
chord. The midgut remains open until the entoder- 
mal layer of the blastoderm surrounds the yolk. 
The communication of the midgut with the yolk sac 
gradually narrows to an umbilicus as the foregut, 
hindgut, and lateral body folds press in from all 
sides, but the midgut floor is brought into position 
only with the absorption of the yolk sac. Mouth 
and anus form by contact of the pharynx and hind- 
gut with the ectoderm at their respective ends of 
the body. Biochemical incompatibilities of ecto- 
derm and entoderm cause such areas of contact to 
perforate and form the body orifices. 

Teleost fish are an exception to the above ac- 
count in that the true entoderm does not spread be- 
neath the whole blast(»derm, but is confined to the 
embryonic area. Along the axis of the body be- 
neath the notochord, the entoderm condenses into 
a solid rod which then hollows out secondarily to 
form the primitive gut. See Cleavage, embryonic; 
Deutfrostomia ; Gastrulation ; Ovum; Proiero- 

STOMIA. [h.L.H.] 

Primulales 

A small order of the plant subclass Dicotyledoneae 
containing 3 families with 70 genera and 2100 spe- 
cies. These are of no economic importance except 
as ornamentals. Two characteristic features are the 
opposite stamens and the free central placenta. 
The five stamens are opposite the five Ipetals instead 
of being alternate with them because the outer cir- 
cle of stamens is abortive and represented by mere 
rudiments called staminodia. The axis of the flower 
projects into the ovary cavity as a central shaft to 
which the ovules are attached, a condition desig- 
nated free central placentation. Here belong such 
familiar ornamentals as ardisia, plumbago, cycla- 
men, and the primroses. See Dicotyledoneae; 
Embryophyta; Plant kingdom. Lp»d*s.] 

Printed circuit 

A generic term applied to a method of fabricating 
electric circuits, consisting of conductors and eleo 
tronic components (resistances, inductances, Rnd 
capacitances), by any of several graphic art proc- 
esses. Printed circuits make economical mass pro- 
duction possible, save space and weight, and In- 
crease reliability of electronic equipment. They 
are used in practically all types of electronic equip- 
ment, such as radio and TV sets; electrical wbr}]^ 
behind the dashboard in automobiles; gugted* 
missile and airborne electronic equipment; emSB- 
putera; and industrial control equipment. 

The rapid adoption of the graphic art prooemea 
by the electronics industry is a demonatratipn Pf 
the effectiveness of those prolsesses in 
cost reduction and equipment 
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Printed circuits are of interest to industry for the 
folloiying reasons : 

1. Printed circuits are the common denominator 
for almost all approaches to the mechanized fabri- 
cation of electronic equipment. 

2. Use of printed circuits has greatly reduced 
the labor required for the wiring of an electronic 
circuit. This is specifically true for small electronic 
units used in airborne or guided-missile equipment. 

3. Printed circuits can be manufactured more 
uniformly because the graphic art processes are 
mechanized. 

4. Uniformity of printed circuits improves the 
quality of the product through simplification of 
quality control. 

5. Printed circuitry has helped to minimize one 
major cause of unreliability in electronic equip- 
ment by permitting the use of dip-soldering proc- 
esses. (In dip soldering, the joints between the 
electronic component and the conductor are ex- 
posed to molten solder and joined in one precisely 
controlled operation.) 

The most commonly used printed-circuit proc- 
esses may be divided roughly into three main 
groups listed in the order of greatest acceptance; 
(1) material-removal processes, (2) film-deposition 
processes, and (3) mold and die processes. 

Material-removal processes. Of the material-re- 
moval processes, photoetching and stencil etching 
are probably the most widely used techniques. 
These are used primarily in the fabrication of 
printed wiring. 

Photoetching, In photoetching, the etchant-resist 
pattern (conductor pattern) is formed photo- 
graphically and is capable of providing fine defini- 
tion of the conductor lines, such as those required 
for small commutators and switch contacts. A 
photosensitive film is applied to a copper foil, 
which is bonded to a plastic laminate such as paper 
base phenolic. A photographic negative of the cir- 
cuit pattern (originally drawn several times full 
size) is superimposed on the sensitized film, and 
the film is exposed to ultraviolet light. This method 
is similar to the production of a photographic 
positive. After exposure the photosensitive film 
hardens. The plate is then placed in alcohol which 
dissolves the unexposed film from the copper foil. 
The exposed areas are left covered by the hardened 
film, which serves to protect the copper foil during 
the subsequent etching process. The uncovered 
copper is next dissolved in an acid or ferric chloride 
etchant bath. Finally the hardened film is dissolved 
from the exposed areas, leaving copper conductors 
in the original circuit pattern (see Fig. 1 ) . 

Stencil etching. In stencil etching the protective 
film forming the circuit pattern is applied by a 
printing process such as silk screening. The protec- 
tive film, usually an enamel, is dried, and the ex- 
posed copper is etched as previously described. 

processes. The mechanical ap- 
plication technique, stencil screening, and electro- 
ipdeting ate the deposition processes most often 


used for the fabrication of circuits on either plastic- 
or ceramic-base materials. For components such as 
precision resistors, vacuum-deposition techniques 
are used, usually on ceramic or glass base material. 
Chemical or photochemical reduction techniques 





Fig. 1. Etched copper circuit on epoxy-gloss laminate, 
(o) Copper circuit pattern with etchant resist removed 
is ready for drilling of holes to mount component ports, 
(b) Circuit pattern side of board with component parts 
mounted and lead connections soldered. Subminiature 
tube was mounted and tube connections mode after 
the reft of the ports were dip-soldered, (c) Component 
side of boord shovrs ports mounted through holes m 
circuit board. After the ports ore soldered, o coating 
of epoxy resin is applied on both;#te of the circuit 
boord to serve os o moisture boiq^^^d to bond the 
ports to the boord. (Ramo^WootdrK^ Corp.) 
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^<9 2 Printed circuit on ceromic-base materiah» 
Circuits in left column ore screened on a steatite 
ceramic with barium titonote ceramic capacitors lol- 
^^red to bose Circuits on right column screened on a 
dielectric constant ceramic. The base plate is used 


as tl t dielectric for the capacitor formed by screening 
a o iductive area on opposite sides of the pbte.. 
(b) chematic diagroms of circuits in (o)* (Cmtfrahfb 
Dtv , G/obe Union, Inc ) 
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are used for deposition of materials to form resist- 
ances or capacitances* Photoelectrostatic tech- 
niques have also been developed, primarily for the 
fabrication of conductive elements. 

Screening method. The screening method to form 
the circuit (conductors, resistors, capacitors, and 
in some cases low-value inductances) uses ceramic 
or glass as a base material (see Fig. 2). A silver 
paste, usually with a glass binder, is applied 
through a screen stencil to form the conductor pat- 
tern. The stencil is usually formed by a photo- 
graphic process similar to that used for the photo- 
etching process previously mentioned. After the 
silver paste has dried, it is fired in a furnace at 
temperatures between 750 and 1350®F to bond the 
silver pattern to the base. 

Resistance components. Resistive elements are 
usually formed by one of the three methods listed 
in the order of degree of precision required: (1) 
screened or sprayed, (2) applied as a tape, and 
(3) vacuum deposited. 

Resistive inks are composed of various forms of 
carbon with a resin binder (such as phenolic or 
epoxy) and a solvent vehicle. This mixture is ap- 
plied through a stencil to form a rectangular pat- 
tern between two conductors and then baked at a 
temperature between 150 and 600® F. The value of 
resistance is determined by varying the type of car- 
bon used, the ratio of carbon to binder mix, the 
aspect ratio (the ratio of length to width) of the 
rectangular pattern, and to some extent, the thick- 
ness of the film. Resistive elements printed in this 
manner have wide tolerance limits, and it is usually 
necessary to adjust the resistive value by some 
means such as abrading the surface or one edge of 
the pattern. Thus the resistive element is formed 
with a value below that required and then adjusted 
to fall within the design tolerance limits. The sta- 
bility of the resistance value is dependent primarily 
on the type of carbon used and the binder material. 
In general, resins cured at higher temperatures pro- 
vide more stable resistance values. Thus an epoxy 
or silicone binder would provide a more stable re- 
sistance than that obtained with a phenolic binder. 
Printed resistors of the type mentioned above are 
used primarily in consumer products, such as ra- 
dio or television sets, where the tolerance require- 
ments and operating environment are not too severe. 

In order to overcome the difficulty of producing 
resistive elements to close tolerances, and to in- 
crease the probability of producing a number of 
resistive elements on the same circuit base to rea- 
sonable tolerances, the tape resistor was developed. 
This form of resistor is capable of operating at 
temperatures up to 400®F. The resistor is fabri- 
cated by spraying metal-free asbestos paper with 
an ink composed of carbon, silicone resin, and sol- 
vent. The tape is applied to the circuit base and is 
then cured at S75*^F for several hours to pol 3 mierize 
the tesin. Curing of the resin binder also bonds 
the tape to the circuit base, thus forming the com- 
pleted resistor. Resistance values between 10 ohms 
end io megohms :h6% within an area of 0.13 by 


0.30 in. are obtainable by changing i^e type of car. 
bon used and the ratio of carbon to rimin. 

Fabrication of printed resistors by vacuum dep. 
ositlon is an expensive process, and there has been 
no general application of this technique except 
for precision resistive elements. Usually alloys with 
a low thermal coefficient of resistivity (such as 
nickel-chromium alloys) are deposited as a thin 
film on a glass or ceramic base by vacuum-evapo- 
ration techniques. 

Capacitance components. Printed capacitors are 
fabricated as part of the conductor circuit pattern 
when a high dielectric constant ceramic, such as 
one of the titanates, is used as the circuit base ma- 
terial. Conductive patterns are screened on oppo- 
site sides of the circui| base to form the capacitor. 
The dielectric constant of the titanates varies 
widely with temperature; thus these capacitors are 
quite temperature-sensitive and are limited to cir- 
cuits that accommodate wide circuit tolerance. 

Most printed-circuit capacitors are disks fabri- 
cated from barium titanate with additives to obtain 
temperature stability. These ceramic disks arc sil- 
vered on both sides in much the same manner as 
the circuit patterns were formed on a ceramic base. 
The capacitor is joined to the ceramic circuit base 
by the use of lead-tin solder containing approxi- 
mately 3-5% silver to prevent the molten solder 
from dissolving the silvered conductors. ^ 

Plating process. In the plating process (second 
only to etching in popularity for the fabrication of 
circuit conductors) a plastic laminate, such as pa- 
per-base phenolic, is first coated with a material 
that conducts electricity. This may be done by 
forming a 0.0001-in. silver coating on the surface 
of the laminate in much the same way that mirrors 
are silvered. The silver film is then coated with a 



Fig. 3. Close-up of mochine embossing o copp^i' 
circuit pattern onto o phenolic-paper laminate. Th« 
copper foil, feeding into the mochine from left to right/ 
has a temperoture-sensitive adheiive-otn the under sur- 
face. During the embossing oMfotion u hot die cuts 
the circuit pattern, embeds the^|i|K»s of the conductors 
into the phenolic, ond temperoture<ures the ddhtd]'® 
to form a bond with the bose plate. (A* 


plating resiat, usually an enamel, by a stenciling 
process, leaving exposed areas to form the circuit 
pattern. The plating process is similar to the plat- 
ing of decorative metals. After sufficient thickness 
(usually 0.001-0.005 in.) of copper is deposited, 
the plating resist is removed by a solvent. The ex- 
posed silver film is removed by acid etching, leav- 
ing the much thicker copper plating to form the 
circuit pattern on the plastic sheet. For electronic 
circuits that may be subjected to high humidity and 
continuous application of voltages (such that con- 
ditions for silver migration exist), the chemical re- 
duction of copper instead of silver is used to form 
the plating electrode. All the subsequent processes 
are as described previously. 

Mold and die processes. Of the mold and die 
processes, embossing and stamping are the most 
popular (see Fig. 3). In general, these two proc- 
esses are used for the fabrication of conductors or 
inductances. Usually copper foil is embossed on a 
phenolic laminate base plate, or powdered silver 
IS stamped on a plastic sheet. Because of the rela- 
tively high cost of tooling and circuit fabrication 
limitations, these processes have not gained wide 
usage. \i K.L.] 

Bibliography: C. Brunetti (ed.). New Advances 
in Printed Circuits^ Natl. Bur. Standards, Misc. 
Publ. 192, 1948; F M. Horn, L K. Lee, E. R. 
(7amson, and R. F. Newton, Development and Ap- 
plication of Automatic Assembly Techniques for 
Miniaturized Electronic Equipment, Wright Air 
Development Center Tech. Rept 55 230, 1955, 
Pro( eedings of the Symposium on Printed Cir- 
cuits, Radio-Electronic-Television Manufacturers 
Assoc., 1955. 

Printing 

For the Western World, printing had its beginning'^ 
during the first half of the fifteenth century with the 
invention of printing from movable metal types. 
This invention is commonly accredited to Johannes 
Gutenberg whose name today is chiefly associated 
with the Gutenberg Bible, probably the most 
famous book ever printed. Printing of a crude sort, 
done from movable types, was produced in Holland 
some years before Gutenberg began his activities, 
however, and the Dutch ascribe the invention to one 
Laurens Janszoon Coster of Haarlem. The histori- 
cal evidence, debated by generations of scholars, 
does not definitely establish any one man as the 
inventor. Fragments of this early printing, known 
as incunabula or cradle printing, have survived and 
are preserved in European and American museums. 

Both Gutenberg and Coster were preceded t>y 
several centuries by a Chinese, Pi Sheng, wlljo 
printed from movable types made of earthenware 
before the year a.d. 1100; however, Chinese use of 
the art then and subscqueptly had no perceptible 
impact on Europe. 

Regardless of who the inventor may have been, 
the invention not only was the starting point for 
^bal today is a multibillion-dollar industry but was 
oAe of the most significant inventions in human 
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hbtory. It was significant, even revolutionary^ In 
two respects. With movable types as cast by ’Guten- 
berg (small rectangular pieces of metal of umform 
height and body thickness, with a letter or other 
character in relief on one end), it became possible 
for the first time to assemble letters into words, 
words into lines, and lines into pages, and to Ink 
and print the pages. Thereafter, when wiped clean 
of ink, the pages, lines, and words could be dis- 
assembled and the types returned to their respeo 
tive compartments in the type case, ready to be 
used again in another job. Up to that time the 
western world had known only block printing — the 
cutting of crude pictures and lettering on a block or 
blocks of wood. The parts that were not to print 
were cut away so as to leave the lines of the picture 
and the lettering in relief. Such lettering, cut for 
specific wordage, was an integral part of the block 
and could not he dbassembled and recomposed. 

A second and more important aspect of the inven- 
tion was that, again for the first time in western 
history, it made duplication by other than manual 
methods possible. Before the time of (Gutenberg 
and Coster, the text of all hooks, as well as of 
smaller piece'-', was lettered by hand. When, for 
example, a monastery desiied a new or additional 
copy of the Bible, the scribes were set to work 
laboriously copying the Old and New Testaments, 
and possibly the Apocrypha as well, on parchment 
or vellum, with a quill pen or brush. Later the work 
would be rubiicuted and sometimes embellished 
with initials, ornaments, and even pictures, done in 
gold leaf and several colors. All this might require 
the collective efforts and talents of several succes- 
sive generations of handicraftsmen, and in the end 
the result was a single copy. With the invention of 
printing, it became possible to produce identical 
copies, as many as the patience and energy of the 
printer and the extent of his technical facilities 
might permit; and this in turn made it possible to 
put more information into the hands of more people 
in less time and at lower cost, and thereby to spread 
literacy and learning more widely and rapidly, 
than had ever been possible before. 

It was this unprecedented ability to duplicate, to 
produce many identical copies instead of a single 
copy, that caused printing in its early days to be 
associated with magic and known as the Black Art. 

The present-day printing industry may be said 
to have reached its current status primarily as*the 
result of four major developments, of which this 
invention of printing from movable types was the 
first. The second, some 400 years later, was the in- 
vention of the composing machine, which did me- 
chanically and quickly what Gutenberg and his 
successors for generations had done laboriously biy 
hand. Third was the application of power ta the 
printing press, culminating in the development of 
the high-speed, Web-fed, multicolor rotary preas; 
and fourth^ the application to printing processes of 
the camera — first to photoengraving, tfatm to Ih&ig- 
raphy, especially offset, and moat recei!^^ 
pbototypography« to the composhiott of <ype 
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It has often been said that the key to the future 
in the graphic arts is the camera, and it is possible 
that this last development may in the end turn out 
to be the most important of the four. Meanwhile, as 
in every mechanized industry, other technical de- 
velopments, some now in the experimental stage, 
some already in being, for instance, printing in 
which ink is “jumped^’ from type to paper across a 
gap, may revolutionize the industry, not necessarily 
overnight but on short notice, and thereby may 
render obsolete some or all of the procedures and 
techniques described in this article. 

In the printing industry of today there are three 
major methods or processes in use for transferring 
ink to paper. These are (1) relief or letterpress 
printing, in which the printing surface, composed 
of type and printing plates, is in relief and the 
nonprinting parts are below the printing surface; 
(2) planographic printing, in which type matter 
and pictorial material, transferred (usually by 
photography) to a single plate, are printed from 
an even surface; and (3) intaglio printing, in 
which the parts that are to print, both typographic 
and pictorial, are cut or etched into the plate and 
are below the plate surface. 

Letterpress, in addition to being used to desig- 
nate relief printing, is also used in book publishing 
to refer to text matter or typographic content of 
books in contrast to illustrations. 

To the above is sometimes added a fourth proc- 
ess, screen or stencil printing, in which ink is 
brushed or squeezed onto paper through a stencil 
that may carry either pictorial or typographic ma- 
terial or both. Although this process accounts for 
a comparatively small part of the total volume of 
printing, the introduction of mechanization in 
recent years has given it the largest percentage of 
growth of all the processes. There are also spe- 
cialized processes of limited application, in copy- 
ing machines, for instance, which are considered 
more fully in another article. See Photocopying 

PROCESSES. 

RELIEF PRINTINQ (LETTERPRESS) 

Relief or letterpress printing is the oldest of the 
three major processes, with a history that dates 
back more than 500 years, twice that if its begin- 
nings in China are included. Although other proc- 
esses, notably offset, have shown a relatively greater 
percentage increase in volume in recent years and 
have taken over an increasing amount of work 
formerly done by letterpress, it still remains the 
basic process and the largest in volume of the 
three. It is used today for almost all newspapers, for 
books and magazines, and for the general run of 
advertising, commercial, form, and miscellaneous 
printing. 

TypeMtting. In the procedure usually followed 
in letterpress printing, copy, marked for size and 
face of type and for length of line, is sent to the 
eomposiag room, where it is set in type, usually on 
one tbe **hot metal** composing machines — 
Intm)^ or Monotype, or Ludlow Ty- 


pograph in the larger type sizes. Foundrycast type 
for handsetting is also used but mostly for headings 
and the like. The resulting composition, including 
heads, body matter, captions, and incidentals, after 
having been proofread and corrected, is then as- 
sembled into pages, along with line engravings 
(printing plates made from pen-and-ink drawings 
and other art work done in line) and halftones 
(plates made from photographs, wash drawings 
and other art work done in continuous tone). See 
Composition (type) ; Printing plate. 

In the printing of large-edition newspapers, type 
and plates are assembled into pages and the pages 
each locked up in a heavy metal frame called a 
chase, which holds all elements of the page securely 
in place. A thick sheet'^f papier mache, the stereo- 
type matrix (mat), is then placed over the type 
page and squeezed down upon it by hydraulic or 
mechanical pressure, so that, when removed and 
dried, it constitutes a mold or matrix of the page. 
From this in turn a stereotype plate is cast, usually 
in semicylindrical form and about % in. in thick- 
ness. The curvature corresponds to that of the print- 
ing cylinder of the press on which it is to be used. 
If the page or part of the page is to print in a color 
or colors (in addition to black), a separate mat 
and plate are made for each color. 

Rotary presses (newspaper). Because of the 
high production speeds required, the lai^e metro- 
politan dailies are printed on web-fed rotary 
presses, which print from large heavy rolls of news- 
print pa^r that pass through the press in con- 
tinuous webs, and which carry the printing plates 
on the surface of printing cylinders. Each printing 
cylinder usually carries four or eight plates and 
thius will print four or eight pages on one side of 
the web at each revolution. An impression cylinder 
keeps the web pressed against the plates, which are 
inked by a set of rollers also tangent to the printing 
cylinder. 

The large rotary presses consist of a number of 
printing units, each containing two printing cylin- 
ders (complete with impression cylinders) and 
each printing on a separate web, four or eight 
pages on one side and four or eight pages on the 
other. Any or all of these units may be brought into 
operation, depending upon the number of pages to 
be printed, and may be used for additional sections 
or for color printing. (The increasing use of color 
has been one of the outstanding developments in 
newspaper printing during the IQSOs.) Eventually 
the webs from the several units are brought to- 
gether and fed through a device, built into or 
attached to the press, which automatically gives 
them their down-the-middle fold, cuts them into 
individual papers with pages in consecutive order, 
folds the papers across the middle, and counts 
them — all this at speeds of 50,000 or moTe impres- 
sions per hour per press unit. Web speeds in the 
larger rotaries average about 1500 ft/min. 

For dailies of smaller circulation which still mnst 
meet exacting delivery deadlines, a smaller ^ 
rotary press is built, the tubular pross^— so cslleo 






Printing processes, (a) Relief, ib) Planographic, (c) Intaglio. 


because the stereotype plates used are cast in cylin- 
drical instead of semicylindrical rorm and are 
carried on printing cylinders of correspondingly 
smaller diameter. These presses consist of up to 
four units, each usually printing four pages, two on 
each side of the web. They can print 12- or 16- 
page papers at speeds of about 45,000 an hour. 

For dailies of only a few thousand circulation 
and for weekly papers, there are several types of 
more or less specialized press, some printing from 
webs and some from sheets. Some of these operate 
on the flat-bed principle, and most print directly 
from the type pages without use of stereotypes or 
other form of duplicate plates. 

Rotary presses (magazine). The big-edition, 
nationally circulated magazines, when done letter- 
press (Life, The Saturday Evening Post, and 
Readers Digest are examples), are printed on 
web-fed rotaries generally similar in operating 
principles to those used for the large dailies, but 
with two points of difference: the presses make 
possible the printing of illustrations in full color 
from fine-screen halftones on both sides of the 
web, and a different form of duplicate plate, the 
electrotype (electro), is generally used instead of 
the stereotype. The electrotype is prepared by 
niaking a mold of the type page or halftone plate as 
the case may be, then suspending this mold in a 
bath of copper sulfate and sulfuric acid where, by 
electrolytic action, a fliin shell of copper is de- 
posited on it, and finally pouring molten type metal 
into this shell to back it up and give it the body and 
strength required to stand up on the press, after- 
wards planing it down to the required thickness.^ 
electrotypes intended for very long runs, 
especially with colored inks (some of which react 
chemically on copper), a thin surface of nickel is 
electrodeposited first, followed by copper shell 
®nd back-up metal. The electrotype is more ex- 
pensive and takes longer to make than the stereo- 
type — from 2-8 hours — but is more durable and 
gives more faithful, finer-qualily duplication of 120- 
133-line halftones in both black and white and 


color such as are used in “slick paper” magazines, 
in much book work, and in the better grades of 
advertising printing. 

Stereotypes may be made either ciirved or flat; 
electrotypes are made flat, and if for use on rotary 
presses, are curved by mechanical pressure. 

Electrotypes and stereotypes have both long been 
used in book printing, particularly when the first 
edition is large and subsequent editions likely. A 
more recent development for book work is a dupli- 
cate plate made of rubber on a flexible mounting 
which can be bound around the printing cylinder 
of a rotary press. Duplicate plates of molded rub- 
ber, plastics, and even nylon are also in use for 
book, magazine, and commercial printing. 

Flat-bed presses. Smaller-edition printing, when 
done letterpress (publications, booklets, pamphlets, 
business forms, folders, the general run of com- 
mercial printing), is produced mostly on one or 
another form of flat-bed press, so called because 
the type pages or duplicate plates (if such plates 
are used), instead of being locked on the surface 
of a printing cylinder, are positioned on a flat, 
sliding bed, horizontal on most presses, which 
moves back and forth under a cylinder. Most of this 
printing is done not on webs but on sheets of paper 
ranging in size from 12 by 18 to 44 by 64 in. and 
even larger. The cylinder is not a printing cylinder; 
instead, as it revolves, it seizes an edge of the sheet 
in' its grippers and carries the sheet around with it, 
bringing it into contact with the form of type 
pages or plates as the bed slides through under- 
neath, thereby printing one side of the sheet. 
Forms may consist of 4, 8, 12, 16, or more pages 
(they are generally in multiples of four) which 
are locked up together in a chase and printed in a 
single impression. As the bed of the press is fe- 
turned to its original position, the cylinder is raised 
by cam action so that it will not come in contaeft 
with the form, while at the same time it delivers 
the printed sheet onto tapes or similar device^ 
v«rhicb carry it to the delivery endi of the .press and 
deposit it on Uie sheets pttviomlf prhstedL 
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Presses of this type are also known as cylinder 
presses and in most cases require two revolutions 
of the cylinder for each impression. 

The sheets produced on flat-bed presses, after 
being printed on both sides, are folded by machine 
( or sometimes by hand ) into signatures of 4, 8, 16, 
32, or more pages, with pages in consecutive order, 
and the signatures subsequently trimmed to a pre- 
determined page size. A printed piece such as a 
booklet or catalog may consist of one or several 
signatures, which are held together by wire staples, 
thread, flexible adhesives, or by mechanical bind- 
ing devices made of metal or plastic materials. 

Flat-bed presses are made in various sizes and 
models, including some that operate vertically. 
They do not have the speed of rotaries, production 
ranging approximately from 1500 or 2000 to 6000 
impressions per hour, depending upon size of 
sheet and nature of work; but they are far more 
flexible in terms of short and long runs, different 
sizes of sheet, and ability to handle a wide range of 
work, and cost less to purchase and to operate. 
They are in general use in commercial printing 
plants and are capable of turning out a wide va- 
riety of printed pieces which vary in layout, struc- 
ture, and quality in accordance with customers’ 
specifications. 

Platan prasses. Small printed pieces such as 
envelopes, postcards, stationery, circulars, and 
small business forms are usually printed on platen 
presses — the familiar open and close or clamshell 
action type of press, common to printing plants 
generally, particularly the smaller ones, and gen- 
erally known as job presses. They may be either 
hand or mechanically fed. Or, if required in large 
editions, these smaller pieces may be printed on 
large sheets from two, four, eight, or more identi- 
cal type forms, plates, or sets of plates, the sheets 
being later cut up into the individual pieces. Often 
also, such jobs may be ganged up, that is, several 
different jobs run together in a single form and 
printed on the same sheet, to be subsequently cut 
apart. 

Special presses. There are numerous variations 
on the types of press described above, including 
presses designed for specific repetitive jobs or for 
a specific type of work; but the three described, 
rotaries, flat-beds, and platens, are the types in 
widest use for general printing. 

A specialized form of relief printing used for the 
printing of bags, food wrappers (including bread 
wrappers), acetate, cellophane, waxed papers, 
metal foil, and other materials having surfaces not 
easily handled by ordinary letterpress methods is 
aniline printing, now more generally known as 
flexography. The earlier name cime from the fact 
that aniline dyes were (and are) used for pigments 
in the inks. These inks are liquid, dry quickly, and 
because of their use on paper and other substances 
that are directly in contact with foods, must be 
noncontaminating. Printing is done from flexible 
rubber plat^ carried on the printing cylinders of 
weVfed rotaries. See Printing 


PLANOGRAPHIC PHIHTim 

Planographic printing is printing from an even 
surface — one in which the printing portions arc 
neither above the nonprinting portions, as in letter- 
press, nor below the nonprinting portions, as in 
intaglio. 

A second distinguishing feature is that the proc- 
ess (lithography), by which all but a very small 
percentage of planographic printing is produced 
is based on the simple fact that grease and water 
will not mix. 

Lithography, the invention, possibly by accident, 
of Alois Senefelder, dates only from 1798, nearly 
350 years after Gutenberg. The term means literally 
stone writing or stoii^ printing, and for the first 100 
years of its existence lithography was just that. 

Direct lithography. In the original process the 
copy to be printed (lettering, music, or art work) 
was either drawn by hand in reverse (right to left) 
on the surface of a slab of porous stone with a 
grease crayon or in greasy ink, or was transferred 
to the stone by rubbing, having first been drawn 
with a grease crayon on transfer paper having a 
special surface. The surface of the stone was then 
sponged with a solution of gum arabic in water to 
render the nonprinting portions receptive to mois- 
ture but repellent to greasy ink and the printing 
portions receptive to grease but repellent to mois- 
ture. The surface, after being dampened with water, 
was then rolled with the greasy ink, which adhered 
only to the printing image; paper was laid over it, 
and a print made by pressure. 

This process, known as direct lithography, is 
little used commercially today but survives as » 
'fine arts process for the making of lithographs, 
prints made from drawings or lettering done mann 
ally on the stone and printed on a hand press. 

Indirect lithography. The lithographic process, 
however, not only continues but flourishes in the 
form of indirect lithography — offset lithography 
(offset for short). The clumsy stones have been 
replaced by thin, flexible plates usually made of 
zinc or aluminum but sometimes of plastic or 
plastic-coated paper. The plates usually have a 
fine-grained surface, though nongrained platef^ 
are also in use; the slow, stop-and-start flat-bed 
presses on which the stones had to be printed have 
been superseded by presses having a continuous 
rotary motion ; and photographic methods have ah 
most entirely supplanted the old manual and hand- 
transfer methods of putting the image on the pla|® 

Although offset has not as yet caught up 
letterpress and rotogravure in the printing 
metropolitan newspapers or nationally circulated 
magazines (experimental work toward that end ha® 
been in progress for several years and is still m 
progress), it is being used for almost the entire 
range of commercial and advertising printings 
including window and counter displays, posters, 
road ^aps, packages and ^containers, labels*^ an 
picture postcards. It is also being increasing > 
employed for books, book jackets, and for 



lions of small or moderate circulation ; and in con* 
junction with ‘‘cold type” (type produced on ma- 
chines operating on the typewriter principle as 
opposed to “hot metal’* type), it has taken over a 
vast mass of printing in which budgetary considera- 
tions are paramount. In the newspaper field, as 
yet, its use has been confined to a comparatively 
small number of weeklies and a few smaller-city 
dailies. 

Offset presses. In construction and operating 
principle, offset presses differ widely from their 
letterpress counterparts. The typical press contains 
four cylinders of uniform diameter. This diameter 
and the length of the cylinders vary with the size of 
plate to be handled. First of the four is the printing 
cylinder, which carries the flexible metal printing 
plate clamped tightly around it. Bearing on this, 
one on each side of the cylinder, are two sets of 
rollers: the water rollers, which moisten the face 
of the plate as the cylinder revolves, and the ink 
rollers, which supply the ink. Here again the 
grease-and- water principle applies; the water is 
retained on the nonprinting parts of the plate hut 
runs off the greasy printing image, while the image 
holds the ink, which is also greasy, but repels the 
water. 

The printing cylinder, notwithstanding its name, 
does not print the image on paper ; in fact, it never 
comes in contact with the paper. Instead, it prints 
the image on the surface of the second cylinder, an 
intermediate cylinder, known as the rubber blanket 
cylinder because its surface is rubber. This cylinder 
is generally located below the printing cylinder 
and is tangent to it. 

To one side (usually) of the rubber blanket 
cylinder is the third cylinder, the im pres- ion cylin- 
der, the purpose of which, as in a letterpress rotary, 
is to hold the paper against the rubber blanket 
cylinder as the cylinders revolve. The paper, in the 
form of either sheets or web (there are both sheet- 
fed and web- fed offset presses), feeds in between 
the impression cylinder and the rubber blanket 
cylinder, and printing takes place at the point at 
which the two are in contact. Thus, the printing 
image is transferred to, or offset on, the paper, not 
printed directly on it by the printing plate; hence 
the terms offset and indirect lithography. The 
fourth cylinder, which is usually below the impres- 
sion cylinder and revolves against it, is the delivery 
cylinder and carries the printed sheet or web to the 
delivery end of the press. 

Like the larger letterpress rotaries, an offset 
press may be made up of several printing units. 
Ihiis, a press designed for four-color process print- 
may have four units in tandem, one printing the 
yellow, one the red» one the blue, and one the black, 
die colors being printed successively (although not 
necessarily in that order) on the sheet or web as it 
havels through the press* Smaller presses are made 
in single-color and two-color models. 

Attempts have been made from time to time to 
eliminate the intermediate (rubber blanket) cylin- 
der in favor of printing direct from plate to paper* 
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As yet, however, it continues to hold its plaeOn 
mainly for the reason that, having an elastic ii^ 
stead of a rigid metal surface, it can print halftones* 
even fine-screen halftones, on rough-surfaced 
papers, on metal (as in the printing of tin), and 
on other uneven surfaces, including canvas, wood, 
and leather. This is either mechanically impossible 
or commercially impractical with letterpress. It 
also contributes to, or at least does not int^fere 
with, the continuous rotary motion of the press, and 
with albumen plates particularly, may contribute 
to the life of the plate by enabling the photo- 
graphically imprinted image to stand up longer on 
the press than it would if in direct contact with 
the paper. 

Dry offset process. Dry offset is a process which 
employs the offset principle but in which the plano- 
graphic printing plate is replaced with a plate 
having the image in relief, thereby eliminating the 
need for the water rollers, which on occasion have 
been the source of production difficulties. Although 
this process is not generally available, it holds 
definite possibilities for the future. 

Planographic composition. Offset production 
differs from letterpress production in several re- 
spects, beginning with composition. If type pro- 
duced on “hot metal” machines is to be used, the 
type is set, proved, read, and corrected as in letter- 
press, after which repro proofs (proofs for photo- 
graphic reproduction) are taken. These proofs are 
usually pulled on a coated or dull coated paper on 
a special type of proof press, and are as nearly 
perfect mechanically as it is possible to make them. 
If “cold type” composition is to be used, the copy 
is typed on smooth-surfaced white paper, either 
on a typewriter or on one of the several “cold type” 
composing machines, and the typed sheets are used 
in the same manner as repro proofs. 

In the next stage the repro proofs or typed sheets 
are cut up and pasted down together, usually with 
rubber cement, on a carefully laid out sheet, with 
body matter, heads, and captions in the exact posi- 
tion they are to occupy in the printed product, the 
result being what is known as a keyline layout, or 
more often in the trade, as a mechanical. Such 
mechanicals may consist of a single page, a spread 
(two facing pages), or of 4, 8, 12, 16, or more 
pages, arranged as in a form in letterpress. Line 
illustrations, if drawn to the proper scale, may be 
mounted in position on the mechanical ; if too laiQge 
for this, they may be photographed down (reduced) 
to the proper size and the photographic prints 
mounted in place instead, or separate line negatives 
may be made. Spaces to be occupied by halftones 
are either ruled off on the mechanical or are in- 
dicated with rectangles of black paper cut to the 
exact size the halftones are to be and mounted in 
their several positions. 

Headline and text material majr be coniposed ier 
offset production on phototypesetting or photocoiai- 
posing machines, thus eliminating the necessity lor 
making and photographing tepi^ proofe or 
sheeu. However, it jpbotographs, > ^ash diawmt^ ^ 
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other kinds of tonal art work are to be used as 
illustrations, they are photographed separately 
through a halftone screen, and halftone negatives 
are made. 

All negatives, headline and text, halftone and 
line, are carefully inspected on a light table, and 
“pinholes” or other imperfections are opaqued out, 
that is, painted out on the negative with an opaque 
purple or black paint. 

Planographic plates. In letterpress, separate 
plates are made from the halftone negatives. In off- 
set, the halftone negatives and the line negatives of 
type and line art are assembled and taped down 
together with transparent gummed paper on a 
“flat,” the negatives being positioned exactly as the 
type and pictorial matter are to appear in the 
finished product. The flat is a sheet of opaque 
paper, usually colored, on which a careful layout 
corresponding to that of the mechanical has been 
made and openings cut for the line and halftone 
negatives that are gummed down on it so that the 
paper partly masks out the nonprinting portions. 
In other words, the flat is a composite negative 
made up of the negatives of all the material, both 
typographic and pictorial, that is to appear in the 
page, spread, or form, as the case may be. In color 
work a flat is made for each color, the flats being 
carefully registered one with another. 

In all negatives, whether line or halftone, the 
black and white values are reversed. Type proved 
in black ink on white paper, for instance, will 
appear white and transparent against an opaque 
black background in a negative. 

Preparation of plates. The flat is next laid over 
the flexible metal plate, the surface of which has 
previously been coated with a light-sensitive emul- 
sion (presensitized plates are widely used in offset 
plants) and the two are locked together in a vacuum 
printing frame. These vacuum printing frames come 
in several forms, a common one being similar to a 
large table with a steel-framed glass top hinged on 
one side; this top is raised, the flat and plate 
inserted, the top locked down, and the air ex- 
hausted to ensure perfect contact between flat and 
plate. The image is then “burned in” with powerful 
lights, which shine down through the negatives to 
the plate, hardening the emulsion under the trans- 
parent lines and dots and rendering it insoluble in 
water. Nonprinting areas, which are shielded by the 
opaque parts of the negatives, are not affected by 
the action of the light and remain soluble. 

After exposure, which varies in length of time 
according to the nature of the work to be printed, 
the flat and plate are removed from the printing 
frame and separated, the face of the plate is coated 
with a special ink, and the plate is then washed. 
The ink adheres to and brings out the printing 
image but washes away from the nonprinting areas, 
carrying the emulsion with it and leaving the metal 
exposed. The printing image is then fixed, and 
subject to final change or correction, the plate is 
ready for the press. 

When the fiat has been completed but before H 
is put into the vacuum printing frame, a photo- 


graphic print is made from it, usually on blueprint 
paper or its equivalent; inexpensive photographic 
papers are used which can be developed in water 
This print, folded down into a signature with pages 
in consecutive order, is the equivalent of a final 
proof on which the author, editor, or production 
manager may, within limits, indicate his last cor- 
rections or mark his approval. 

Deep-etch plates. The procedure described above 
applies to the making of albumen plates, in which 
egg albumen is the vehicle that carries the light- 
sensitive salts, and which are widely used. For 
sharper contrast and greater detail in halftones, 
however, and particularly in the more exacting 
forms of color work, the offset printer may make 
use of so-called deep-<^tch plates. For these, photo- 
graphic positives instead of negatives are used in 
the flats, and the printing image is etched slightly 
below the surface of the plate, thereby enabling 
the plate to carry more ink than is mechanically 
possible with albumen plates. Deep-etch plates are 
also more durable than albumen plates. The 
term deep in this connection is a misnomer; actu- 
ally the depth of etching is so slight that it can 
barely be felt with the fingernail, and the plate is 
classified as planographic, although in fact it is 
slightly intaglio. 

A special form of deep-etch plate, the bimetal 
plate, has come into use in recent yetrs. These 
plates are composed of two metals, one of which 
has a special affinity for water and the other for 
ink, the h)rmer constituting the surface of the plate. 
One combination used is a wash of chrome over 
copper. In this the image is etched through the 
chrome to the copper, thus taking advantage of the 
special qualities of the two metals. There is also a 
trimetal plate of chrome over copper backed up 
with steel or zinc. 

For use in the flats for deep-etched plates, repro 
proofs are sometimes pulled on thin sheets of 
acetate on a special press which prints the image 
in exact register on both sides of the acetate to 
ensure opacity, and these acetate sheets are used in 
the same way as photographic positives. Similarly, 
the negatives or positives of type matter produced 
on phototypesetting or photocomposing machinei 
may be used, instead of negatives of repro proofs, 
in the making of flats or mechanicals. 

Place of offset lithography. It has been men- 
tioned that in letterpress, jobs running to very large 
editions may be printed from two, four, eight, or 
more identical plates or sets of plates, usually 
electrotypes, with a corresponding reduction in 
press running time required. In offset, the equiva- 
lent of this duplicate plate technique is obtained 
by means of the step-and-repeat machine, whereby 
identical images, precision-spaced at fixed dis- 
tances apart (both sideways and up and down)i 
may be projected photographically onto the sut' 
face of a single large plate. With this device, sets 
of larg^ color plates carrying multiple images may 
be made which will register exactly, plate to pl^ 
and image to image, when the colors are printed 
successively, one over the other. 



Of the three major printing processes — letter- 
press, oflFset, and gravure — offset is by a consider- 
able margin the newest, having come into general 
use in the United States in 1912. Its invention, or at 
least its application to the printing of paper (the 
offset principle had been employed earlier for 
lithographic printing on tin), is jointly credited to 
Ira W. Rubel and to the Harris brothers, A. F. and 
Charles. Rubel and the Harrises, working sepa- 
rately and independently, appear to have arrived at 
approximately the same results at approximately 
the same time. Like Senefelder’s invention of li- 
thography, the invention of offset may have been at 
least partly accidental. 

Although the total volume of work produced by 
lithography is still materially below that produced 
by letterpress, its percentage increase has been 
very much higher, 105% as against 38% from 
1947 to 1954. The increase in volume over the same 
period totaled $665,000,000 for letterpress and 
$550,000,000 for lithography. In gravure, which 
runs third in total volume, the percentage increase 
from 1947 to 1954 was 205% ; the volume increase 
was $] 14,000,000. 

PHOTOGELATIN PRINTING (COLLOTYPE) 

A process which belongs in the planographic 
category, although not literally planographic, is 
l^hotogelatin printing or collotype, a distinguishing 
characteristic of which is that it uses no screen. In 
its modern version — it originally was mainly a 
hand process in which production might amount 
to no more than 100 impressions per day — the plate, 
usually of aluminum, is coated with a layer of light- 
sensitive (bichromated) gelatin, over which is 
laid an unscreened photographic negative of the 
copy to be reproduced. When the two are exposed 
to light, the gelatin is affected in varying degree in 
proportion to the amount of light admitted to it 
through the dark, medium, and light portions of the 
negative. The plate is given further treatments, 
including immersion in a glycerin solution, and the 
end result is a printing image which varies not only 
in thickness (in terms of thousandths of 1 in.) but 
in moisture content and consequent ability to repel 
ink or hold it in varying amounts. The plate is kept 
moist and the pressroom maintained at the proper 
degree of humidity by controlled humidification. 

Photogelatin or collotype is essentially a short- 
run process ; runs of only a few hundred prints are 
common, with 5000 to perhaps 10,000 as a practical 
maximum, but is used for a fairly wide range of 
advertising work in both black and white and color, 
including counter displays, posters, blow-ups (en- 
largements) of advertisements and pictorial copy, 
and facsimile reproductions of photographs. Be- 
cause of its screehlessness it has been used to great 
advantage in reproducing ancient manuscripts 
which either were falling to pieces from age or were 
likely to suffer from handling and exposure to the 
air. Of all processes, it gives, or is capable of giving* 
the most faithful facsimile reproductions. 

Printing, formerly done on stop-cylinder presses 
from 6at plates of heavy glass, is now done on 
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sheet-fed rotaries. Production speeds vary accord- 
ing to the nature and size of the copy and the sur- 
face on which it is to be printed. 

INTAGLIO PRINTING 

The parental process in intaglio printing (pro- 
fessionally pronounced in-taggle-io) is steel and 
copperplate engraving, which rivals letterpress in 
age, going back in Europe at least as far as the 
time of Gutenberg and probably farther, and, in 
China, possibly to the time of Pi Sheng. According 
to D. B. Updike the first book decorated with cop- 
perplates was printed as early as 1477 (Gutenberg 
died in 1468) and books with copperplate pictures 
and title pages were fairly abundant in the late 
sixteenth and the seventeenth centuries. 

Engraving. In this process the artist took a thin 
but rigid plate of copper or steel, drew or sketched 
his picture on it, usually in right-to-left reverse, 
and then cut the lines of the picture, and of the 
lettering if any, into the face of the metal with a 
small V-pointed graver or burin. After the cutting 
was completed, the plate was inked over its entire 
face and then wiped, so that the ink was removed 
from the surface but was retained in the incised 
or engraved lines. This is the original and literal 
meaning of the term engraving, which today is 
applied generally to relief plates in both line and 
halftone. Paper is then laid over the plate, paper 
and plate are inserted in a crude form of hand 
press, and the ink is transferred from engraved 
lines to paper by a combination of pressure and 
suction. 

Although it is extensively imitated by a form of 
raised printing, the process survives today in the 
making of plates for formal calling cards, engraved 
stationery, formal announcements such as wedding 
invitations, certain forms of certificates, and in 
artists’ etchings. In these last, the surface of the 
plate is usually coated with wax and the drawing 
done in the wax with a sharp-pointed instrument 
which penetrates through to the copper. Thereafter 
the plate is etched with acid, the lines being ^’bitten 
down” into the metal; the wax, which protects the 
nonprinting parts from the acid, is removed, and 
the plate is inked, wiped, and printed. 

Intaglio printing from steel plates is used in 
the U.S. Bureau of Engraving and Printing for the 
printing of stamps, paper money, and tends of 
large denominations. Stock certificates and tends 
of commercial organizations are usually printed by 
private firms specializing in steel-plate reproduc- 
tion. Serial numbers on money, stock certificates, 
bonds, and other documents are imprinted by spe- 
cial letterpress attachments. 

Gravure procMMt. Out of this basic traditional 
technique have grown the three processes wlrich 
today are known collectively as gravure — photo- 
gravure, rotogravure, and sheet-fed gravure. Oi 
these, the largest and the m<^t important cqim- 
mercially is rotogravure, which Is done from large, 
engraved, copper-surfaced or copper- jaoketed qyte- 
ders carried on web-fed pressestof tte rotary 
and is used^' for newspaper roto eecttons, ior ec^ 
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of tho big-edition magazines, and for big-edition 
commercial work. (This Week magazine. The 
American Weekly^ the Sunday magazine and book 
review sections of The New York Times^ and cer- 
tain pictorial sections of the catalogs issued by the 
large mail-order houses are examples.) 

Because of the time required for plate prepara- 
tion and the relatively high initial costs, rotogravure 
is essentially a large-scale production process, best 
suited to work that runs into hundreds of thousands 
or millions of copies. Photogravure is virtually a 
hand process, best suited to limited or deluxe edi- 
tions in which reproductions of the finest quality 
are called for, and is capable of beautiful effects. 
Sheet-fed gravure, which has been more highly 
developed and is more extensively used in England 
and on the Continent than here, lies in between ; it 
is suited to runs of moderate or medium length, and 
its costs are not so high as to put it out of competi- 
tion with fine-quality letterpress work and with 
deep-etch offset. 

In reproducing photographs and tonal art work, 
the gravure processes are capable of a depth and 
quality of tone superior to that of any other proc- 
ess, but type reproduction suffers because all mat- 
ter, typographic or pictorial, going on a rotogravure 
cylinder or a sheet-fed gravure plate must be 
screened, and readability of type may thereby be 
affected. For this reason type matter printed letter- 
press and gravure-printed illustrations are some- 
times used together in the same publication or ad- 
vertising piece. 

Printing surfaces. Without going into the tech- 
nical details of screen and carbon tissue, it may be 
said that the printing surface of a gravure cylinder 
or plate as used for most monochrome work (black 
and white, or as often, sepia and white) differs 
from the surface of a letterpress halftone in three 
particulars: (1) the dots composing the printing 
image are below the surface instead of in relief; 

(2) instead of varying in size or area as in a half- 
tone, the dots are all of the same area; and 

(3) although the dots are of uniform size surface- 
wise, they vary in depth, this depth being greater 
or less according as the parts of the copy printed 
from them are respectively dark or light. For dark 
parts (blacks or dark grays), in other words, the 
tiny, almost microscopic cups or wells carrying the 
ink will be deeper, will hold more ink, and conse- 
quently will apply more ink to the paper than will 
the shallower cups or wells which print the white 
or light gray portions. (Lest the terms cups and 
wells prove misleading, it should be said that with 
the 150-line crossline screen used in most mono- 
chrome gravure work, there are ^me 22,500 of 
them per square inch, and that the depth of the 
deepest will not exceed 0.002 or 0,003 in.) 

It is this ability of the gravure process to print 
from what is, ia effect, an ink film of varying thick- 
ness instead of from one of uniform thickness, plus 
the ability of the deeper dots to apply more ink to 
the paper than is posable with other processes, that 
acoonnts for ^ range of tonal values and the 
depth of tone idiaradwristic of graviure-priiited 


reproductions. Because of the amohnt of ink ap- 
plied, the dots on the darker portions frequently 
spread and overlap one another on the paper, 
obscuring the screen structure entirely and giving 
the effect of nonscreened continuous tone. 

For color work in gravure, a process of com- 
paratively recent development is used, the Dultgen 
or News-Dultgen Halftone Intaglio Process, in 
which, by the use of a reverse halftone screen and 
two photographic positives, dots are produced 
which vary in size as well as in depth. This 
combination of different-sized dots, as in relief 
halftones, with different-depth dots, as in crossline- 
screen gravure, while suited to monochrome work, 
is used mostly for three- and four-color process 
printing, where it givi^ added detail, fidelity, and 
color range to the reproouction. 

Printing operations. In the printing operation, 
the gravure cylinder or plate either rotates through 
a trough of almost liquid ink, entirely unlike the 
thick, tacky letterpress and offset inks, or has the 
ink sprayed upon it, the ink being held on the sur- 
face as well as in the etched cups. As the cylinder 
continues its rotation, it passes under a thin, 
flexible steel blade or scraper, the doctor blade, 
which extends the entire length of the cylinder, 
bearing at an angle against it, and wipes or scrapes 
the ink from the surface, leaving it only in the 
etched cups. The blade thus does meehanically 
what the operator does manually in copperplate 
engraving. To minimize wear and the possible 
effect of small nicks, the blade is made to oscillate 
lengthwi((e against the cylinder. After being wiped, 
the cylinder rotates further and comes in contact 
with the paper, which is held against it by an im- 
pression cylinder, and printing takes place at that 
point. 

Like the larger letterpress rotaries and offset 
presses, a gravure press may be made up of several 
units which may be used either for the printing of 
additional pages or for color printing. Rotogravure 
press speeds for monochrome work run around 
20,000 or more impressions per hour. 

Aside from sheet- as opposed to web-feeding, 
sheet-fed gravure differs from rotogravure mainly 
in the fact that the printing image is usually 
etched into a thin, flexible copper plate which is 
clamped around a printing cylinder in much the 
same manner as an offset plate. As compared with 
rotogravure, it is a quality as distinguished from a 
large-scale production process, is much slower (up 
to 7000 impressions per hour), will print on a 
wider range of stocks, and rightly handled, will 
produce results than can hardly be surpassed by 
any other process. 

Sheet-fed gravure is sometimes referred to as 
photogravure, but this term is more generally and 
more correctly applied to the intaglio process 
mentioned earlier in which the plates arc made 
and the printing done largely by manual method)^ 
Pbotogflivure antedated both roto and shoet-fed 
gravure. In photogravure, instead of a screen 
iiig used in plate making, the plate is ligbo^ 
covered with fine powderlike particles of pphH 



an acid resist, which are floated on it by air in a 
special container. The plate is then heated to bake 
in these particles on the surface of the metal, the 
particles forming the equivalent of an acid-resistant 
screen or grain pattern ; carbon tissue carrying a 
photographic positive is placed in position over it, 
and the plate is etched in much the same way as a 
plate for sheet-fed gravure. Production, done on a 
hand press, runs to 100 or fewer sheets per day. 

SCREEN (STENCIL) PRINTING 

Of the stencil printing processes referred to 
earlier, there are two that should be mentioned 
here: mimeographing and silk-screen printing. The 
former is actually a copying or duplicating rather 
than a printing process, although capable of pro- 
ducing up to perhaps 5000 copies, and is widely 
known through its use in business offices and mili- 
tary circles. The stencil is usually typed on a 
typewriter. Lettering, diagrams, and drawings may 
be added by drawing or tracing them on the stencil 
with a stylus. Many small publications, such as 
church and company newsletters, and an enormous 
variety of releases, publicity handouts, and mis 
cellaneous short-run copy of all types are handled 
by this technique. Both stencil cutting and printing 
can be done by office help, making it one of the 
most economical of processes. 

More important from a printing standpoint is the 
silk-screen process, which is used for a wide va- 
riety of advertising, including posters, window and 
counter displays, and the like, and for printing on 
wood, metal, cloth, plastic, and other nonpaper 
surfaces. It also finds use as a fine arts print proc- 
ess and has many enthusiastic do-it-yourself prac- 
titioners. Essentially, the process consists of a 
screen, usually of 51-gage silk, on which, by any 
of several techniques, a design is traced or lettered 
and the nonprinting parts painted over with an 
ink- and water-resistant lacquer. This stencil is 
carried, tightly stretched, in a frame; the ink, 
which actually is a paint rather than an ink, is 
carried in the same frame; and by means of a 
squeegee the ink is pulled back and forth in the 
frame, printing at each pull an impression on the 
paper or other surface, which is held in position on 
a table underneath the frame. Printing is usually 
done in flat, opaque colors, one color at a time. 
Production by manual methods is slow, only a few 
hundred impressions per hour, but with power- 
driven presses, which are being used in constantly 
increasing numbers, a rate of production of 1200- 
^500 impressions per hour can be achieved. The 
versatility of this process makes it suited to an ti- 
niest limitless number of applications; conse- 
quently, it is the most dynamic branch of the 
graphic arts industries. [l.b.s,] 
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Printing in color 

The art and craft of embellishing designs, pictures, 
and typographic pages for a more pleasing effect 
than obtained in black-and-white; in addition, for 
pictures which are more nearly representative of 
the original object or painting. Long before 
printed pages supplanted hand-written manu- 
scripts, scribes ornamented or “illuminated” their 
pages with elaborate decorations (or rubrics, from 
the red colors often applied to titles and initial 
letters). Early printing also had illustrations tinted 
in color by hand. Wallpaper painted in colors dates 
back to 200 B.C., when the (Chinese decorated rice 
paper with scenes from nature. 

After the development of lithography by A. Sene- 
felder about 1798, artists found it relatively easy 
to produce colored copies by working directly on 
the lithographic stone, using a number of different 
colors to achieve their results. A painter and 
etcher named J. C. Le Blon first conceived the pos- 
sibility of producing a wide range of color effects 
by using only three basic colors. He attempted to 
commercialize his efforts in 1704, but three-color 
printing in the modern sense was developed after 
color photography. In the late nineteenth century, 
following the invention of the halftone screen, col- 
ored halftones were developed. The first three-color 
process illustrations similar to present-day methods 
are generally credited to W. Kurtz in 1893, ^al- 
though a number of workers in the field, S. H. 
Horgan, F. E. Ives, and L. £. and M. Levy, made 
significant contributions. 

Three- and four-color process printing is closely 
allied with color photography ; the fundamentals of 
color reproduction are much the same for all the 
printing processes. Just as a halftone printed Ip 
black on white paper is an optical illusion giving 
the observer the impression that be is seeing ^ 
various gradations of tone in ihe origtnal 
graph, a colored halftone give^ the illusion tW a 
wide range of colors is preset. Aetnallyi 
three colors are used (black ia added in the teyse 
commonly used fottrf«oolor proness). tha ^ 
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dots in each color are printed at different angles, 
so that they fall one alongside another and overlap 
to form combinations of many colors. Inks for proc- 
ess printing are transparent tones of red, blue, and 
yellow. See Ink; Photography, color. 

Separation negatives. Since three plates (four 
for four-color process) must be obtained in order 
to print the proportionate parts of the different col- 
ors, first steps involve breaking down a colored 
original into three (or four) separate photographic 
images. These are termed separation negatives. In 
the process, the original colored object, painting, 
photograph, or transparency, is positioned before 
the lens of a large copying camera. Over the lens 
is placed an orange-red filter which allows light 
rays of that coIqf only to pass; thus, the red por- 
tions of the original are represented by tones of 
gray in the negative. In like manner, another piece 
of film is placed in the camera and another expo- 
sure made with a green filter over the lens. This 
negative now contains the green portion of the 
original. Again, a third piece of film is expmsed 
through a deep-blue filter, this negative giving a 
record of the blue areas in the original. (For four- 
color process, a fourth separation must be made; 
see below.) Standard process filters used might be 
Wratten filters A25 (red ), B58 (green), and €5-47 
(blue). 

Because the light-transmitting ability of these fil- 
ters, as well as the sensitivity of the film, varies 
with the color, exposures must be regulated to ob- 
tain a set of separations which are properly bal- 
anced with each other. As an aid to the operator 
for correctly judging the results, a gray scale is 
photographed along with the original. This is a 
strip of paper or film with approximately ten steps 
in neutral shades of gray from black to white. In 
properly exposed and developed color separation 
negatives, the gray tones will match in all three. 
Typical exposures might be, for a red filter nega- 
tive, 20 sec; green filter negative, 24 sec; and 
blue filter negative, 6 sec. Actual exposures would 
depend upon the lighting, camera settings, and kind 
of film used. A transmission densitometer may be 
used for more exact checking of results. 

Black printar. Although it is theoretically pos- 
sible to print the full range of tones using only the 
three process colors, most operators include a black 
printer to add detail and contrast to the printed re- 
production. To make the separation negative for 
the black printer, the same general procedure used 
for the other separation negatives is followed. As 
a filter for this separation, the best choice (called 
split filter) is to use all three of the previous filters, 
one at a time, with exposures for each running from 
50 to 100% of that used for each filter on the in- 
dividual separations. Experience and judgment will 
determine the exact time. The object is to eliminate 
all but the major dark lines and shadows in the fin- 
ished plate. A heavy black printing plate would in- 
terlere with clean, clear printing of the other 
colors. 


Some operators prefer to use a siligle filter, such 
as a Wratten No. 8 (yellow), or other choice, de- 
pending upon the nature of the subject. A black 
printer separation negative made with a single fil- 
ter usually requires more handwork for a satisfac- 
tory result. A third method of shooting the separa- 
tion for the black printer uses infrared film and a 
filter (Wratten No. 88A) which transmits infrared 
rays. This method will not give best results with all 
subjects, and is usually restricted to paintings and 
pastel drawings. Perhaps the first choice for most 
purposes is the split-filter method mentioned. 

Screened positives. From each of the separation 
negatives, a positive print must be made. A positive 
represents tonal values reversed from those in the 
negative, so the positive made from the red-filter 
negative will represent all colors except red, in 
other words, minus red. White light minus red 
leaves blue-green, the color in which this positive 
should be printed; in process work this color is 
called cyan. The green-filter negative produces a 
positive which must be reproduced in minus green, 
which is bluish-red or magenta. The blue-filter neg- 
ative in turn gives a positive which must be printed 
as minus blue, or yellow. When the three positives 
are brought together one over the other in exact 
alignment, the original subject is rc-created. 

The steps followed from separation negatives to 
the combined positive prints vary according to the 
particular graphic arts process used. In the case of 
photographic prints, these positives are prepared 
on tran^arent films which are dyed in the respec- 
tive pre^ess colors and the images sui)erimposed to 
give a color print. For offset lithography, the sepa- 
ration negatives are each photographed through a 
halftone screen to give a screened positive from 
which three deep-etch plates are made. These 
plates are printed one at a time, superimposed in 
register, in the proper color for the final repro- 
duction. In photoengraving, it would be necessary 
to make continuous tone positives from the separa- 
tions, by contact printing, then make halftone neg- 
atives in the camera, after which the photoengrav- 
ing plates would be made. It is also possible in pho- 
toengraving to make the separation negatives with 
the halftone screen in the camera, thus obtaining 
screened separation negatives in the first step. Ex- 
posures run considerably longer with both filter 
and screen between the lighted original and the 
film. This is known as the direct method, but does 
not permit as much control as the indirect method 
outlined above. For gravure, succeeding operations 
vary according to the exact system used; in con- 
ventional methods a special screen is used at the 
time cylinders are prepared. See Printing; Print- 
ing PLATE. 

SerMn angle. As each of the screened shots is 
made, it is necessary to chang|^.^^e angle of the 
screen ruling. This will allow t>ptical blending 
of the different colored dots to give the effect af 
the cofors in the original; it also prevents a moire 
pattern which appears when one screened image is 




Screen angles used in four-color printing. 

printed over another. Usually, screen angles are se- 
lected to put the strong color at an angle least no- 
ticeable to the eye, whereas the weaker color is 
used at the angle most pronounced to the eye. 
Thus, the black printing plate will he made with 
the dots running at an angle of 45° (as in the nor- 
mal black-and-white halftone), and the yellow 
printing plate with the dots vertically and horizon- 
tally, or 90°. Magenta and cyan plates will have the 
dot angles between the other two, at 75 and 105° 
(see illustration) . 

Where only three colors are used, the cyan plate 
will probably be at 45°, the magenta at 75°, and 
the yellow at 105°. Some operators may also prefer 
to make the yellow plate with a different halftone 
ruling to further lessen any problem with moire 
pattern. For example, the yellow plate may be made 
with a 150-line screen, and the other plates with 
the normal 1 33-line. 

Angled prints. A simplified method of screening 
separations (as for coarse-screened newspaper 
work) calls for carefully balanced positive prints 
to be made on photographic paper of each of the 
separation negatives. These black-and-white photo- 
graphs are turned to the proper angle before the 
camera, and halftone negatives are made for each. 
If the prints are relatively small, they can all be’ 
mounted together in front of the camera, each at 
its respective angle, and one shot made of the 
group. The developed negatives are cut apart and 
printing plates made in the usual fashion. 

Deficiencies of pigments. In spite of the high 
level of fidelity to the original obtainable in the 
color separations using filters as described, no pig- 
ments, dyes, or printing inks can produce subtrge- 
tively to the same degree that filters can additively. 
The ink for a given plate should be the color 
complementary to the filter used for the corre- 
sponding negative. Each ink should absorb only 
one-third of the color spectrum. Unfortunately, inks 
cannot presently be manufactured which will give 
ideal results in the printed image* Each ink tends 
to lap over and muddy up the other colors. To com- 
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pensate for this deficiency, it has always been ncic*- 
essary to distort the separation negatives by a cer- 
tain amount of handwork, such as darkening some 
areas and lightening others in order to come closer 
to a facsimile reproduction of the original with 
the inks at hand. See Color; Pigment. 

Color-correction masks. A new technique called 
masking has gradually replaced handwork to the 
point that most color -work today is accomplished 
in this manner. A mask is a photographic image 
superimposed over another photographic image to 
alter its transmission characteristics. Masks may 
be used to change the contrast or to change the 
color balance of the original. An operator may 
choose from a number of masking methods, which 
may involve one or more masks, according to the 
final effect desired. Eastman Kodak Company and 
the Lithographic Technical Foundation have done 
a great deal of work on the use of masks in color 
reproduction. 

Added-color plates. Occasionally it becomes 
necessary to use one or more extra colors in addi- 
tion to the standard four-color process inks. This 
may be caused by a client’s insistence upon a par- 
ticular color match with that of his product, or in 
cases where metallic effects are wanted ; for exam- 
ple, bronze, gold, and silver. Flat color backgrounds 
and borders are better handled by a separate print- 
ing, rather than by attempting to get the desired 
effect with process printing. Lithographers for- 
merly used extra plates as a standard practice to 
enhance the appearance of the final reproduction. 
Light tints of pink, blue, and gray were commonly 
used. With improved techniques, these extra plates 
are not a standard part of process work, but addi- 
tional flat colors are still used by all the processes. 

Electronic scanning. In 1950, the Time-Life lab- 
oratories working with Eastman Kodak Company 
introduced an electronic device for scanning color 
transparencies and automatically producing a set 
of four-color separation negatives. Corrections are 
incorporated into the separations by the equivalent 
of electronic masking. Similar mechanisms have 
been announced by other groups, including the 
Acme Color Separator, the RCA-Interchemical 
Color Corrector, and the Hunter-Penrose Autoscan. 
These machines work on different principles, but 
all are used in an attempt to speed up and im- 
prove former means of getting color-balanced sepa- 
rations for process work. The Time-Life labora- 
tories have set up scanning units in a few cities to 
provide, on a commercial basis, electronically pro- 
duced sets of color-corrected separationa for li- 
thographers and photoengravera. No doubt, future 
developments will make such methods common; 
however, most color work is being carried out at 
present as outlined in this article. ^ 

Short-run throe-color aystem. Within the laet 
few years Eastman has dev^oped a amplified 
method designed to produce color reproduction |>e- 
tween the photographic color prints and the ita^ 
ard proce^res oudined above. Standardisalibn^^of 
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inke, simplification of routine, automation of opera- 
tions, and careful control of all steps are charac- 
teristics of the process. This Kodak system does not 
supplant the normal systems, but may be indica- 
tive of future developments in the field of color re- 
production. 

Trapping. In color printing, trapping refers 
to the ability of a surface to accept ink, after 
an ink layer has already been deposited. In normal 
procedure, one plate printing follows another with 
6-12 hours between printings. If too much time 
elapses from first plate printing to last, the ink 
from the first printings will become so dry and 
glazed that other colors will not stick or trap. In 
some cases, plates are prepared to eliminate under 
colors where possible in order to permit printing 
close to the paper instead of on top of other inks. 
This is especially true when plates are planned for 
high-speed wet printing; for example, in shadow 
areas some of the color is removed, letting the 
black plate carry the bulk of the ink. 

Two-plate halftones. Where less costly means 
are wanted to introduce color into halftones, duo- 
tones, duographs, or duotypes may be employed. 
Duotypes are the simplest form, consisting of two 
halftone plates for letterpress produced from a 
black-and-white original, both of the plates being 
made from the same negative but etched differently. 
One plate is etched for detail and printed in a dark 
color, whereas the other is etched for a flat effect 
and printed in a light color. In the printing opera- 
tion, the two plates are printed slightly out of reg- 
ister; otherwise the darker color would tend to ob- 
literate the lighter one, because the screen angles 
are the same. 

Duotones and duographs are similar because both 
are made from a black-and-white original. Two neg- 
atives are shot at different screen angles; the nega- 
tive for the darker color is shot high, and that for 
the lighter color low or flat. Duotones are printed 
in complementary colors (such as red and green) ; 
or, in black and a color such as red, blue, or 
green. Duographs are printed in a dark and light 
tone of the same color. Duotones and duographs 
are not limited to the letterpress process, as are 
duotypes. There is some confusion in the use of 
these terms; workers in the trade may use them 
without regard to the specific meanings. 

Fake color work. The manipulation of black- 
and-white reproduction to imitate the effect of 
process color work is called fake color work. Four 
separate negatives (all alike) may be worked on by 
hand to get approximate colors in the finished 
print. A widely used material in art and copy prep- 
aration for fake color work is the Bourges process, 
developed^ by A. R. Bourges, in which transparent 
films in a variety of colors and densities are used 
as overlays for the black-and-white art work. Even 
rdlatiyely unskilled workers can make effective use 
of the Bourges techniques ; in the hands of an ex- 
perienced artist, the quality of the results is good. 

lHoWHIiBt« Just as enlarged images are used In 
bledk-and-whit^ so blow-ups may be used in color 


work, particularly by the lithographer. After a set 
of corrected negatives and screened positives has 
been completed for an advertisement or small 
folder, these positives may be enlarged for a bro- 
chure, window card, or poster, without repeating 
the steps of photographing through the process 
filters, masking, and screening. Of course, by en- 
larging the screened positives, the dot size (screen 
ruling) will become larger, but the viewing dis- 
tance for the larger image will be greater, so the 
dot pattern will not be objectionable. 

Conversions. Color plates prepared for letter- 
press may be converted to offset by pulling proofs 
of the plates on cellophane or thin acetate film. 
These positive proofs may be used directly in mak- 
ing deep-etch offset iii|ates for same-size reproduc- 
tion, or they may be enlarged to obtain negatives 
for albumen-type offset plates. Other systems of 
conversion from letterpress to offset which can he 
used for same-size reproduction are the Brightype 
and the d-i-Offset (direct image) method. With 
these systems, the entire color form would be con- 
verted, type as well as halftones. The Brightype 
method treats the form with a thin, black lacquer, 
after which the printing surface is polished with 
an eraser. The form is put on the bed of the special 
vertical copying camera and photographed to oh 
tain a film for offset platemaking. The d-i-Oflset 
system pulls a proof of the letterpress fofm directly 
onto a special paper-backed aluminum foil plate, 
which after a slight treatment is ready for the off- 
set presi 

Flat dolor work. The most obvious method of put- 
ting color into printing is that of printing one or 
two headlines, or display lines, in another color. To 
be more effective, art work in the form of skeiche.^^, 
borders, or backgrounds, may be printed in one or 
more colors, in addition to the black usually used 
for the main body of the text. Such colors, termed 
flat colors, have no variation in tone (as in process 
work ) , but appear simprly as an even film of ink on 
the paper. A separate form, or plate, is prepared 
for each color, with the various impressions printed 
in register for theeompleted design. Very often the 
break for color is made with transparent overlays 
placed over the original with the required areas 
drawn on each overlay. The Benday method is used 
to break up the flat colors into patterns to give the 
impression of color tones. A flat tint plate is some- 
times printed under a normal black-and-white half- 
tone to add color where the expense of more elabo- 
rate handling is to be avoided. 

Postarizing. A seldom-used but very pleasing 
presentation of a subject in flat colors is that 
known as posterizing. Here, the black-and-white 
photograph is copied in three (sometimes four) 
steps on separate pieces of high-contrast film. Ex* 
posures are regulated so the different tones of the 
original are interpreted as line Negatives; the high- 
contrast film prevents individual tones from appear* 
ing, tending to blend intermediate gradations into 
one tone for each exposure. In using three steps, a 
short exposure shows up only the highBghts in the 



first negative; a long exposure picks up all tones 
except deep shadows for the second negative; and 
a medium exposure reproduces the middle range of 
tones in the third negative. When positive plates of 
each negative are printed in register using different 
tones of ink, a posterlike reproduction is the result. 
Dark, medium, and light tones of the same color 
printed on a lightly tinted paper finds general pref- 
erence, but harmonizing colors may also be used. 

Split fountain. A fairly common practice in com- 
mercial printing plants to get a variety of colors 
into a printed piece is the use of a split fountain. 
The ink fountain of the printing press is divided 
into several compartments, which permits two or 
more colors to be applied to the paper with one 
pass through the press. As an example, a two-color 
job may be run with red on one half of the paper 
and black on the other half. By turning the sheet 
around foi a second impression the job can be com- 
pleted with one-half the usual total number of im- 
pressions. This method cannot be used indiscrimi- 
nately; the job must be planned ahead of time to 
take advantage of this trick of the trade. 

Fluorescence process. Eastman Kodak intro 
duied this method of preparing watercolor sketches 
and their subsequent reproduction in 1941. It is 
similar to the fluorographic preparation of wash 
drawings for highlight reproductions in black-and- 
white Special pigments are furnished in kits for 
the artist, who proceeds to paint as he normally 
would The finished work will fluoresce or glow 
under ultraviolet light, making possible color sep- 
arations with little or no correction. Reproduction 
follows regular four-color process routines, but 
special filters are used. The copyboard is also sur- 
rounded with a special hood to allow control of 
lighting; either white or ultraviolet, or a mixture 
of both is used. Detailed instructions on the pro< - 
ess are available from Eastman. 

Variety of modern color printing. Color has 
come to be so much accepted by the American pub- 
lic that very little printing is produced without 
color in one way or another. The daily newspaper, 
traditionally a black-and-white medium, is begin- 
ning to use color. At the moment, only an occa- 
sional advertisement appears in color, but a few 
newspapers presently talk of ROP (run of the pa- 
per) color; newspapers will probably soon join 
magazines in offering color to their advertisers. 
Modern magazines have color halftones on nearly 
every page; color photography was first used to il- 
lustrate a story in the American Magazine in 1935. 
Textbooks in the academic range arc predomi- 
nantly free of color, as are novels; however, color 
is used for the jackets on many of them. Children’s 
books and grade school books are filled with color, 
serving to make them more attractive. 

The average person comes face to face with color 
printing in a hundred forms when he enters today’s 
drug store, hardware store, or supermarket. The 
use of color in merchandising is so important that 
many intensive studies have been made of its abil- 
ity to stimulate consumers. Besides color’s effect 
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on visibility, it should also convey an impression of 
the characteristics of the contents of the package 
to the viewer. In this connection, color printing be- 
comes further involved in the technicalities of get- 
ting ink on many surfaces other than paper. Cello- 
phane, foil, waxed paper, and plastics present 
problems of absorption, drying, luster, and fading. 
Nevertheless, color printing in the field of flexible 
packaging and folding boxes is a major segment of 
the graphic arts industry. 

Metal decorating, or tin printing, also has its 
problems with color printing Most of this work is 
done bv lithography, using presses which take a 
sheet of metal straight through between blanket 
and impression cylinders, without bending around 
the impression cylinder, as is done with paper. For 
process colors, a white opaque background is first 
printed and baked on the metal in those areas 
where the process colors are to appear. 

There are many other specialty houses dealing 
in some individual way with color printing. Prod- 
ucts, in addition to those touched upon here, in- 
clude calendars, greeting cards, labels, sheet music, 
decalcomanias, pictorial post cards, posters, maps, 
and fine art reproductions. See Printing; Print- 
ing PLATF. ( K.R.B.] 

Printing plate 

A block or sheet of metal, wood, plastic, or other 
material which carries on its face a reproduction of 
a design, drawing, photograph, or other art work 
and which, when placed on a printing press and 
inked, transfers the reproduction to paper, cloth, 
metal, or any other surface capable of receiving it. 
In plates made for letterpress printing, the repro- 
duction or printing image is in relief. In plano- 
graphic printing such as lithography, the printing 
image is on the surface of the plate, on a level with 
the nonprinting portions. In intaglio printing (for 
example, rotogravure) , the printing image is incised 
or etched below the plate surface. 

Plates for planographic and intaglio printing are 
considered separately below under their respective 
headings. 

Wood engravings. The earliest form of printing 
plate was the wood engraving, which is believed to 
have originated in China and to have been used in 
both China and Japan as early as the eighth century 
A.D. In Europe it appears first in the block books of 
the early fifteenth centrury, prior to the inventidn of 
printing from movable types and possibly earlier 
than 1400. The print of St. Christopher carrying the 
infant Christ across the swollen stream, probably 
the most famous of block prints, is dated 1423. 
Johannes Gutenberg did not make use of wood Oli- 
gravings, his pages being printed from type and 
embellished by hand, but wood-engraved initiak and 
decorations appear in books printed by his succes- 
sor, P. Sekoeffer, and there aSe wood<4mgraved il- 
lustrations in books of the later fifteenth century. 

In America, wood engravingi, or woodeutSi 
widely employed for book and magarine Bhtaira)^ 
and for commercial work as wnli Up to tlia tiki# .irf 
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th« introduction of the photomechanical halftone in 
the early 1880a. It was from the cutting done in the 
making of a wood engraving that the term cut came 
to be applied to photoengravings generally. The 
industry prefers use of the terms halftone or line 
engraving. With the advent of the halftone, which 
made possible the direct reproduction of photo- 
graphs and other tonal copy, the use of woodcuts 
rapidly declined, and the process survives today 
mainly as a fine arts medium. Besides wood (usually 
in the form of end-grain boxwood), artists and art 
students make use of linoleum, hard rubber, and 
other workable materials which, when mounted on 
blocks of the right height, can be printed on a press 
along with standard type. 

In making a wood engraving, the artist first either 
draws his design on the face of the block or trans- 
fers it to the wood by rubbing from a drawing pre- 
viously made on paper. Then, with tools known as 
gravers or burins that resemble small gouges or 
chisels (a V-pointed graver is used for incising fine 
lines), he cuts away those parts of the block that 
are not to print, leaving the lines or areas of his 
design in relief. Shaded effects are obtained by in- 
cising fine lines, either in parallel or crossing each 
other as in cross hatching. If the print is to be in 
more than one color, a separate block is cut for each 
color. The blocks are then printed successively and 
in register one with another. 

Substantially this same process has been used for 
centuries in the making of Japanese prints, the 
effect of the colors being often enhanced by skillful 
manipulation of the inks and overlapping of tints. 

Steel and copperplate engraving. Another type 
of engraving that is made by hand is the steel or 
copperplate engraving, which in its original form 
dates back at least to the fifteenth century. This is 
an intaglio plate, with the lines of the design cut 
into the face of the metal. In printing, the plate is 
inked and the surface wiped, leaving the ink only 
in the incised lines, from which it is transferred to 
paper by combined pressure and suction. The ink 
thus transferred, when dry, produces the raised 
effect seen in engraved stationery and formal an- 
nouncements — an effect extensively imitated by the 
process known as thermography. 

Lino ongravings. These, the direct descendants of 
wood engravings, are used in reproducing pen and 
ink drawings, scratchboard and pebbleboard de- 
signs, and similar material in which the lines or 
areas of the copy are in black on ( usually ) a white 
surface. There are no intermediate grays in line 
copy as there are, for example, in a photograph. 
The copy is placed on a copyboard in front of the 
engraver’s camera, the distance between camera and 
copy is adjusted to bring the image to the specified 
size, and an exposure is made. On the developed 
negative the black lines or areas of the copy are 
white and transparent ; the whites of the copy, both 
within and around the drawing, are black and 
opaque- 

In the usual platemaking procedure, the emulsion 
of the negative is stripped from the backing and 


squeegeed down, right side up, on a plate of glass 
(glass flat) along with other line negatives. The 
flat is then placed in contact, negative side down 
with a metal plate, the surface of which has pre- 
viously been coated with an emulsion sensitive to 
actinic (ultraviolet) light. Zinc, usually in sheets 
of 16-gage thickness, is the metal used for most line 
engravings; copper, also 16-gage, is used for en- 
gravings containing fine detail or intended for long 
runs. Magnesium has found increasing use in line 
work. 

Flat and plate are next put into a photographic 
printing frame and exposed to a powerful light. 
This light, passing through the white (transparent) 
lines of the negative, tans the emulsion underneath, 
rendering it insoluble ](n water; where the face of 
the plate is shielded by the black (opaque) portiorus 
of the negative, the emulsion is not affected and re- 
mains soluble. The negative thus serves as a stencil, 
admitting light only to what wiJl eventually be the 
printing portions of the plate. 

After exposure, the face of the plate is rolled with 
a grease ink, or the plate is dipped in dye, and 
washed under running water. The ink or dye ad- 
heres to the parts that have been acted upon by the 
light but is washed away, along with the dissolving 
emulsion, from the unaffected portions, thus bring- 
ing out the printing image, which can now be in- 
spected. and at the same time leaving exptf^ed those 
parts of the metal which are later to be etched away. 
If necessary, the image is treated with topping pow- 
der to make it acid resistant. 

In the etching process, the plate is given as many 
exposures to the acid (bites) as may he necessary 
to bring the nonprinting parts down to the proper 
depth (0.025-0.040 in. for newspaper plates). Nitric 
acid is the usual mordant if the metal is zinc, iron 
perchloride if it is copper. Open spaces between or 
around the lines in relief are deepened by routing, 
and any dead metal is removed in the same way. 

In the final stage the plate is cut up into smaller 
plates corresponding to the several negatives, and 
the separate plates, after proofing, are delivered 
either in that form to be used on patent base, or 
mounted type-high on wood or metal bases, ready 
to be inserted in a type form and printed with the 
type. 

By using a photographic positive instead of a 
negative in making the plate, or using a negative 
print as copy, the blacks and whites of the copy may 
be reversed, so that the lines of the copy come out 
white and the whites of the copy black. This type of 
plate is known as a positive or reverse line plate. 
Another type of reverse plate is obtained by turning 
or flopping the negative when it is placed on the 
glass flat, thereby reversing the copy from left to 
right and producing a mirror image. 

Benday plates. The Benday (or Ben Day) proc- 
ess takes its name from its inventor, Benjamin Day, 
an American artist who brought it out about 1880. 
EssentiaHy, it is a method by which shadings or flat- 
tone effects in the form of line, dot, grain, stipple* 
or other patterns can be applied mechanically to a 
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part or parts of a line reproduction. Although it has 
been largely supplanted by other methods which 
may be applied by artists to produce similar effects, 
the Benday method is still used for cartoons, in 
both black and white and color, and for work such 
as maps and diagrams in which sections or areas 
are to be given different shadings. The patterns, of 
which some 200 in ail are available, are in relief 
on the face of Benday screens — rectangles of hard- 
ened gelatin ranging in size from 6 by 8 to 16 by 
20 in. 

The shadings or tints may be applied to the copy 
itself, to a negative or positive of the copy (the lat- 
ter for reverse effects), or to the plate, the last 
named being the technique most commonly used. 
For this, the copy (usually an outline drawing) is 
photoprinted on the metal and the parts not to re- 
ceive the shading are painted over (slopped out) 
with gamboge, a yellowish, viscous substance which, 
when dry, is soluble in water. The pattern is ap- 
plied by inking the Benday screen selected with a 
grease ink and printing it over the face of the plate, 
including both gamboged and ungamboged por- 
tions. The plate is then washed, dissolving the gam- 
boge, which carries away with it the overprinted 
lines or dots and leaves the pattern only on those 
cireas where it is wanted areas that have been in- 
dicated on the copy or on an overlay by the artist. 
The dots or lines of the pattern are then treated 
with topping powder (acid resistant) and the plate 
is etched in the same way as a line plate. 

Of the methods employed by artists to produce 
Benday effects, the most widely used are the hoards 
such as Craftint (impregnated with one or two in- 
visible patterns) and shading sheets (a technique 
conceived by B. F. Hutchison and developed com- 
mercially by A. R. Bourges). In the first case, the 
artist makes his drawing in line on the face of the 
hoard, then paints the areas to be shaded with a 
liquid developjcr which brings out the pattern in 
black. With doubletone boards, which carry the 
equivalent of light and dark Benday patterns, a 
different developer is used for each pattern. Pat- 
terns must be blotted after they are brought out. 
The result is a line drawing complete with Bendav 
tints or shadings. Fashion illustrations and draw- 
ings showing details of machinery are among the 
subjects produced by this method. 

The shading sheets are transparent sheets on 
which Benday patterns have been printed. When an 
area is to be shaded, the artist cuts a piece to fit 
from the desired sheet and applies it over the area 
so that it becomes, in effect, an integral part of the 
copy (Fig. 1). Highlight effects may be produced 
by scraping off the dots, lines, or grain comprising 
the pattern with a knife. Shading sheets are also 
made with the pattern printed in opaque white for 
lightening (graying down) black areas or heavy 
lettering or type. 

An advantage of both the board and the shading- 
sheet techniques is that the shading is applied by 
the artist and is entirely under his control. Both $xe 
also faster than the regular Benday process. With 



Fig. 1. Line drawing with shading sheet overlaid to 
produce hoiftone effect. Screen pattern removed from 
areas where solid white shows. Solid black was inked 
on original drawing. (American Museum of Photogra- 
phy) 

both, the final result is line copy which may be 
photographed directly without use of a halftone 
screen and processed in the same way as an ordi- 
nary line plate. 

Although it is not a shading process, mention 
should be made here of the Tone-Line process, 
introduced by Eastman Kodak, by which line repro- 
ductions may be made from photographs. A contin- 
uous-tone negative held in contact with a trans- 
parent print, much in the manner of bas-relief 
photography, is the basis of this process. 

Halftone plates. These are plates made from 
photographs, wash drawings, and other art work 
done in continuous tones that range from white 
through intermediate grays to black — as distin- 
guished from the all-black lines and ureas of line 
copy. To reproduce (or simulate) these tones, use 
is made of the halftone screen, which in its stand- 
ard form consists of two plates of glass, each ruled 
(or etched) with fine parallel lines, and cemented 
together face to face so that the lines on one cross 
the Hues on the other at right angles. The lines are 
opaque, the spaces between them transparent; and; 
lines and spaces are the same width. In the screen 
generally used for black and white work, the lines 
are at angles of 45 and 135*^. with the sides. 

The size of a screen is known by the number of 
these lines to the linear inch. For the general, run 
of letterpress printing, this ranges from 50 to 150, 
selection of the size to be used depending primarily 
on the smoothness of surface of the paper on which 
the halftone is to be printed. Thus, for nwspaiier 
work, screens of 50-65 and sometiirtes 85 lines are 
normal, with 65 the size most commonly used; for 
English or machine finish papers, 85-1(10 lines^; for 
coated papers, llo, 120, and 133 lines; and for au* 
perfine papers and special deluxe work^ 150 (Pig. 
2). In general, within this mnge, the finer '^tie 
screen, the more faithful the reproduction wilt, be 
to the original copy. Screens of op to 400 liimsfete 
made, mostly for specialiaed purposes. \ 
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65 line 


133 line 

Fig. 2. Cross section of photoengroved halftones 
showing the relief character of dots and the variations 
in spacing when different screen sizes are used. (Ameri- 
con Photoengravers Association) 


The first mechanically ruled cross-line screen 
was produced by F. E. Ives in 1885. Prior to that, 
however, in 1880, the famous Shantytown halftone, 
the first halftone printed in an American newspa- 
per, had appeared in the New York Daily Graphic. 
This was made by S. H. Horgan, using a one-way 
screen. Ruled and etched screens were introduced 
commercially in the middle 1880s by M. and 
L. Levy. 

In the making of a halftone, the screen is placed 
in the camera directly in front of the film or pho- 
tographic plate but not in contact with it. The apace 
between, known as the screen distance, varies with 
the nature of the copy but ranges generally from 
% to % in. Copy is placed on a copyboard in front 
of the camera and an exposure is made. 

Of the various explanations that have been made 
of the effect of the screen, the most acceptable 
would seem to be a combination of the pinhole lens 
and light diffraction theories originally advanced 
by Ives and M. Levy, respectively. Essentially, and 
nontechnically, the network of lines in the screen 
breaks up the image into dots of different sizes 
(Fig. 3). White areas in the copy reflect the most 
light through lens and screen, black areas the 
least, gray areas in proportion to their lightness or 
darkness of tone. When light from the white areas 
passes through the screen, each of the tiny openings 
is believed to serve as a pinhole lens, causing the 
rays to diffuse and to register on the negative as 
relatively large black dots. In white areas such as 
highlights, these dots will overlap, producing on the 
negative the effect of very fine white dots on a black 
background. Similarly, areas that are black on the 
copy register on the negative as pinpoint black dots, 
and the grays register as dots of varying interme- 
diate sizes. 

In the platemaking stage, these dots serve the 
same purpose as the opaque black portions of the 
negative in line engraving, shielding the emulsion 
and keeping it soluble so that it dissolves when the 
plate is washed, exposing the metal for subsequent 
etching. The surface of a halftone plate thus con- 
sists of thousands of tiny dots of different sizes 
which the eye, hot being sufficiently microscopic to 
see dlteih aa dots, blends into the darks, mediums. 


and lights of the original copy. The halftone effect, 
in other words, is actually an optical illusion. 

Besides the regular network-type screens, nu- 
merous special screens are available. These include 
the Kodak contact screen, on film, which is placed 
in contact with the negative, and which has found 
more use in offset than in letterpress printing; 
grain and wavy line screens; and the double-tex- 
tured Grafatone screen which combines two tex- 
tures, such as 65 with 85 line and 100 with 120. 

Halftone plates may be finished in several ways. 
Most widely used is the square (rectangular) half- 
tone, common to all forms of printing. Others are 
the silhouette or outline, much used in magazine 
advertising, in which the dots are removed from the 
background, leaving tli^ figure or product silhouet- 
ted against the white of the paper; the highlight or 
dropout, a favorite for fashion advertising in news- 
papers, in which the dots are removed from the 
highlights by either manual or photographic meth- 
ods; and the vignette, whole or partial, in which 
one or more edges are feathered out or shaped into 
irregular backgrounds. Where type and halftone 
or line and halftone are combined on the same 
plate, the result is known as a combination plate. 

Color plates. Relief plates for color printing 
are more fully considered elsewhere (see Printing 
IN color). For full-color reproduction of paintings, 
color photographs, and colored product# such as 
fruits or fancy merchandise when shot direct, the 
four- color process is generally used. In this, by 
means of photographic filters, color separation neg- 
atives arg^made for each of the three primary col- 
ors and for black. From these in turn are ma<le 
halftone plates which carry the yellow, red, and 
blue values, with the black plate supplying defini- 
tion and shading. 

In making the.se plates, a rotatable circular 
screen is used by means of which the screen angle 
(angle of the lines of the screen with the horizon- 
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Fig. 3. ^reafiy enlarged datall of photgongroved 
holffona plate showing dot formotlon. (AmoWegn Me- 
foi/m of Photography) 


tal) is changed for each color. This is done so that 
the dots for the four colors, when printed, will tend 
to lie alongside one another, not on top of one an- 
other, thereby avoiding moire or patterning and 
enabling the eye to blend them into secondary and 
tertiary colors. Where blue and yellow dots, for in- 
stance, fall side by side, the eye sees them as a 
green, and this may be a blue-green or a yellow- 
green according to predominance of blue or yellow 
dots. Similarly, reds and yellows blend to produce 
oranges, and blues and reds to produce violets or 
purples, while tertiary colors such as certain browns 
are produced by the blending of three and some- 
times four colors. Here again the effect depends on 
optical illusion. 

Photoengravers differ as to which screen angles 
give the most effective results but agree on a sepa- 
ration of 30° between colors. In what is probably 
the most widely used combination, the screen is 
set at 45° for the black (the angle at which the 
screen lines are least noticeable), at 15° for the 
blue, at 75° for the red, and at 90° for the ve‘llow, 
which, being the least conspicuous color, is not 
noticeably affected bv the half separation 

Extensive hand finishing, done mostly by reetch- 
ing and (within limits) hv burnishing, is generally 
needed on sets of color plates to lighten or darken 
parts of a plate or plates and to bring the colors 
into proper balance. 

Several methods are available by which color 
plates may be made without the use of color sepa- 
ration negatives, or colors may he faked from black 
and white copy, but results are seldom as good as 
when the negatives are used. 

Full-color reproduction may also he ac complished 
by the three-color process, in which tin colors used 
are yellow, red (magenta), and a blue darker than 
the cyan of four-color process. It is claimed by 
some photoengravers that truer color values can 
be obtained by this process, hut four-color is gen- 
erally favored, partly for the reason that the black 
is available for printing type, the legibility of 
which is weakened by printing it in color. 

Two-color plates are of many kinds and combi- 
nations. They may, for example, be made from copy 
prepared in the two colors that are to he reprer 
duced, such as a painting done in tones of gray 
and red. Where two complementary colors can be 
used, such as a yellow-orange and a dark blue, a 
surprisingly wide range of color effects may be 
obtained by skillful blending of the colors. Mono- 
chromatic copy such as a photograph of a seascape 
may be reproduced in two colors by making two 
negatives, one with contrast and detail to print in 
black, the other a flat or gray negative to supply 
color values and print in blue. The latter will be 
made with a 30® difference in screen angle. Such 
plates are knovn as duo^ones or duographs. Tint 
blocks or tint plates of metal or hard rubber, with 
either solid or screened surface but with no design, 
and reverse plates of type or of line drawings arc 
used to underprint type os* illustrations, as oftoi 
seen in magazine advertising. 


MfiHiigililwie 

Electronic engravers. Plates for letterpress 
printing can be produced by electronic engravers, 
generally from tonal copy and without the use of 
cameras and platemaking equipment. Use of this 
device has developed rapidly since the 19308. The 
machines offered commercially produce halftones, 
varying from 50 to 200 lines /in., on plastic, zinc, 
magnesium, aluminum, copper, or brass according 
to the manufacturer. Machines of this type include 
the Fairchild Soanagraver, an American product; 
the Klisrhograph, developed by R. Hell of Kiel, 
Germany; the Elgrama, produced in Switzerland; 
and the Hassing engraver, invented by O. Hassing. 
These machines produce halftone dots similar to 
the traditional engraver’s dots. The Hassing ma- 
chine can be used to produce an unusual triangular 
dot pattern in addition to the usual dot structure 
(Fig. 4). 

On the Fairchild Scanagraver, which was the 
pioneer American machine, the copy, usually a 
glossy photographic print, is bound around a small 
horizontal cylinder at the right of the machine. 
Mounted above this is an electric-eye* scanner. On 
the left of the machine, on the same shaft, is a sim- 
ilar cylinder, around which is bound a thin sheet 
of plastic Above this is a stylus, the point of which 
IS electrically heated. In a separate housing be- 
tween the cylinders are the controls of the machine, 
which govern the depth of the bite rnad^ by the 
stylus. 

In operation, as the cylinders revolve, the scan- 
ner picks up the blacks, grays, and whites of the 
copy and c'onverts them into electrical impulses of 
varying intensity which are transmitted to the sty- 
lus. This in turn bites into the face of the plastic, 
much as the acid bites into the spaces between the 
dots in a metal halftone. White ^reas receive a 
deep bite which leaves a small dot, black areas a 
shallow bite which leaves large dots, with the grays 
falling in between. On the 65-line machine, which 



Fig. 4. ElactrcHitcally angrovttdl halflo^ dolt. ’fM* 
highly aniargad datoli of d hoHlona phaita thowi |»oth 
dot ifructara in diodow ond hfighligfit oroof ohd Ihg 
ipaciol Hdssipg triongubr of 

Photography) 


4 |rfcii» 

is made for newspaper use, there are 65 such dots 
to each peripheral inch* At the same time the scan- 
ner and stylus, which are attached to grooved roll- 
ers and begin their action over the inner ends of 
their respective cylinders, move gradually outward, 
%B in. at each revolution of the cylinders, produc- 
ing the equivalent of a plate made with a 65-line 
screen. Plates up to 8 by 10 in. in size can be 
turned out in 30 min or less. Trimmed to the de- 
sired size with shears or a cutter, these may be 
mounted type high on blocks, to print with type, 
or may be attached with two-way adhesive to blank 
spaces left for them on the face of a stereotype 
plate. 

Line copy such as cartoons may also be run on 
the Scanagraver but will come off the machine with 
a background of fine black dots over the face of 
the plate, similar to the dots of a Benday pattern. 

Closely related to the electronic engraving ma- 
chines are the electronic scanners of Printing De- 
velopments, Inc. (American), and Hunter-Penrose 
(British). In the Printing Developments scanner, 
four-color separation negatives, without halftone 
screen, are made simultaneously from flexible 
transparent color copy such as Anscochrome and 
Ektachrome films. The Hunter-Penrose equipment 
makes separation negatives one at a time and scans 
only flat or reflective copy. 

Duplicate plates. These, as the name implies, 
are duplicates of original plates or type pages. 
They arc used for long runs, as in the case of met- 
ropolitan newspapers and nationally circulated 
magazines; for jobs where the originals must be 
preserved for future use; for jobs to be run in mul- 
tiple (printed from two or more identical plates 
or seta of plates) ; and when identical plates must 
be sent to several printers or publishers for use at 
the same time. 

The oldest form of duplicate plate is the stereo- 
type, used mostly by newspapers. In this process 
the type page is locked firmly in a heavy metal 
frame called a chase and a thick sheet of papier 
mache forced down upon it by mechanical or hy- 
draulic pressure so as to form a mold or mat (short 
for matrix) of the page. From this a plate is cast 
in type metal which duplicates the printing surface 
of the original page. If the plate is intended for 
use on a large rotary press, it will be semicylindri- 
cal in shape; if for use on a smaller tubular rotary 
press, cylindrical; and if intended to print with 
type on a flat-bed press, flat. The stereotyping proc- 
ess is quick, relatively inexpensive, and specially 
suited for use by newspapers publishing several 
editions in which the front page and certain Inside 
pages must be remade from issue to issue. 

When identical advertisements ar6 to be run on 
the same date in a number of newspapers (as many 
as 400 sometimes in the case of national advertis- 
ers), they are usually sent to the papers in the 
form of stereotype mats. From these, flat-casts are 
made whicih are inserted in the type pages. 

A more durable plate, used for large-circulation 
inagiisdneB, for much book work, and for large-edi- 
lioti advertising pieces, is the electrotype. For this 


the plate or page to be duplicated is molded under 
heavy pressure in wax, tenaplate, lead, or vinylite 
and the mold suspended in a bath of copper sulfate' 
where it is connected to the negative pole of an 
electric generator. A bar, usually of copper, is also 
suspended in the solution and is connected with 
the positive pole of the generator. When the cur- 
rent is turned on, a thin coating of copper is depos- 
ited electrolytically on the face of the mold, form- 
ing a shell which later is backed up with type metal 
to give the plate the strength and rigidity needed 
on the press. Electrotypes are usually made flat 
and, if intended for use on rotary presses, are 
curved by mechanical pressure. Flat electros, to 
be mounted on patent base, are normally made 11 
points (0.1S2 in.) thicV (Fig. 5). 

For extremely long runs requiring maximum 
plate durability, electrotypes are faced with nickel 
or chromium. Where the former is used, the plates 
are sometimes mistakenly referred to as steel-faced 
electrotypes. Nickel, besides being more durable, 
is more resistant than copper to the chemicals 
found in certain printing inks. 

Electrotypes cost more and take longer to make 
than stereotypes, but the process gives a more du- 
rable, better-quality plate, suitable for use on 
smooth-finish papers and capable of exact duplica- 
tion of fine-screen halftones and process color 
plates. # 

Duplicate plates of vulcanized rubber and of 
plastic have found increasing use in recent years in 
book work and many forms of advertising and 
commerciifl printing. Advantages include light 
weight, ease of handling on the press, and lower 
shipping cost. The Dupont flexible photopolymer 
plastic plate, “Dycril,” introduced in 1959, has 
many features to recommend its use, such as light- 
ness of weight, durability, and speed of production. 
This plate, made of a thin layer of photosensitive 
plastic bonded to a metal support, can be used in 
relief printing on any type of letterpress equip- 
ment and can also be used for dry offset on presses 



Fig. 5. Removing electrotype shell from vinylite mold. 
Shell will be backed up with metal to give it rigidity 
for printing. Ufand-MeNally) 
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Fig. 6. Litho stone absorption. 
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v^hich will accommodate a plate 0.03Q in. thick. 
Processing time for the Dycril plate is 15-30 min- 
utes. After contact-exposure of plate and negative 
to an ultraviolet light source, the plate is subjected 
to a pressurized water spray containing a minute 
amount of sodium hydroxide. This operation 
washes away the unexposed portion of the plate 
and leaves the printing areas in relief. Although 
not primarily intended for that purpose, photo- 
polymer plates can also be used for making mats 
or molds for stereotypes and electrotypes either by 
cold pressing or rolling. [l.w.s.] 

Planographic plates. Printing plates of the 
planographic type are intended for lithography, a 
method invented in 1798 by A. Senefelder and 
based on the mutual antipathy (repulsion) of 
grease and water. It was originally carried out 
on litho stone, a stratified secondary rock found 
at Solenhofen, Bavaria, in the form of compact 
homogeneous slabs consisting chiefly of calcium 
( arbonate. 

Lithography. Litho stone is almost perfectly 
adapted for lithogiaphy because of its porosity 
and natural tendency to absorb both j^rease and 
water. An illustration drawn with a greasy ink or 
crayon penetrates into the surface of the stone, 
ds does a dilute solution of nitric acid and gum 
arable (Fig. 6). 

The drawing or illustration forms the actual 
printing image on the stone; the acid-gum solution 
acts as an etch and converts the bare surfaces 
of the stone into calcium nitrate, a chemical sur- 
facing that remains moderately damp when mois- 
tened with water. 

When the stone bearing the drawing is moistened 
with a thin aqueous solution of gum arabic and the 
wetted surface immediately rolled up with greasy 
litho printing ink, the ink adheres to the greasy 
drawing and is repelled by the moist (nonprinting) 
areas on the stone. This principle, established by 
Senefelder, is the basic application of all litho- 
graphic printing, including offset. 

Lithography from stone is a direct procedure lie- 
cause impreesions on paper are taken from the 
inked images on the stone. The" method really is a 
fine-arts process because the quality of the repro- 
duction depends upon the skill of the artist. The 
results possible with the method were shown in the 
lithographs depicting scenes of American life in- 
troduced in 1857 by N. Currier and J. M. Ives. ^ 

Despite its utility as an artist’s medium, litho 
atone has several isadvantages. It is expensive, 


heavy, and cumber<^ome, and requires that printing 
be done on slow flat-bed presses. Senefelder realized 
this and attempted in 1800 to use zinc sheets as 
litho printing surfaces. Aluminum plates were sug- 
gested in 1891 by J. Mullaly and L. L. Bullock, 
but utilization of metal plates for litho printing 
did not see wide practical application until intro- 
duction of the offset press. 

Offset printing. The press designed in 1881 by 
F. Champenois and £. Missier for what is today 
known as dry offset or letterpress transfer printing 
was the real beginning of offset printing. Litho- 
graphic application of the offset principle can be 
credited to 1. W. Rubel, who constructed in 1904 a 
press incorporating three synchronously rotating 
cylinders, together with two reservoirs for auto- 
matically feeding fountain solution and printing 
ink to the litho pressplate attached to the first 
cylinder. The second cylinder bore a flexible rubber 
blanket to which the ink impression was trans- 
ferred for retransfer to a sheet of paper attached 
to the third cylinder. 

Litho metals have little porosity, and some means 
must be provided for retaining a film of moisture 
on their surfaces. This is done by mechanically 
graining one side of the plate with abrasives, the 
grain having the dual function of acting as a mois- 
ture reservoir and providing a tooth or anchorage 
for the litho image on the grained surface (Fig. 7). 
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Fig. 8. Preparation of negatives for the making of an 
offset plate. Here film of type is being stripped Into 
position with film of pictures. {Rand-McNally) 


Most litho plates today are produced by photo- 
lithography; an early method wa.s the albumen 
process, invented in 18.SS by A. L. Poitevin. It re- 
quires the grained surface to be sensitized with an 
aqueous solution of bichromated egg albumen. 
This coating becomes insoluble (tanned) through 
the action of actinic light. 

After exposure under a line or halftone negative, 
the plate is covered with a thin film of greasy de- 
veloping ink to promote visibility of the exposed 
image and impart an ink-attracting surface. The 
image on the inked plate is developed with tap 
water, which washes away the soluble (unexposed) 
portions of the albumen coating and leaves the 
inked image firmly attached to the grained surface 
of the metal. 

Of great importance to lithographers are photo- 
composing (step-and-repeat) machines, originated 
in 1906 by W. C. Huebner. They facilitate accurate 
placement of images in any predetermined position 
on the surface of sensitized litho plates, thus 
rendering possible duplicate (repeat) prints which 
are the practical equivalent of electrotypes in a 
type form for letterpress printing. 

When many thousands of impressions are re- 
quired, deep-etch plates are likely to be used. Pro- 
duced in a number of ways, such plates entail use 
of line and halftone positives and differ from the 
albumen or surface variety in that the printing 
image is brought into direct contact with the metal 
by a method of image reversal carried out chemi- 
cally during the operation of platemaking. 

Still greater durability is achieved with bimetal- 
lic plates, dating from experiments conducted in 
1853 in France by H. Gamier and A. Salmon. Bi- 
metallic plates consist of two di£Ferent metals 
laminated to|^ther as an integral sheet and based 
on the supposition that some metals have greater 
affinity for Utfao ink. 

Geitain plates of tfai^ category are trimetallic — 
made up of three different metals or aHoya, such as 


zinc (or stainless steel), copper, #nd chromium 
They are more expensive than the bimetallic vari- 
ety. A popular combination for the latter type is 
copper and chromium. The image areas are of cop. 
per because this metal is readily rendered ink 
receptive, whereas chromium is considered to be 
more water receptive and therefore forms the non- 
printing areas. 

More economical (although less durable) litho 
surfaces are plastic and presensitized plates. They 
are simpler to make and were originally intended 
for small offset presses (office duplicators) typified 
by Multilith and Rotaprint machines. 

Plastic plates have smooth surfaces and are 
properly represented by articles having supports of 
resin-impregnated palters or saponified sheets of 
cellulose esters. Some of the surfaces are adapted 
for direct images while others are of the photolitho 
type and sensitized either with bichromates, silver 
or ferric salts, or diazo compounds. 

Presensitized plates have a sensitizer incorpo- 
rated in the surface coating by the manufacturer 
and are ready for exposure by the user. A com- 
mon form of such plate is a thin sheet of aluminum 
coated with a diazo compound contained in a solu- 
tion of polyvinyl alcohol. Diazo compounds are the 
preferred sensitizer because the plates have longer 
keeping quality (shelf life) than do surfaces sensi- 
tized with chromates. ^ 

Collotype plates are a somewhat different litho 
surface, used in the collotype or photogelatin proc- 
ess. Invited in 1855 by Poitevin, a collotype plate 
consists i^of a thin aluminum ’sheet having a deli- 
cate surface grain and sensitized with a coating 
of gelatin and potassium bichromate. 

' The plates are used with line and continuous- 
tone negatives, the exposed surfaces washed in cool 
running water to remove all visible traces of bi- 
chromate from the tanned gelatin images. During 
washing a peculiar reticulation takes place in the 
exposed gelatin coating and serves as a grain or 
tone-translation medium for reproducing the detail 
and gradation of the original subject (Fig. 9). 

During printing, the collotype plate is kept 
moist with a glycerine-water mixture, and the final 
resnlk is an ink impression which has the appear- 



ance of a photograph. Collotype is sometimes pre- 
ferred because of beauty and fidelity of reproduc- 
tion, but it is ftot distinguished by durability. 
Printing from a collotype plate is much slower 
than offset lithography, and the maximum number 
of good impressions that can normally be ex- 
pected from a collotype plate is about 5000. 

Intaglio plates. These plates differ from the 
planographic variety in that the printing image is 
incised below the surface of a metal plate. They 
are produced by engraving and etching. 

The two terms are often confused and used 
synonymously, but engraving properly refers to 
manual inscription of designs on surfaces with the 
aid of gravers or special cutting implements. The 
term etching denotes incision of relief or intaglio 
designs into metal surfaces either by chemical or 
electrolytic action, and without using engraving 
tools of any kind. Etching and engraving sometimes 
are combined into a single procedure, such as the 
execution of so-called drypoint etchings. 

Intaglio engraving is the oldest of all platemak- 
ing methods. Copper was used for the purpose in 
149.S by the German artist Albrecht Diirer. Copper- 
plate engraving is a favored medium for social 
requisites, including personal stationery, wedding 
invitations, and fine work requiring only a limited 
number of copies. 

Another form of intaglio engraving is that per- 
formed on steel plates, a method originated in the 
early nineteenth century. Steel engravings are more 
durable than those executed on copper, but the 
results are not as delicate because of the harder 
nature of steel. The most important application of 
intaglio engraving Is for banknotes and securities, 
and for the production of commercial stationery in 
the form of business letterheads. 

Copper is now a popular metal for etching and 
was first used for that purpose in 1520 by the 
Dutch artist Lucas van Leyden, It is preferred for 
etching procedures such as drypoint and aquatint, 
as well as artistic engravings such as mezzotint. 

Photointaglio etching doomed manual methods 
of engraving and etching. It was introduced in 1826 
by J. N. Niepce, who thereby invented photoengrav- 
ing and pioneered in the basic principle of phoVo- 
mechanics. 
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Fig. 11. Rotogravure printing surface. 


There are two main methods of photointaglio 
etching, photogravure and rotogravure. With the 
first, detail and tone values are portrayed by a 
resinous dust grain on the surface of copper plates 
(Fig. 10). Rotogravure is a mechanized version of 
photogravure which it has displaced except for 
work of the highest quality. It utilizes a ruled 
screen for translation of tone values. The screen 
divides the intaglio etching into cells (depressions) 
of uniform size but of varying depth according to 
the tone values of the original (Fig. 11 ) . 

Both photogravure (1877) and rotogravure 
(1890) were invented by one man, the 'Bohemian 
artist and photomechanical researcher K. Klic. 
Rotogravure can be done either on flat copper 
plates or copper-surfaced cylind^s, and impres- 
sions can be taken from the etched surfaces on 
either sheet-fed or rotary (web-fed) presses. The 
greatest application of the process is in publica- 
tion printing and assignments involving very long 
press runs of millions of impressions. 

The only common denominators between photo- 
gravure and rotogravure are that both methods use 
line and continuous-tone positives and entail photo- 
resists in the form of variably insolubilized negative 
images produced by exposure of the positives on 
carbon tissue (pigment paper) sensitized with a 
coitting of bichromated gelatin impregnated with a 
red-colored pigment. Etching of the images on the 
copper surfaces is performed with a series of ferric 
chloride solutions of progressively weaker strength 
(43-35^ Baume). 

Inking of photogravure plates is frequently per- 
formed by hand. In rotogravure, the surface^of the 
etched cylinder is flooded with a fluid ink of high 
volatility (drying power) and the excess ink 
wiped from the surface of the cylinder with a 
flexible steel doctor blade before the inked cyfinder 
is brought into contact with the web of paper 
traveling at high speed through a rotary gTavure 
press. See Printing; Printing press. ^ 
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Printing press 

Several kinds of printing presses are used in the 
three methods of reproduction most widely em- 
ployed in the graphic arts, namely, relief (let- 
terpress) printing, planographic printing (as in 
lithography), and intaglio printing (steel and 
copperplate engraving, and gravure). 

Letterpress presses print from a relief surface, 
such as printers’ cast type (Fig. la) . 

In lithography (both stone lithography, the origi- 
nal hand method, and oflFset lithography, the mod- 
em photographic method) the printing is from a 
planographic (even) surface, using the principle 
of affinity of ink and grease for printing areas, and 
the repellent qualities of water and grease for the 
nonprinting areas of the lithographic printing 
plate. Stone lithography prints from the stone di- 
rectly on the paper sheet. On offset lithographic 
presses the printing is from a metal plate to a cyl- 
inder surfaced with a rubber blanket, which offsets 
the impression to the sheet of paper, tin, or other 
substance to be printed. In dry offset, a relief- 
etched printing plate 0.025 in. deep is used to print 
the impression on the rubber blanket, which offsets 
the impression to the sheet as in regular offset. The 
relief-etched plate eliminates the need for water- 
repellent facilities (hence, the name dry offset). 
In direct lithography, a thin metal plate is wrapped 
around a cylinder (the same as in offset and dry 
offset) and the impression is printed directly to the 
sheet, instead of being offset to a rubber blanket 
and then to the paper. Coarse grade work, such as 
posters, is generally produced by this process 
(Fig, 16). 

In intaglio, the printing is from ink deposited be- 
low the plate surface (Fig. Ic), as in hand-en- 
graved or etched images in copperplate printing, 
steel-die stamping, or photogravure (sheet- printing 
production) and rotogravure (web-printing pro- 
duction from rolls of paper stock). 

Printing plates. Printing plate requirements vary 
for printing presses in each of the three basic meth- 
ods of printing. letterpresses print from original 
relief plates, or forms consisting of type, photoen- 
gravings, or both, in either line plates or halftones, 
locked in a chase; or from reproductive plates, 
such as stereotypes, electrotypes, rubber, or plastic 



Fig. 1. Surfoces used In printing, (o) Relief, above 
the turfoce, (b) Planographic, on the surface, (c) In- 
togtib, below the surface. 



Fig. 2. Printing plate screens, (a) Halftone screen with 
black lines and white dots, (b) Halftone screen with 
variable dot areas and equal ink-film thickness, (c) 
Rotogravure screen with white lines and black dots. 
id) Rotogravure screen with equal dot areas and var- 
iable ink-film thickness. 

printing plates made from the original type, and 
photoengraved plates. The line-plate photoengrav- 
ing consists of variable line thicknesses and shapes 
for tonal valuations in an illustration. Th^halftone 
photoengraving reproduces tonal pictures or con- 
tinuous tone photographs through a system of grad- 
uated dots in relief (Fig. 2a and 6) . 

The halftone process produces halftone plates in 
which the gradation of tone in the photograph is re- 
produced by a system of graduated dots produced 
by a screen in which a network of fine lines that 
cross each other at right angles is placed between 
the camera lens and the negative. The halftone 
printing plate surface consists of dots of various 
sizes uniformly placed, and is capable of repro- 
ducing the highlights and shadows and all the 
gradations of tone in a continuous tone photograph. 
The screen used to make the plate is designated by 
a number, whioh indicates the number of lines 
(both ways) to 1 in. Screen numbers vary, but the 
most frequently used are 65, 85, 100, 120, 133, and 
150 lines/in. in both directions. In a 65-line screen 
plate, there are 65 X 65, or 4225 halftone dots/in." 
In a 150-line screen, there are 150 X 150, or 22,500 
dots/in.2 In relief and lithographic printing, the 
halftone dot uses the principle of variable dot areas 
and equal ink film thickness to reproduce a half- 
tone illustration. In letterpress printing, this ink 
film thickness is approximately 0.0002 in. In offset 
lithography, the ink film thickness is approximately 
0.0001 in. 

Photogravure and rotogravure halftones in mono- 
chrome (black, sepia, or other single color) are 
normally reproduced in dots of equal area and uni- 
form- placement but varying in the depth to which 
they are*istched in the copper plate or cylinder. 
Gradation of tonal values is controlled by the 
amount of ink deposited on the sheet' from each 









Fig. 3. Printing press principles, (a) Platen, (b) Flat> 
bed. (c) Rotary, (d) Offset lithographic, (e) Rotogra- 


“well” or dot, this in turn being governed bv the 
depth of the well or dot. The piocess thus uses the 
principle of equal dot areas and variable ink film 
thickness. The screen lines are retained in the 
printing plate or cylinder, the dots being etched 
out between them, and serve to support the doctor 
blade, which wipes the cylinder clean and free from 
superfluous ink, leaving ink only in the etched dots, 
before the impression is made on the paper (Fig. 2c 
and d). The screen generally used for monochrome 
work in gravure is known as the crossline screen 
and consists of white lines with opaque spaces be- 
tween, the spaces being wider than the lines. For 
color work, a process of comparatively recent de" 
velopment is now quite widely used — the Dultgen 
Halftone Intaglio Process — which makes it possi- 
ble to vary the size as well as the depth of the 
dots, thus combining the variable area and variable 
depth principles. See Printing plate. 

The silk-screen process of reproduction differs 
from the relief, planographic, and intaglio methods 
in that the impression is pulled through a special 
cloth screen (or wire screen in ceramic printing), 
containing the image to be printed. A hand cut 
(with a glue base) or photographic (light-sensi- 
tized base) image is placed on a prepared screen, 
with the cleaned-out portion to carry the ink 
through the screen, and is stretched across a frame. 
The ink is poured into the frame at one end, and 
carried across the screen with a rubber-edged 
®<|tteegce, which pushes the ink through the screen 


and onto the sheet which is in contact with the 
bt reen during the operation. The silk-screen proc- 
ess (sometimes (‘ailed paint-screen process) is 
similar to the mimeograph process used in office 
reproductions of letters, where the message is 
typed on a typewriter through a stencil, and the 
message is printed on a mimeograph machine built 
to squeegee the ink through the stencil stretched 
around the machine cylinder (Fig, 3a, 6, and c). 

Relief (letterpress) presses. Relief printing 
presses are mostly of three general types: (1) the 
platen pi ess, in which both the printing form and 
the press bed (platen) are flat or plane surfaces; 

(2) the flat-bed press, in which the printing form 
is flat and the impression is pulled against a cyl- 
inder (one flat and one curved surface) ; and 

(3) the rotary press, in which the printing form is 
a curved plate form, and the impression is pulled 
against a cylinder (two curved surfaces). 

Press make-ready is the operation of eliminating 
the imperfections in materials and press in prepa- 
ration for running the job so that the printing 
plates and type will present an even surface to the 
paper. The order of increasing difficulty in make- 
ready is rotary, press, flat-bed, and platen press. 
Platen presses are the most difficult to make-ready 
because the two flat surfaces of the form and the 
platen (or press bed) present the problem of e<|iial- 
izing the impression of the entire form over thV en- 
tire area of the job. Flat-bed presses, with one ffat 
and one curved surface^ print a part of the iu 




a continuous line, the width of which is controlled 
by the size of the impression cylinder. Rotary 
presses, with two curved surfaces of the same size, 
print the form in a continuous line thinner than 
that of the flat-bed presses. Rotary presses with 
large impression cylinders, printing four and five 
colors from smaller plate cylinders, have a wider 
pitch line (width of line printed at one time) than 
the smaller cylinders. 

Platen presses. These presses, also known as job 
presses because of the ease of hand-feeding the 
sheets to the press, have been used for many years 
in educational training activities. The platen press 
is used for small-size jobs that can be hand fed, as 
well as for heavy card stock jobs that cannot be 
fed into a press which uses a curved cylinder to 
pull the impression. 

High-speed platen presses have automatic me- 
chanical feeders built into the press; such feeders 
have increased the production of this type of press 
and put it in competition with the automatic job- 
bers (small cylinder presses). The addition of the 
automatic feeder has made it possible to produce 
heavy card stock jobs at relatively high speeds. 
The clamshell action of such presses makes them 
especially suited to embossing and stamping op- 
erations. 

Flashed presses. Large flat-bed presses are also 
known as cylinder presses, and the smaller sizes as 
automatic job cylinder presses. The automatic job 
cylinder presses, with high-speed operation, suc- 
cessfully compete with the slower-speed, large-size 
cylinder presses. On most job cylinder presses, the 
flat bed is in a horizontal position to provide for 
sliding the form on the press for lock-up and pro- 
duction. Some job cylinder presses have their beds 
in a vertical position in the press. These require 
locked-up forms to be lifted into the upright posi- 
tion and snapped into place by a spring lock. 

Cylinder presses, both large and small, are gen- 
erally of two-revolution design, one revolution to 
print the sheet and one revolution to deliver the 
sheet. These presses have small-size cylinder cir- 
cumferences, as compared with one-revolution 
presses. The one-revolution large-circumference 
cylinder presses print and deliver the sheets in one 
revolution of the cylinder. 

Automatic job cylinder presses have built-in me- 
chanical feeders and pile deliveries. They are simi- 
lar in feeding, inking mechanism, and delivery to 
the large cylinder presses. They run smaller-size 
sheets at greater press speeds. They are now being 
built for one- and two-color printing. Two-color 
and perfecting presses are similar in construction 
to single-color presses except that auxiliary im- 
pression units are mounted in the press frame. 

Flatrbeds, or large cylinder presses, are built to 
produce one and two colors on one side of the sheet. 
Automatic feeding and pile-sheet deliveries are 
used on these presses. 

Perfecthiig presses are built to print on both 
aides of the sheet from two forms each time the 
paiis0B through the press. These presses are 
simflar to the two-color flat-bed cylinder presses, 


but print both sides of the sheet, instead of two 
colors on one aide of the sheet. Their main use 
is in book manufacturing printing, where each 
sheet is completed in one pass through the press. 

Rotary presses. Rotary presses print from curved 
plates against a cylinder, or curved bed. 

Sheet-fed rotary presses automatically feed and 
print sheets, which are delivered in a pile. These 
presses print from one to four and five colors at one 
time on one side of the sheet. Some presses print 
all four or five plate cylinders against one large 
impression cylinder, whereas other four and five- 
color rotary sheet-fed presses print each plate cyl- 
inder against one individual-impression cylinder, 
thereby using one plate cylinder and one impres- 
sion (packing) cylind^ for each color. 

In web-fed rotary presses the paper is fed to the 
press from a continuous paper roll or web. Opera- 
tion of these presses is similar to that of the sheet- 
fed rotary presses in plate and packing cylinder 
operations. They print multiple colors on one or 
both sides of the paper web. When these presses 
are used in book work or for newspaper production, 
they deliver the job completely folded into signa- 
tures of 4, 8, 16, or 32 pages. 

Heat-set inks are used on high-speed web-fed ro- 
tary presses which produce at speeds of up to 1000 
running ft/min. At these speeds, when four colors 
are being printed, it is necessary for th^ ink to be 
completely dry when the web passes through the 
folding delivery of the press. Paper webs printed 
with he^-set inks are passed through heated ovens 
to dry tne ink. 

Aniline presses. The new name for aniline pi ini- 
ing is flexography. This method uses relief print- 
iAg, generally with rubber plates which are fas- 
tened to a cylinder and inked by a single inking 
roller. The inking roller is supplied with aniline ink 
from two rollers in the ink fountain. The amount of 
ink supplied to the form roller is controlled by 
the spacing of the roller in the ink fountain. The 
presses generally are of the roll-feed web-press 
type and are run roll-to-roll, rewinding the web. 
They may also be run roll-to-sheet delivery. The 
cut-off operation may be adjusted to variable sizes. 
The presses print multiple colors, and the ink's 
rapid drying permits rewinding if desired. 

Special-purpose presses. Hard-packing web 
presses are used for commercial production. These 
presses are made ready in the same manner as the 
other presses used in the letterpress printing indus- 
try, using a hard packing on the packing cylinder. 
This gives a superior printed product with a clear, 
sharp impression. 

Newspaper web presses use newsprint paper and 
soft blanket impression cylinders. They do not use 
heat-set inks or heated ovens in production. News- 
print paper, with its absorbing qualities, used with 
news ink, dries satisfactorily at newspaper produc- 
tion speeds. 

Proof presses are used for pulling all kinds 
proofs used in printing production, such as gall«f 
proofs of type for first readings and page 
for final readings. Reprpdnction proo^,.fcn' pboto- 
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Fig. 4. Offset perfecting press. Web is threaded for 
running two colors on both sides of one web. 


graphic reproduction of type for lithographic, roto- 
gravure, or other processes of printing, are also 
pulled on proof presses. Proof presses are likewise 
used to pull proofs on acetate sheets for positives 
in deep-etch offset and rotogravure platemaking. 

Multigraph press production is a relief (letter- 
press) method which uses relief-cast short type 
0.095 in. high, as differentiated from type-high 
printers’ type of 0.918 in. The short type is slid into 
the grooves of the Multigraph segment (a cylinder 
to hold the type) and the cylinder is then placed in 
the Multigraph machine, where the type is inked 
and the impression is taken on the sheet as it is fed 
through the press between the type and the platen. 
(Platen is the name given the rubber roller against 
which the impression is pulled.) Electrotypes and 
rubber plates 0.095 in. high are also used for print- 
ing on this machine. 

Special-built letterpresses are designed to print 
spe<‘ialty products such as office forms, labels, tags, 
and the like. Special plates of type, rubber, stereo- 
types, or electrotypes are used on these presses. 
When rubber printing plates can be used exclu- 
sively, it is possible to build a roll-fed web press 
with a printing cylinder of variable circumference, 
consisting of half shells. Two half shells make a 
complete plate cylinder for rubber plates; the im- 
pression is pulled against a smooth steel impres- 
sion cylinder. The impression cylinder position is 
adjustable to the various diameter sizes of the plate 
cylinder used in the printing. The inking mecha- 
nism is also adjustable to the various plate cylinder 
sizes. The different circumference plate cylinders 
provide variahle sheet sizes. The press cutoff ad- 
justments deliver variable sheet sizes. 

Offset presses. The planographic method of 
printing includes p/oduction on offset lithographic 
presses, as well as on direct lithographic presses 
(Fig. 3d). 

Sheet-fed offset presses have a thin metal print- 
ing plate 0.025 in. thick, on which the work image 
is developed. These plates are made of zinc, alumi- 
num, or copper, or a combination of two met ala for 
the bimetal plates used for high-quality work. 
Plastic-coated presensitized paper plates may be 
used on smalbsize presses. The plate is clamped 
around the plate cylinder and dampened by passing 
under the water mechanism where the nonprinting 
parts of the plate accept moisture. It is inked by 
passing under the inking mechanism where the 
ptinting areais of the plate ate inked. The plate 
prints the innedL- image on the surface of riie 
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her blanket fastened to the blanket oyUnder in the 
press. The printed image is then offset or trans- 
ferred to the sheet, as it passes through the press, 
by pressure applied to the impression cylinder in 
the press. After it is printed, the sheet is passed on 
to the delivery of the press. Automatic feeders are 
used in the operation of the sheet-fed offset press. 

One-color offset sheet-fed presses used in the in- 
dustry vary in sheet size from 10 by 14 to 52 by 76 
in. Two-, three-, and four-color presses are also 
available. 

Offset perfecting presses print both sides of the 
sheet at one time, using the blanket-to-blanket 
method of transferring the printed impression to 
the sheet. This method eliminates the impression 
cylinder, and uses the blanket of the opposite side 
of the sheet as the impression cylinder to transfer 
the image to the sheet. Roll-fed offset web presses 
sometimes use this blanket-to-blanket method of 
printing both sides of the web (Fig. 4) . 

Roll- feed offset web presses are used in the same 
manner as letterpress web presses. Some presses 
print roll-to-roll (rewind), others roll-to-sheet, or 
roll-to-folder where complete folded signatures of 
a multiple number of pages are delivered. 

Multiple-color offset presses are of two designs. 
Some transfer several colors of the printed image 
to the rubber blanket, and then transfer the multi- 
color image to the sheet in one impression. Others 
transfer the printed image to the sheet one color at 
a time, as do one-color presses (Fig. 5) . 

Dry offset presses operate in the same manner as 
wet offset presses. The plates used are etched 0.025 
in. in relief, instead of being planographic (on 
the surface). The water mechanism is moved back 
from the plate contact and made inoperative dur- 
ing the printing operation. The inking mechanism 
is operated in the same manner as for wet offset, 
except that the rollers require a more delicate set- 
ting to prevent their inking the nonprinting parts 
of the relief-etched printing plate. The impression 
is pulled on the rubber blanket and transferred to 

plate 



Fig. 5. Offset unit-type press for prkvHiig 
color. Wob is throaded for mnplng two polprsM^gei^ 
side of one 
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the sheet, in the same manner as in wet offset print- 
ing. The dry offset printing plate is really a relief 
printing plate, although printed on an offset press. 

Direct lithographic presses operate in much the 
same manner as offset lithographic presses, except 
that the printing plate impression is printed di- 
rectly on the sheet, instead of offsetting on the rub- 
ber blanket and then being transferred to the sheet ; 
hence the name direct lithography. 

In direct lithography, the printing plates read 
from right to left, as in letterpress printing plates 
and type, whereas offset lithographic printing 
plates read from left to right. 

Direct lithographic presses can operate as sheet- 
fed or roll-fed web presses as desired, according to 
the demands of the product being printed. 

Intaglio process printing presses. Copperplate 
printing presses come under two classifications, 
hand and power driven. The hand-power press con- 
sists of a flat bed and a curved impression surface, 
much like those on a flat-bed cylinder press. Great 
pressure is required for printing, because the sheet 
is forced down into the engraved plate to take out 
the ink. When the plate to be printed has been 
inked, it is wiped clean with soft cheesecloth and 
the printer’s hand, on which whiting (a fine pow- 
der) has been applied. The plate is then placed on 
the bed of the press, the sheet to he printed is 
placed on the plate, and the impression is taken 
by pulling the spokes attached to the shaft of the 
curved impression cylinder. After the impression is 
pulled, the press returns to the original position 
automatically and is ready for the next impression. 

The power-driven copperplate printing press 
produces by hand-feeding the sheet or card into the 
press for the impression. This is taken from a print- 
ing plate that has been automatically inked and 
wiped clean and free from superfluous ink just be- 
fore the impression is taken on the sheet. 

The operation of steel-plate engraving presses 
is similar to the operation of a power-driven cop- 
perplate press. The steel plate is used to withstand 
the tremendous impression pressure needed to take 
the ink out of the engraving on the plate during the 
impression cycle. Steel plates are sometimes called 
steel dies, the name given to the smaller size plates 
which are about 14-14 in. thick. The designs are 
hand cut, rolled on, or etched in the steel plate for 
bonds, bank notes, and business stationery. The 
steel is given a hardening treatment to help it with- 
stand the wear of production. 

The manner of printing a steel plate is the same 
as that for the copper plate. The plate is automati- 
cally inked and wiped clean with a paper wipe, a 
roll of paper fed into the press across the steel 
plate and rewound during the cleaning of the plate. 

The sheets or cards to be printed are fed into 
and removed from the press by hand. Modern steel- 
plate and die-stamping presses are roll-fed, with 
sheet delivery. Letterheads so produced are cut 
from the roll after being printed, and delivered in 
sheets. Drying of the heavy application of ink is 
done hy infrared radiation. A specially prepared 
ink is tilled. 


Steel die hand-stamping presses are small, screw- 
activated, swivel-operated machines for use on 
small dies such as monograms, invests, and trade- 
marks. 

Rotogravure presses. Photogravure is any of 
the various processes of producing prints from an 
intaglio plate prepared by photographic methods. 
Rotogravure is a process of photogravure, or in- 
taglio printing, in which the impression is obtained 
from etchings made on a copper cylinder which 
revolves in ink. Photogravure is classified by the 
industry as printing from a sheet of copper, roto- 
gravure as printing from a copper cylinder. 

Photogravure presses were originally built to 
print from flat sheets of copper in the same genera] 
manner as a flat-bed lei^erpress cylinder press. The 
inking mechanism and wiping mechanism were 
cumbersome. Rotary photogravure presses are built 
with a cylinder on which is fastened the etched 
copper printing plate with a doctor blade, a thin 
steel blade, to wipe the superfluous ink from the 
surface of the plate, which revolves in a fountain 
of thin ink, and with a rubber impression roller of 
suitable durometer to pull the ink out of the etched 
wells in the plate and onto the sheet being printed. 
The feeding and delivery parts of the press operate 
in a fashion similar to that of rotary presses in off- 
set and letterpress printing. ^ 

Rotogravure roll-feed web presses print from 
metal-coated or copper cylinders, on which the 
image has been etched intaglio. The cylinders re- 
volve in pnk fountains. Thin ink is rolled into the 
etched cylinder in the fountain. A steel doctor 
blade wipes off the superfluous ink, which drops 
back into the fountain, and the impression is taken 
against a rubber impression roller of proper durom- 
eter to print the image sharp and clear (Fig. 3e). 

These presses run multiple colors, four on each 
side of a web if desired. The ink dries quickly 
enough to deliver the web into a folder if desired. 
The web may be delivered into a sheeter to be cut 
into sheets and delivered from the press. 

Screen process presses. Although a consider- 
able portion of short-run screen process (silk- 
screen or stencil) printing is still done with hand- 
operated equipment, semiautomatic platen presses 
with speeds up to 1200 impressions per hour and 
automatic cylinder presses with speeds ranging 
from 1200 to 3500 impressions per hour are widely 
used. Such presses range in size from 15 in. by 22 
in. to 50 in. by 80 in. Some have been designed to 
print products up to 6 in. in thickness, and special 
presses are available which will print curved or ir- 
regularly shaped products such as bottles, cones, 
barrels, and cans. Because of the problem of dry- 
ing, special conveyor-belt and oven arrangements 
are usually attached to automatic presses. See 
Ink; Printing. fr.w.HO.] 

Prism 

A polyhedron of which two faces are congruent 
polygons in parallel planes, and the other faces 
are parallelograms. The bases B are t^ ^oonginient 
polygons, the lateral faces are thd ^|iara!ldo- 




Prisms, (a) Right prism, (b) Oblique prism. 

grams, the lateral edges are the edges not lying 
in the bases, and the perpendicular distance be- 
tween the bases is the altitude /. Sections parallel 
to the bases are congruent to the bases. A prism is 
a right prism if its lateral edges are perpendicular 
to the bases, an oblique prism otherwise. A prism is 
called a triangular prism if its bases are triangles, 
a pentagonal prism if its bases are pentagons, and 
a parallelepiped if its bases are parallelograms. 
The volume of any prism is equal to the area of 
its base times its altitude (1^ = Bh). See Polyhe- 
dron; Prism ATO iD and prismoid. [j.s.f. ] 

Prism, optical 

An optical system consisting of two or more usually 
plane surfaces of a transparent solid at an angle 
with each other. Prisms are used for deviating 
light. Since the amount of deviation depends on 
the refractive index of the prism, which varies 
with wavelength, prisms can also be used for 
dispersing light. See Dispersion (radiation); 
Refraction of waves. 

Reflecting prisms. Prisms can be used in lieu 
of mirrors for deviating light, with the added ad- 
vantage that the reflecting surfaces are protected 
against corrosion. In this case, there is at least 
one internal reflection. When the angles of inci- 
dence and emergence are zero, there iS no disper 
sion. The over-all dispersion is also zero when the 
geometry of the prism is such that the disper.sion 
at the entering surface is compensated by disper- 
sion in the opposite sense at the emergent surface. 
For a detailed discussion of important types of re- 
flecting prisms, see Mirror optics. 

Dispersing prisms. Dispersing prisms deviate 
light of different wavelengths by different amounts, 
and they can therefore be used to separate white 
light into its monochromatic parts. A parallel beaR* 
of light entering the prism leaves the prism as a 



Pig. 1* Some types of dispersing prisms, (a) Royleigh 
pHtm system, (b) Amici dlrect-vblon system consisting 
of o fUnt-gkias. prfim and two crown»^laii prisms* 
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parallel beam of light but its diameter may he 
changed. The ratio of its diameter after refraction 
to its diameter before refraction can be considered 
as the magnification of the prism. 

The prism magnification for a bundle parallel to 
the prism edge is always equal to unity, whereas it 
varies in the meridional plane (normal to the edge) 
as the angle of incidence is varied. It is equal to 
unity in this plane only if the prism is traversed 
at minimum deviation. If or is the prism angle, n 
the refractive index, and 6 the deviation, it can be 
shown that, for minimum deviation, 

sin (8 + a) /2 = n sin or/2 

To increase the dispersion, several prisms with 
their refracting edges parallel can be used. The 
Rayleigh prism, shown in Fig. la, is an example 
of such a system. By using a prism made of a ma- 
terial, such as flint glass, that has a high dispersion, 
and adding one or more prisms, made of a material 
having a low dispersion, such as crown glass (see 
Fig. lb), the deviation can be neutralized without 
neutralizing the dispersion to give a direct-vision 




Fig 2. (a) Pair of prisms used for varying mognifico* 

tion, os in zoom system, (b) Pair of prisms (Risley prism 
system) used for varying deviation. 


prism system. The arrangement shown in Fig. lb 
is known as the Amici prism system. By using a 
similar arrangement but adjusting the angle so 
that the dispersion, but not the deviation, is neu* 
tralized, it is possible to make a prism system that 
is achromatic over a small part of the spectrum, 
like an achromatic lens. See Lens, qptical. 

An achromatic prism in front of an optical sys-^ 
tern with its refracting edge normal to the meridio- 
nal plane can be used to change the magnification 
of the optical system in that plane. This amount 
can be varied by rotating prism A in Fig. 2<i almut 
an axis normal to the meridional plane. A eeeimd 
achromatic prism, B, with its edge parallel to Ap 
meridional plane, can be used to adjust the sai^id 
magnification of the optical fystem* TherelbrS^ an 
arrangenient of twi nusih ptUm tiddt tIMr 
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linked together can be used to form a variable-focal- 
length lens system called a zoom lens. See Zoom 
LENS. 

A thin prism is one whose angle is so small that 
the angle in radians is practically equal to the 
tangent. Such prisms are used in ophthalmology, 
and their powers are usually expressed in prism 
diopters (see Diopter). The Risley prism system, 
used for testing ocular convergence, consists of two 
thin prisms mounted so that they can be rotated 
simultaneously in opposite directions, as shown in 
Fig. 2h, When they are in the orientation sketched 
at 1, their combined deviation is zero; when both 
have been rotated by 90® in opposite directions, as 
shown at 2, their combined deviation is a maximum ; 
at intermediate positions, their combined deviation 
lies between zero and the maximum, but the plane 
of deviation is constant. A similar pair of rotating 
wedges is used in certain types of rangefinders. See 
Rangefinder, optical. See also Binoculars; 
Optical materials; Optics, geometrical; Peri- 
scope; Resolving power (optics). Tm-h.] 

Bibliography: D. H. Jacobs, Fundamentals of 
Optical Engineerings 1943; H. Kayser, Handhuch 
der Spectroscopies vol. 1, 1901. 

Prismatoid and prismoid 

A prismatoid is a polyhedron all of whose vertices 
lie in two parallel base planes. If the two base poly- 
gons have the same number of sides, the prismatoid 
is called a prismoid. Among the prismatoids are in- 
cluded pyramids, frustums of pyramids, wedges, 
parallelepipeds, and other prisms. The area of a 
section of a prismatoid by a plane parallel to and 
between its bases is a quadratic function (possibly 
linear or constant) of the distance from the plane 
to one of the bases, A generalized prismoid is any 
solid for which the area of a section parallel to a 
fixed base is represented by a polynomial of de- 
gree less than or equal to 3 in terms of the distance 
from that base. Frustums of cones, segments of 
spheres, and many other solids satisfy this condi- 
tion. The volume of any generalized prismoid can 
be expressed exactly in terms of the altitude fc, and 
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the areas L, M, and U of its lower base, midsec- 
tion, and upper base by the important prismoidal 
volume formula: 

V = lh(L + iM+ U) 
o 

See Parallelepiped; Polyhedron; Prism; Pyra- 
mid AND FRUSTUM. fj.S.F.] 

Privacy systems (scrambling) 

Devices and methods for ensuring the privacy of 
overseas telephone conversations handled by radio 
links. Such privacy can be accomplished in a vari- 
ety of ways; two are particularly widely used at 
circuit terminals. 

The first method employs equipment for invert- 
ing speech to make overseas telephone conversa- 
tions unintelligible to the casual listener. At the 
originating end, devices change the speech-convey 
ing signal, making high frequencies low and low 
frequencies high, for example. At the distant end, 
synchronized equipment restores the inverted 
speech to its original form for delivery to the lis- 
tener. 

A more complicated method employs filters to 
separate the transmitted speech signal into several 
narrow-frequency bands. Each of these is then 
treated differently in a prearranged manner, the 
relative positions of individual portions of the sig- 
nal being interchanged in the frequency spectrum 
by inver^n and transposition. At the distant end. 
associated equipment puts the full signal back to- 
gether in proper shape so that the listener may re- 
ceive intelligible speech. This method, particularly 
if such changes are automatically varied every few 
seconds, makes possible a radio transmission sys- 
tem that is very difficult to decipher. See Filter, 
electric; Telephony. fc.c.nu.] 

Probability 

Although probability theory derives its notion and 
terminology from intuition, a vague statement such 
as “John will probably come” is as remote from it 
as the statement “John is forceful and energetic” 
is remote from mechanics. Probability theory con- 
structs abstract models, mostly of a qualitative na- 
ture, and only experience can show whether these 
reasonably describe laws of nature or life. As al- 
ways in mathematics, only logical relations and im- 
plications enter the theory, and the notion of prob- 
ability is just as undefinable (and as intuitive) as 
are the notions of point, line, or mass. An actual 
assignment of numerical probabilities is frequently 
unnecessary or impossible. For example, telephone 
exchanges are based on a theoretical comparison 
of several possible systems; only the optimal ones 
are built and the others discarded. Thus a huge in- 
dustry depends on theoretical models of exchanges 
which \^11 never exist. A simple illustilition of the 
nature of probability models is found in Lord 
Rutherford’s experiment. 



Example (a). To measure radioactive intensity. 
Lord Rutherford proceeded as follows. Observers 
Ai and A 2 counted scintillations on a screen and 
observed, respectively, Ni and scintillations; of 
these, ^12 were common to both observers. To esti- 
mate the unknown true number X, Rutherford as- 
sumed that each scintillation has fixed probabili- 
ties Pi and P 2 to be observed by A\ and A 2 . and 
furthermore, that the observations are independent 
in the sense that a scintillation observed by A^ has 
still piobability p 2 to be observed by A*. In reality 
the likelihood of observing a scintillation varies 
with growing fatigue and the proximity of the pre- 
ceding scintillation; also, the observers are af 
fected by common causes and are therefore not 
independent. Equating probabilities with observed 
frequencies (another approximation), Rutherford 
sets A^i = ^pi, N 2 = Xp 2 y N \2 = Xpipj, whence 
X = N\N 2 /N^z* The three equations may be solved 
for Pi and P 2 , but these “probabilities” are purely 
fictitious and, as experience shows, inaccessible to 
experimental verification. Th^ model is iiistified by 
plausibility and success. 

The sample space. One speaks of probabilities 
only in connection with conceptual (not necessar- 
ily performahle) experiments and must first define 
the possible outcomes Thus, by convention, tossing 
coins results in heads H or tails 7\ regardless of 
experimental or philosophical difhculties the age 
of a person is taken as an exact number and each 
positive number is taken as a possible age Throw 
ing two dice results in one of the 36 combinations 
(1.1), (1.2), . . . , (6.6). An outcome such as 
“sum 4“ is a comp<»und event whuh can be fiirthei 
decomposed by enumeration: sum 4 oodjrs if the 
outcome is (1.3), (2 2), or (3.1) Thus ii is neces 
sary to distinguish between elementary (indivisi- 
ble) and compound outcomes or events. Each 
mentary outcome is called sample point; tli< ir 
aggregate is the sample space. The conceptional 
experiment is defined by the sample spai e, and it 
must be introduced and established at the outset. 

Examples (6). The experiment “distributing 3 
balls in 3 cells” has 27 possible outcomes (sample 
points) listed in tabulation (1). 


1 . 

{aftcl — 1 — 1 

10. 

)ol6rl— 1 

19. 

1 — |al6cl 

2. 

{— loAcj— 1 

11. 

(6|aci — 1 

20. 

1 - lilac) 

3. 

|ai>c| 

12. 

|clflA| — ) 

21. 

1- Hat) 

4. 

la6|c| — 1 

13. 

(al— ll»f) 

22. 

|a|i|c) 

5. 

laclfcj— 1 

14. 

t6| — Iflf ) 

23 

ta|c!i) (1) 

6. 

{6c|oj— 1 

15. 

tej — |a6) 

24. 

lilolc) 

7. 

If) 

16. 

I— la6|fl 

25. 

li|c|a) . 

8. 

|ac| — 16| 

17. 

1 — jacli) 

26. 

{clfflii) 

9. 

{6c| — |a) 

18. 

( — Ifcclo) 

27. 

{c|i|o) 


Note that balls in 7 cells” may represent the 
distribution of n hits among 7 targets, or of n acci- 
dents in 7 weekdays, and so on. 

Consider next the experiment of placing 3 in- 
distinguishable balls into 3 cells. Whether or not 


its 

actual balls are indistinguishable is irrelevant; 
they are treated as such and, by convention, there 
is now a space of only 10 sample points. It is listed 
in tabulation (2). 

1. 4. r*ii— 1 

2 . 5 . 

3. 1— 6. |*1**|— I 

7. rH**i 

In plaving roulette, each yoint on a circle repre- 
sent a possible outcome and the sample space is 
the interval 0 ' < 27r When one observes the 

motion of a particle under diffusion, every func- 
tion a(/) represents a conceivable outc'ome and 
the sample space is a complic'ated function space. 

Events. In examining a bridge hand, one may ask 
whether it contains an ace 01 satisfies some other 
condition In principle each such event may be de- 
scribed by specifying the sample points which do 
satisfy the stipulated condition. Thus every com- 
pound event is represented bv an aggregate of sam- 
ple points, and in probability theory these terms 
are synonymous The standard notations of set 
theory are used to describe lelations among events. 
See Sf r 1HI ORY 

Given an event i one may consider the case that A 
does not occur This is the negation or complement of 

4. denoted by 4'; it consists of those sample points 
that do not belong to A. (Jivcn two events A and 
the event C that cither A or B or both occur is the 
union of A and B and denoted by C ^ A \} B, In 
partH 111 \T A u A' is the whole sample space S which 
tlipieforc repiesents certainty. The event /), both A 
and B occur, is the intersection of 4 and B and 
written D ^ A f) B It consists of the points common 
to 4 and B If there are no such common points (as 
in the case of A and ^')? A and B cannot occur 
simiillaneously and they are called miitua,lly exclusive, 
written A f\ B ^ i). The event ”A but not fi” is 
simply A n B'. 

Example (r). In tabulation (1), the event A "one 
cell multiply occupied” is the aggregate of the point| 
niimliered 1-21. The event B '’first cell not empty’* 
is the aggregate f»f the points 1, 4-15, and 22-27. 
Because every point belongs either to A or to B (of 
both), ^ u ® is the certain event. Next, D -« 
A r\ B consists of the points 1, 4-14. Finally, A' may 
be described as ”no cell empty.” 

Probabilities in finite spaces. If the sample 

space ® contains only N points . . . , Bat their 
probabilities may be any numbers such that P\Ej\ i 0 
and P\Ei \ 4* + P\En \ « 1. The probability 

F|^| of an event A is the sum of the probabilities 
of all points contained m A; thus Pl©l 1. To find 
P\Am B\ one considers all points belonging 
A or R, but those belonging to both A and A aro 
counted only once. Therefore P{A UB| - P\A\ + 
FfJJl — P\A OBl. In particular, for mutuary isx- 
cluaive events, there is the addition rule PiA V 01 ^ 


8. 

9. 

10 . 


1 l*!** i 


( 2 ) 
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Frequently considerations of symmetry lead one 
to consider all Ej as equally likely, that is, to set 
P(Ej) « \/N, In this case P(A) * n/N where n is 
the number of points in A; for a gambler betting 
on A^ these represent the “favorable cases.” For 
example, in throwing a pair of “perfect” dice, one 
naturally assumes that the 36 possible outcomes 
are equally likely. This model does not lose its 
justification or usefulness by the fact that actual 
dice do not live up to it, but for loaded dice a dif- 
ferent model is required. The assumption of per- 
fect randomness in games, card shuffling, indus- 
trial quality control, or sampling is rarely realized 
and its true usefulness stems from the experience 
that noticeable departures from the ideal scheme 
lead to the detection of assignable causes and thus 
to theoretical or experimental improvements. 

How the success of probability theory depends 
on the disregard of preconceived philosophical 
ideas and on the readiness to adapt models to un- 
expected circumstances is illustrated by Bose-Ein- 
stein statistics. 

Example (d) \ Bose-Einstein statistics. In the 
example of tabulation (1), the notion of perfect 
randomness leads to the assignment of probability 
1/27 to each point. In the case of indistinguishable 
halls, tabulation (2), it has been argued that an 
experiment is unaffected by failure to distinguish 
between balls; physically there remain 27 possi- 
bilities grouped in 10 distinguishable forms. This 
argument leads to assigning probability 1/27 to 
each of the points 1-3, probability 1/9 to each of 
the points 4-9, and 2/9 to point 10. This reasoning 
(sound in certain situations) has been accepted as 
evident in statistical mechanics for the distribution 
of r particles in n cells (Maxwell-Boltzmann sta- 
tistics). Surprisingly, it turned out that no physical 
particles behave this way and it was revolutionary 
when Bose and Einstein showed that for one type 
of particle all distinguishable arrangements are 
equally likely. This model assigns probability 1/10 
to each point of tabulation (2). See Boltzmann 
statistics; Bosk-Einstein statistics. 

A useful, although vague, intuitive description of 
probability describes P[A) as the relative fre- 
quency of the event A if the experiment is repeated 
many times under identical circumstances. The 
laws of large numbers render this more precise, 
but the description often lacks operational mean- 
ing. Experiments in agriculture and human sam- 
pling cannot be repeated under remotely similar 
conditions, and in the case of telephone exchanges, 
useful probability models refer to situations which 
will never materialize. 

Probabilities in infinite spaces. Two examples 
may illustrate the novel features of this topic. 

Example (e) : unending coin tossing. In the 
study of limit laws, one must consider potentially 
infinite sequences of coin tossings. The possible 
outcome of this experiment is an infinite sequence 
of heads and tails, and every sequence such as 
HTHTTH . - . represents a sample point. Finitely 
many tosses are the beginning of an infinite se- 


quence, and the event “first four trials resulted in 
HTTH** is the aggregate of the infinitely many se- 
quences with the prescribed beginning. Such an 
event is called an interval of length 4. There are 
2** intervals of length n, and they are mutually ex- 
clusive. For reasons of symmetry, one attributes 
the probability 2“” to each interval of length n. 
Thus the assignment of basic probabilities refers 
to intervals rather than to points. A point such as 
HTHT ... is the limit of an infinite vsequence of 
contracting intervals HT, HTH^ . . . , and 
therefore probability zero must be attributed to 
each individual point. 

The probabilities of other events are similarly 
defined by limiting procedures. For example, con- 
sider the event A th^t an infinitely prolonged se- 
quence of trials never produces a run of at least 
two conse(Ujtive heads, or two consecutive tails. It 
is more convenient to enumerate the points of the 
complementary event A' that two equal symbols 
do occur in succession. Clearly A' is the union of 
the infinitely many mutually exclusive intervals 
HH. TT; HTT, THH ; HTHH. THTT, and so on. 
Here there are 2 intervals of length n ^ 2, and 
therefore P{A') = 2(2 “* + 2 -f 2 ^ 4- • • • ) = b 
whence P{A} = 0. The indicated result of the ex- 
periment is thinkable, but probability zero is at- 
tributed to it. A similar, although more compli- 
cated. limiting procedure leads to the law of large 
numbers according to which the event “the fre- 
quencies of H and T in the first n trials tend to 1/2 
as /I has probability one. 

Example (/) : roulette. Here the sample spare 
consists of the angles 0 27r, and the notion 

of a perfect roulette assumes equal probabilities 
for intervals of equal length; thus an interval of 
length a carries probability a/2Tr. If the roulette is 
divided into 32 equal numbered intervals, the event 
“even number” consists of 16 intervals and has 
probability 1/2. 

The situation encountered here is not pec uliar 
to probability but is common in measure theory. 
One starts with a collection of basic events, called 
intervals, and attributes probabilities to them. By 
simple and natural limiting procedures, probabili- 
ties can then be defined for a much wider class 
of events which are obtainable by applying the op- 
erations of set theory to intervals (in finite or in- 
finite numbers). is the Borel field generated by 
the intervals. Probability is simply a measure on 
JV; that is, to each event A in there corresponds 
a probability P{A} ^ 0 which is completely addi- 
tive. If A is the union of the mutually exclusive 
events Au ^ 2 , . . . , then P{A} - ^P{Ai}. The 
probability of the whole space is, of course, unity. 

The extension of the addition rule from finitely 
to infinitely many summai^ds may be defended by 
considerations of continuhy, bnl ultimately this 
procedure is justified by its simplicity and its sue- 
cess. 

ConSlItlonal probability— independance. Sup^ 
pose that a population of N people includes Na color- 
blind persons and Nu females. To the event A ® 



randomly chosen person is colorblind” can be as- 
cribed probability P\A \ • Na /N, and similarly for 
the event H that a person be female one has P(j5l « 
Nn /N- If Nah is the number of colorblind females, 
the ratio Nah /^u may he interpreted as probability 
that a randomly chosen female be colorblind; here 
the experiment "random choice in the population” 
is replaced by a selection from the female subpopula- 
tion. In the original experiment, Nah /l^ is the prob- 
ability of the simultaneous occurrence of both A and 
ff, so that Nah /Nh ^ P{AnH\/P\H\. Similar 
situations occur so frequently that it is convenient 
to introduce the notation 

P\A\H\ > 

and to call this the conditional probability of the 
event A relative to H. This concept is useful when- 
ever it is desired to restrict the consideration to 
those cases where the event H occurs ( or where 
the hypothesis H is fulfilled). Thus, in betting on 
an event A the knowledge that H occuried would 
induce one to replace P{A} by P{ 4^H}. If all sam- 
ple points arc equally likely, P{A\H) still repre- 
sents the ratio of favorable cases to the total of 
cases possible when it is known that H has oc- 
curred. 

Despite its simplicity the notion of conditional 
probability is exceedingly important, and fre- 
quently the probabilities in sample space aie de- 
fined only in terms of conditional probabilities. 

Example (^). In a holt factory three machines 
manufacture, respectively, 2S. 3S, and of the 

total. Of their output 5, 4, and 2'''^ are defective 
holts. Classification of the bolts according to the 
number of the machine and the quality (d foi de- 
fective, c for conforming) gives the six categories 
<"11 cN, d\, do, and d\. A landom choice of a holt 
results in one of these six outcomes, but their prob- 
abilities are not given directly. Instead, the data 
relating to the first machine are 

Pki Udi \ ^ 0.25 and Ptc/,|ri U Ji 1 = 0.25 

It follows that Pidi) = 0.0125, and similarly for 
the other points. This example may also serve to 
illustrate the reasoning following Bayes concern- 
ing the probability of causes. Supposing a bolt was 
found to be defective (hypothesis H), what is the 
probability that it came from the first machine 
(cause A ) ? Here 

P|£ri - P|rfi} + P|r/2l +P1^/«1 

- 0.0125 4- 0.0140 -f- 0.0080 - 0.0345 
and PIADH} * P|Dil - 0.0125 

Thus the required answer is 

PlAlffl ~ 0.0125/0.0345 - 25/69 

In example (fc) the probability of H ball a is in the 
first cell” equals 1/3, and the probability of A "first 
cell is multiply occupied” ■■ 7/27. Now given that 
the ball a is in the first cell, the conditional proba- 
bility that this cell is multiply occupied becomes 5/9. 
The knowledge that H has occurred should increase 
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one’s readiness to bet on ^4. By contrast, for the event 
B "ball h IS in the second cell,” Pl5|ff| - 1/3- 
P|Pt, and so the knowledge that H has occurred 
gives no clue as to P. Therefore, B is said to be in- 
dependent of H if Plfi|/i| « P|Bl, that is, if 

P\BViH\ = P\B\P\H\ 

Clearly, in this cahe P|//|P| =» P\H\ so that H is 
also independent of B, Ai'cordingly, two events B 
and H are independent of each other if the proba- 
bility of their ^iinultaneoiis occurrence follows the 
nuilliplication rule P\B H II\ ^ P\B\P{H \. This 
notion carries over to systems of more than two 
events. 

Independent trials. The intuitive frequency in- 
terpretation of prohabilit) is based on the concept 
of experiments repeated under identical condi- 
tions; a theoretical model for this concept can be 
developed. 

Consider an experiment described by a sample 
space 5; for simplicil> of language it can be assumed 
that S consists of limlely manv sarrtple points Eu 
. . . , When the same experiment is performed 
twice in succession, the thinkable outcomes are the 
pairs of sample points (E],Ei), (EuE 2 ), . . . » 
(/iv,A’\), and tlicse now constitute the new sample 
space. 1 1 is called the combinatorial product of S 
by Itself and denoted by 3x3; with reference to 
analytic geometiv, one speaks of the first and second 
coordinate of the point (Ei,Ej), These notions apply 
equally to infinite sample spaces and to products 
3x3x3 -of more than two factors. For 
example, the earlesian plane of points (.t,y) is the 
product of the real line by itself. In tossing a coin 
once, 3 contains only the points H and T; toss- 
ing the com n times leads to the n-tuple product 
3 X X 3 whose points have n coordinates 

and are of the form {HT * • 7^). 

Probabilities must be assigned to the events in 
3x3. The case of dependent trials will be treated 
in the next section; it the second trial is independent 
of the first, the probabilities in 3x3 follow the 
productive rule P\Ei,Ej \ = P{Et\P\ESj\. 

In the case of n tossings of a coin, this rule leads 
to the probability 2 for each sample point in 
agreement with the requirement of equally likely 
cases. The present approach is more flexible and 
more general as shown by the important Bernoulli 
trials. 

Example (h) : Bernoulli trials. Suppose* each 
trial results in success 5 or failure F, and 
P{5) = p, P{F} = q where p + q ^ 1. (This may 
be considered as the model of a skew coin. ) A suc- 
cession of n independent trials of this kind leads to 
the sample space of /»-tuples {SEES • • * F5), and 
the probability of such a point is the product 
{pqqp • • • qp} obtained on replacing each S by p 
and each F by q. 

This model has obvious applications to repeated 
observations and to gambling* Independence is an 
assumption to be verified experimentally. Gon^ 
ceivably a coin could be endowed with memoiryjaaid 
avoid runs of more than 17 successive heads, t'hat 
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the sex distribution within families resembles Ber- 
noulli trials is purely a matter of experience. Many 
gamblers fully accept the independence and yet 
believe that they can influence fate by using ^‘sys- 
tems,” for example, by skipping the game after 
each failure, or waiting for a run of 3 successes, 
and so on. The theorem on systems shows this to be 
a fallacy; a gambler not endowed with foresight 
may use any system or random choice of the times 
when he plays or skips the game; he remains con- 
fronted with Bernoulli trials and is exactly in the 
same situation as if he played at each trial. See 
Distribution (probability). 

Example (i): geometric prohabilities. In the interval 
0 < a: < la point is chosen at random. This interval 

i.s the sample space © and the probability of each 
subinterval equals its length. The sample space 
© X S is the unit square of the x,y plane, and the 
probability of any flgure equals its area. The event 
’Hhe two successive choices result in a sum <1” is 
represented by the triangle below the main diagonal 
and has probability 1/2. The event "the greater oi 
the two choices is is represented by the square 
0<x<t, 0<y<t and has probability t^. 

Dependent trials; Markov chains. Many phe- 
nomena can be analyzed in terms of dependent 
trials. In their description adopt the convenient 
and picturesque terminology of urn models, which 
should not detract from the general nature of the 
schemes. 

Consider an urn containing N balls, of which r 
are red R and 6 = /V — r black /?. Assuming per- 
fect randomness, the probability that a randomly 
drawn ball be red equals r/N. If the ball is re- 
placed and the procedure repeated, the result is 
Bernoulli trials with p = r/N, Without replace- 
ment, the sample space corresponding to two draw- 
ings contains four points RR^ RB, BR^ and BB, to 
which probabilities are assigned as follows: If the 
first ball drawn is red (probability r/N)^ the con- 
ditional probabilities of R and B at the second 
trial become (r — 1)/(A — 1) and b/{N — 1). By 
Eq. (1), therefore, 

P[RR] ^ rir-l)/N(N-l) 

PlRBli - P\BR] - rb/N{N- 1) 

and 

P[BB] = b(b-l)/N(N-l) 

The trials may be continued and are equivalent to 
ordinary sampling. 

A more general urn model is obtained by letting 
the composition of the urn vary from trial to trial. 
For definiteness consider the following scheme: 
each time a ball is drawn, it is replaced, and c 
balls of the color drawn and d balls of the opposite 
color are added to the um. Here c and d are fixed 
numbers which may be negative. This scheme con- 
tains interesting special cases such as the following : 

1. When c «* d 0, drawing with replacement 
occurs, and for c » — 1, d « 0, drawing without 
rejjfdacement occurs. In the latter case, the process 
terminiites after N drawings. 


2. The Polya model of contagion is the special 
case when c > 0 is fixed and d » 0. Here the draw- 
ing of either color increases the probability of the 
same color at subsequent trials, just as in a con- 
tagious disease each occurrence increases the 
probability of further occurrences. This model 
represents only a crude first approximation to 
phenomena of contagion, but it leads to compara- 
tively simple formulas and has been applied with 
astonishing success to a variety of experiences 
from sickness insurance to baseball scores. 

3. The Ehrenfest model for heat exchange con- 
siders two containers, I and II, and N particles 
distributed in them. A particle is chosen at random 
and removed from its container into the other. This 
scheme differs only ^nguistically from the urn 
scheme. If the particles in I are called red, and 
those in II black, then each trial changes the color 
of one ball and gives the special case c = — 1 and 
d = 1. 

The probabilities of the various possible out- 
comes in the general scheme are obtained as above. 
For example, P{RBR) = r(6-fd)(r-fr-fd)/ 
A^(yV-f-c-fd)(A-f2r“f2d), and so on. 

Markov chains represent another important 
scheme for dependent trials. Suppose that at each 
trial the possible outcomes are Fi, . . . , £v and 
that whenever Ei occurs, the conditional prob- 
ability of Ej at the next trial is p,;, independenth 
of what happened at the preceding trials. Here, of 
course, p,^ ^ 0 and p,i 4- p,u -f • * ’4- P»v - 1 for 
each i. 'pbe Pij are called transition probabilities. 
The whole process is now determined if the initial 
probabilities, tt*, at the first trial are known. For 
example, PiEaEhEc) = TTnPahPhr- The probability 
of the event **Er at the third trial” is obtained b\ 
summation over all a and b, and so on. Marko\ 
chains, and their analog with continuous time, 
represent the simplest type of stochastic process. 
The Ehrenfest model considered above may be 
treated as a Markov chain by letting £, represent 
the event that container I contains i particles. Then 
Pm-1 “ Pm^i = (A^ — 0/A^. and p,j = 0 for 
all other combinations of ij\ Other examples of 
Markov diains are the gambler’s accumulated for- 
tune, the composition of a deck of cards under 
random shuffling, and random walks. Important ap- 
plications are to queueing theory where one en- 
counters also processes with more complicated 
aftereffects. See Queueing theory; Stochastic 
PROCESS. 

Random variables and their distributions. The 

theory of probability traces its origin to gambling, 
and the gambler’s gain may still serve as the sim- 
plest example of a random variable. With every pos- 
sible outcome (sample point) there is associated a 
number, namely the corresponding gain. In other 
words, the gain is a function on the sample space* 
and such functions are called random variables. (I» 
infinite spaces the idea is the same, but a somewhat 
more cautious definition is in order.) With the same 
experiment, one may associate many randontt vari- 
ables. As an example consider the safibide space of 



ubulation (1) with probability 1/27 for each point. 
fi typical random variable is the number N of occu- 
pied cells; it assumes the value 1 at the three points 
number 1-3; the value 2 at the eighteen points 
4^21 ; and the value 3 at the six points 22-27. One 
^ay8, therefore, that the probability distribution of 
N is given by P{N « 1} * 1/9, P{N = 2) = 2/3, 
P{N = 3} = 2/9. Another variable is the number X 
of balls in the first cell An inspection of tabu- 
lation (1) shows that its probability distribution is 
given by P{X = 0} « 8/27, P{X - 1} = 12/27, 
PI Y = 2} = 6/27, P{X = 3) = 1/27. One may also 
consider the two variables simultaneously and find, 
for example, that the combination /V = 1, /Y = 0 oc- 
curs at two points, whence P{A^ =1, A" “ 0} = 
2 27. The probabilities of all pairs are given bv the 
joint probability distribution of N and X exhibited 
in tabulation (3). Adding the entries in the rows 
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and columns gives the distribution of N and Y, 
respectively, and they are therefore occasionallv 
called marginal distributions. 

Example (i) may be used to illiistiate the case 
of continuous random variables. This example con- 
sidered two conseculive selections of a point in the 
interval 0 < x < 1. Let S be the landom variable 
denoting the sum of the two choices, and L the 
larger of the two. One sees that for 0 <; f < 1 the 
event L^t has probability thus, settii g 

P{L < t} = F (t) gives F(t) = when 0 f ' I ; 
for / < 0 and for / > 1 one has trivialh F(t) = 0 
and Fit) = 1, respectively. This is the distribution 
function of L From it can be rule ulated all prob- 
abilities relating to L. Similarly the events S ^ is 
represented by the region in the unit square below 
the line x + y — u; therefore the distribution 
function of S, namely, PIS $ = G(w), is given 

by G(tt) *0 for w ^ 0, G(z/) = (l/2)a' for 
C(tt) = 1- (1/2)(2 -m)-' for 1 C 
and G(u) =1 for a ^ 2. In like manner, 
the joint distribution function P{L % t, S 
H it,u) of the pair L, S can be calculated. 

Every random variable X has a distribution func- 
tion Fit) « P{X g/}. If X assumes only finitely 
many values, then F(t) is a step function. Thus^in 
the example F(t) assumes the values 0, 8/27, 
20/27, 26/27, and 1, respectively, ip intervals 
^ < 0, 0 g f < 1 , 1 g t < 2 . 2 ^ r < 3, and f g 3. 
In such cases the notion of distribution function is 
used mainly for uniformity of language. The notion 
IS really convenient when F(t) is not only continu- 
ous but also has a derivative fit) * F'(t) ; then 
/(O is called the probability density of X. In the 
itbove example the variable L has a density defined 


by 2t for 0 < t < 1 and 0 elsewhere ; the density of 
S is 0 for a < 0, and u > 2 ; it equals n for 0 < < 

l, and equals 2 — u for 1 < « < 2. 

The notion of independence carries over: two 
random variables X and Y are independent if 
PiX ^x,y ^ P{X g s} • P{Y g t). It is eas- 
ily seen that for independent variables with dis- 
tribution functions Fit) and G(t) the distribution 
function of the sum .S = A" F is given by the con- 
volution 

Pl5 ^ M 1 « f ^ Fiu — 5 ) dGis) 

= (;(u - ,) dF{s) (4) 

In terms of densities, Eq. (4) reads 
^(«) = f ' f(u - s)^(i) ds - - «)/(*) ds 

^ \xt J — 00 

(5) 

In the random rhince example, the coordinates of 
the points chosen are independent variables with 
the rectangular density /(s) = gis) = 1 for 0 < 
5 < 1. The distribution of their sum \S' which has 
been calculated above can be found also using 
Eq (.S). 

Expectations, (yiven a random variable X one 
may interpret its distribution function Fit) as de- 
scribing the distribution of a unit mass along the 
real axis such that the inteival a <C x ^ b carries 
mass Fib) — In the case of a discrete vari- 

able assuming the values ti. X 2 . . . . with probabil- 
ities pi, p 2 . • • • the entire mass is concentrated at 
the points t,; if F'ix) = /(r) exists, it represents 
the ordinary mass density as defined in mechanics. 
The center of gravity of this mass distribution is 
called the expectation of X; the usual symbol for 
it is EiX), hut physicists and engineers use nota- 
tions such as {X), {X)fi,^. or X, In the cases men- 
tioned one has 

E{X) = Sp.*, and E{X) - */(*) dx 

In all cases, EiX) is given by the Stieltje«« integral 
oyer X (IF ix). (To be precise, one speaks of ex- 
pectations only when the integral c‘onverge9 abso- 
lutely.) 

Before discussing the significance of the new 
concept, a few frequently used definitions are ap- 
propriate. Put m — EiX). Then (X — m)^ is, of 
course, a random variable. In mechanics, its ex- 
pectation represents the moment of inertia of* the 
mass distribution. In probability, it is called vari- 
ance of X; its positive root is the standard devia- 
tion. Clearly 

Var(-Y) - E(X-m)^ « EiX^) - 

The variance is a measure of spread: it is zero 
only if the entire^ mass is concentrated at tht point 

m, and it increases as the mass is moved away from 
m. In the case of two variables X\ and X 2 with em- 
pectations mi and m 2 it is necessary to coila^et 
not only the two variances « Ei (Xi m#)^J 
but also their covariance Cov(Jfi,Xa) • 

ipi) (A^2 — m2)] » EiXtX^) The oevilri* 
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ance divided by 51^2 is called the correlation coef- 
ficient of X\ and X 2 > If it vanishes, Xi and X 2 are 
called uncorrelated. Every pair of independent var- 
iables is uncorrelated, but the converse is not true. 

If Xi, X 2 , • • • , Xn are random variables with 
expectations mi, . . . , m„ and variances , 

the expectation of their sum Sn =* A’l + • • • + 
Xn is always given by E{Sn) = mi -f ‘ • * + rrin; 
if all the covariances of Xi and Xj vanish, then 
clearly Var(Sn) « 5i*4" * • • + Sn^ 

When X represents a physical quantity, then 
AT* “ (X — m)s~^ represents the same quantity 
measured from a different origin and in new units. 
In the physicist’s terminology, X* is the quan- 
tity X referred to dimensionless units. In probabil- 
ity, X* is called the reduced or standardized varia- 
ble. 

It was once assumed that every reasonable ran- 
dom variable has finite expectation and variance. 
Modem theory refutes this assumption. Many re- 
currence times in important physical processes 
have no finite expectations. Even in the simple 
coin-tossing game, the number of trials up to the 
time when the gambler’s accumulated gain first 
reaches a positive level has infinite expectation. 

Laws of large numbers. To explain the meaning 
of the expectation and, at the same time, to justify 
the intuitive frequency interpretation of probabil- 
ity, consider a gambler who at each trial may gain 
the amounts xi, X 2 , . . . , with probabilities pi, 
P 2 « . . . . Pn. The gains at the first and second 
trials are independent random variables Xi, X 2 
with the indicated distribution and the common ex- 
pectation m = Xp,x,. The event that an individual 
gain equals x, has probability p, and the frequency 
interpretation of probability leads one to expect 
that in a large number of n trials this event should 
happen approximately np, times. If this is true, the 
total gain Sn = 4- • • • + Xn should be 

approximately nm; that is, the average gain (l/n)Sn 
should be close to m. The law of large numbers in 
its simplest form asserts this to be true. More 
precisely, for each f > 0 it assures one that 
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This law holds also when the distribution function 
is not discrete. 

As a special case, one can obtain a frequency in- 
terpretation of probability. In fact, consider an 
event A with P{A} = p and suppose that in a se- 
quence of independent trials a gambler receives a 
unit amount each time when A occurs. Then the 
expectation of the individual gain equals p, and 
Sn is the number of times the event A has occurred 
in n trials. It follows that 


P 


(I 
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that is, the relative frequency of the occurrence of 
A is likely to be close to p. 


Without this theorem, probability theory would 
lose its intuitive foundation, but its practical value 
is minimal because it tells one nothing concerning 
the manner in which the averages n'^Sn are likely 
to approach their limit m. In the regular cage 
where the Xj have finite variances, the central limit 
theorem gives much more precise and more useful 
information ; for example, it tells one that for large 
n the difference 5 — np is about as likely to be pos- 
itive as negative, and is likely to be of the magni- 
tude When the X^ have no finite variances, 
the central limit theorem fails and the sums S„ may 
behave oddly in spite of the law of large numbers. 
For example, it is possible that E{Xk) = 0 but 
P{Sn < 0} — ► 1. In gambling language this game is 
“fair,” and yet the giAmbler is practically certain 
to sustain an ever-increasing loss. 

There exist many generalizations of the law of 
large numbers and they cover also the case of vari- 
ables without finite expectation, which play an in- 
creasingly important role in modern theory. See 
Came theory; Probability in physics; Statis- 
tics. I W.F. I 

Bibliography \ W. Feller, An Introduction to 
Probability Theory and Its Applications, 2d ed., 
vol. 1, 1957. 

Probability in physics 

To the physicist the concept of probabiiTty is like 
an iceberg. The part of it which he uses and which 
is, therefore, in full view for him is but a small 
fraction ^ what is hidden in other and larger dis- 
ciplines. The philosophy and mathematics of proba- 
bility have become increasingly interesting and im- 
portant through many current researches. See 
Probability. 

Bernoulli’s problem. One of the most basic prob- 
lems encountered in the application of probability 
to physics was solved by J. Bernoulli. It concern*' 
the probability of achieving a specified number 
(x) of successes in n independent trials when the 
probability of success in a single trial is known. 
Denote by p the probability of success ; let 
q = 1 — p be the probability of failure. The term 




x\{n — x!) 


( 1 ) 


represents the well-known binomial coefficient. The 
probability in question is 

Wn(x) = Cx'^P^q^-^ (2) 

For example, one may consider an urn containing 
a black balls and b white balls; n drawings are to 
be made from this um, with replacement of the 
drawn ball each time. The probability that x white 
balls shall turn up in these n drawings is required. 
In this example, 


P 


b 

a 


and Wnix) 




V 

.0 + fc/ \a + bj 


( 3 ) 



Eq. (2) defines Bernoulli’s distribution; because of 
the Newtonian binomial coeflBcients which it in- 
volves, it is sometimes called Newton’s formula. It 
satisfies the following relations : 


l^robobllily hi |Miir«tcf Ml 

If p is so small that the mean np is of the order 
of unity in any given application, Bernoulli’s dis- 
tribution is then approximated by Poisson’s law, 
which states 


L *"»•(*) = 1 (4) 

X = Y. xwn{x) = np ( 5 ) 

X 

O’* “ S (* - x)^u>n{x) = - i* = npq (6) 

X 

Hence, the standard deviation a equals y/npq. 

The physicist regards the emission of particles 
from nuclei, of photons from hot bodies, and of 
electrons from hot filaments as random phenom- 
ena controlled by probability laws. One of the sim- 
plest methods for testing this assumption is based 
upon these formulas. Suppose that a radioactive 
‘^pecimen emits particles for a finite period T, and 
that theii number is x. By repeated observations 
on the emission of particles in a period of T sec*- 
onds, one obtains a series of numbeis, X 2 . Xj, 
etc Now imagine the peiiod T to be subdivided 
into a very large number, n, of intervals, each of 
length T, so that m — T Indeed, t will be assumed 
to be so small that, at most, one particle is emitted 
within the interval r. A single observation made 
during that infinitesimal interval would therefore 
\ield the result: either no emission or emission, let 
us say, with probabilities p or q. By hypothesis, n 
such ubseivations yield x emissions. It is seen, 
therefore, that the problem involves an application 
of Bernoulli’s distribution. While it is difficult to 
specify the values of p, q and t, the result given 
by Eq. (6) must nevertheless be true, w'^mce q is ex- 
tremely small, p is very nearly 1. Hence, in view of 
Eq. (5), = npq ~ nq — x. This relation luts 

been tested experimentally and found to be true in 
all instances. 

Approximations. In many practical applications, 
the values of x and n are very large, and a direct 
use of Newton’s formula becomes impossible be- 
cause the binomial coefficients are difficult to 
evaluate for large x and n. The example of parti- 
cle emission just discussed is a case in point. Un 
der these circumstances, two approximations to 
Newton’s formula are available, one derived hv 
C. F. Gauss, the other one by S. D. Poisson and 
bearing his name. Gauss’s law is the limiting form 
of Eq. (2), when both x and n are large, so large 
in fact that \/x « \/np and \/npq are both negli- 
gible. This implies that p and q are numbers not 
greatly different from unity. In that case, ♦ 

« -rL=- exp [—{x — i)V2a*] (7) 


lini Wn{x) 

n->oo 


x\ 


( 8 ) 


The validity of this formula has also been confirmed 
in many instances of particle emission. 

The density fluctuations which occur in a finite 
volume of gas present an interesting application of 
Gauss’s law. Suppose that a vessel of volume V 
contains but a single molecule. One may then select 
a small element of volume v and imagine successive 
observations to be made in order to determine 
whether the molecule is in this element or not. 
The probability of its being there, which will be 
denoted by p, is clearly the ratio of the small vol- 
ume element to the volume of the total container, 
p - v/V , Now let n observations be made upon the 
volume V. The probability that, in x of them, the 
one molecule is found in r, is given 'by Newton’s 
formula. If the vessel contains not one but n mole- 
cules, then the probability of finding x of them in 
V simultaneously is the same as that of finding the 
one molecule x times in 1 ; on n successive occasions. 
Theiefore, the probability of observing x of the n 
molecules in v is given by 

Wn(x) = Cr^p^q^^^ (9) 


This formula may be approximated by Gauss’s 
law Thus, on substituting 


V 1 

and q =* 1 — p 

there results 


( 10 ) 

( 11 ) 


w(x) dx = 


V^2irfi(A — 1) 


” exp 


r (fcx-fi)n 

L 2n(A - 1) J 


dx 


( 12 ) 


The expected mean and the dispersion of this dis- 
tribution must be the same as the corresponding 
quantities for Bernoulli’s distribution. Hence, 

(13) 

and <r* = - p (A - 1) - * (1 - (14) 

If k is sufiiciently large, - x approximately. 

It is often convenient to introduce a quantity fi, 
known as the relative fluctuation and defined by 



X 


In view of Eq. (13) 

n 


(15) 


(16) 


This is Gauss’s law. 


In terms of 8^ the law of fluctuations takes un the 
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simple form 

Here x is the mean number of molecules within n, 
and q is very nearly equal to 1 if v Formula 

(17) is well supported by experiment. 

Theory of errors. Perhaps the most important ap- 
plication of probability theory to exact science oc- 
curs in the treatment of errors. Measurements are 
accompanied by errors of two kinds: determinate 
and random. The former arise from actual mistakes, 
either on the part of the observer or from faulty 
instruments; they are not susceptible of mathe- 
matical treatment. Random errors, however, be- 
cause they are numerous, small, and likely to com- 
bine in linear fashion, are subject to the laws of 
probability analysis. 

The Gauss error law. Let there be n measure- 
ments of some physical quantity resulting in the 
numbers ATj, X^, . . . , Xn. If the true value 
of the quantity (usually unknown) is denoted by 
X^ then the errors are 


- X, X2^X2- X, 
X^^Xn-X 


’ (18) 


It can be shown mathematically and has been con- 
hrmed by numerous observations that the relative 
frequency of occurrence of an error x is repre- 
sented by Bernoulli’s distribution which, under the 
present conditions, takes on the form of Gauss’s 
law: 


N{x) dx = e-**** dx (19) 

Vir 

In this formula the parameter equals 1 /( 20 -^) 
and is called the index of precision. Clearly, the 
greater the value of h the narrower the distribu- 
tion given by Eq. (19). The latter is often called 
the Gauss error law or the normal distribution of 
errors. In writing it, the assumption has of course 
been made that the numbers JCi, X 2 , etc. may be 
replaced by a continuous distribution. 

The probability that a single measurement will 
contain an error between the limits and -fa is 

4- r‘ ^ f “ e-"** dx (20) 

The integral occurring here is called the error func- 
tion, and is denoted by erf (a) ; it is tabulated in 
most textbooks that discuss the theory of errors. 
The factor in front of the integral has been chosen 
so that 

f " N{x) dx - 1 

Returning to the set of measured values X 2 , 
. . . , Xn, one may ask: which is the most proba- 
ble value (the one most likely to be true) consistent 
with this set of numbers? The answer is given by 
the principle of least squares, which affirms that 
the most probable value is the one for which the 


sum of the squared errors 

is a minimum (see Least squares, method of). 
From this one may prove directly that the most 
probable value of X is its arithmetical mean 

(21) 

Kinds of errors. The reliability of a set of meas- 
urements, such as the sequence X^, .T 2 , • . . , Xn, 
is specified by certain measures called errors, bui 
in a slightly different sense from that previously 
employed. Three kinds of “error” will be de- 
scribed: the average error a, the root mean square 
error m, and the probillhl^ error r. All three refer, 
not to a single measurement as did the quantity x,, 
but to the entire distribution (19) . 

The average error a is the arithmetical mean of 
all individual errors without regard to sign 


a 


n 


( 22 ) 


When the averaging process is carried out with the 
use of ( 19) , one obtains the equation 


a - f " \x\Ndx = ^ f " xe-**** dx = -V (23) 
J_a,i V^Jo 

The measure of precision h has already been de- 
fined. It is an inverse measure of the width of the 
Gaussian curve, but it cannot be established with- 
out ambiff^uity from a finite set jof measurements X,. 
If the most probable value of h is calculated, it 
turns out to be the root-mean-square error 

m = (24) 

Comparison with Eq. 23 shows that 

a = m\/2/iT (25) 

The quantity m is identical with what was pre- 
viously called the standard deviation. 

The probable error r is defined as follows: It 
marks that value of x which divides the area under 
the curve N(x) between zero and infinity into equal 
parts. Hence, r is an error such that a given error x> 
has an equal chance of being greater or smaller 
than r. Mathematically, the value of r is found from 
the equation 

erf {hr) * 1/2 (26) 

The numerical relations between r, m and a are 

r « 0.6745m * 0.8453a 
m * 1.4826r - 1.2533c (27) 

a = 0.7979m * l,1829r 

Probability in statistical machanics. A complex 
physical system made up of many constituents, for 
example, molecules, obeys the empirical laws of 
thermodynamics. Statistical mechanics is that sci- 
ence which attempts to explain these laws by a*' 
appeal to the laws of ordinary mechanics. In doin^ 
so, it encounters problems of the follovring sort. 



Suppose one wishes to explain why a gas exerts 
a pressure upon the walls of a container. Pressure 
is the momentum lost by the molecules per unit 
time as they strike a unit area of wall. The mole- 
cules arc very numerous, and their momentum losses 
vary erratically from instant to instant of collision, 
and from point to point on the surface. It is neces- 
sary, therefore, that some average be taken. Should 
this average be over the different collisions which a 
single molecule experiences in time? Or should one 
take the average at a given time over the whole 
area under consideration? Clearly, there arc many 
ways of computing the average, each involving a 
particular collective in the aforementioned sense 
and each requiring a specification of elementary 
probabilities. 

Now the science of mechanics does not clearly 
dictate which collective is the proper one to be 
used, and there is a considerable latitude of choice. 
One of these collectives which has proved most suc- 
cessful, the ensemble of J. W. Gibbs, will be dis- 
cussed briefly. 

Phase space. The motion of a single molecule is 
described in terms of two variables — its position 
and its momentum at any given time. In the sim- 
plest case of motion along a single axis, for exam- 
ple, the X axis, two numbers suffice to describe the 
motion ; they are the position x and the momentum 
Pr. If a plane is constructed with x and pr laid off 
on two perpendicular axes within that plane, the 
motion of the molecule is represented by a curve 
in the plane, and the plane is called the phase space 
of the moving molecule. A molecule whose motion 
is in a plane requires x, y, pr, and Pv, that is, four 
numbers, for its complete description, and these 
four numbers define a point in a phase space of 
four dimensions. Similarly, a molecule moving in 
three-dimensional space has a phase space of «iix 
dimensions (axes x, y, z, Pr, Pv, and p«) and its 
dynamic behavior is depicted by a curve in this six- 
dimensional space. 

This idea can be generalized and applied to a gas 
containing N molecules. The phase space of the gas 
will have 67V dimensions, and the motion of the en- 
tire gas corresponds to the trajectory of a single 
point in this 67V-dimensional space. A single point 
within it describes the physical condition of the en- 
tire gas. 

Ensembles, Here Gibbs introduced the notion of 
an ensemble. He imagined a great number of ther- 
modynamic systems, all similar to the given one. If 
the latter be a vessel filled with gas, he imagined a 
very large number of similar vessels, all filled with 
the same quantity of the same gas. This collection 
of imaginary vessels is called an ensemble. Each 
member of the ensemble will have its fate repre- 
sented by a point moving in fiA^-dimensional phase 
space, and the whole ensemble, when viewed in 
that space, will appear like a cloud of dust, vrith 
each individual dust particle following its own path. 
The density of ^his cloud of dust will differ from 
place to place and will diange in time at any 
given idace, From the laws of mechanics it may be 
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shown that this imaginary cloud of dust bdheves 
like an incompressible fluid. 

There is a stjt of conditions, however, tuider 
which the cloud will not change its density in time, 
even though its individual points are in motion. 
One such condition amounts to the existence of a 
special density distribution known as the canonical 
distribution. It has the simple form 

* />n) * constant X exp 

where H is the energy, T the temperature of the 
gas, and k is Boltzmann’s constant. 

At this point, contact is made with the earlier 
consideration. All dynamical variables, such as the 
pressure of the preceding example, which need to 
be averaged in order to correspond to the observ- 
ables of thermodynamics, are to be averaged over 
the probability distribution D. When this is done, 
the laws of thermodynamics follow; in that sense, 
Gibhs’ probability distribution provides an expla- 
nation of thermodynamics. 

The success of Gibbs’ theory in classical me- 
chanics is remarkable. In order to be applicable, 
however, to systems which follow the laws of quan- 
tum mechanics, certain modifications are neces- 
sary. See Boltzmann statistics; Quantum 
statistics; Statistical mechanics; Statistics. 

[H.M.] 

Bibliography : R. Carnap, Logical F oundations of 
Probability y 1950; D. ter Haar, Elements of Statis- 
tical Mechanics^ 1954; R. B. Lindsay, Introduction 
to Physical Statistics, 1941; R. B. Lindsay and H. 
Margenau, Foundations of Physics^ 1957; R. von 
Mises, Wahrscheinlichkeitsrechnung, 1931. 

Problem solving (psychology) 

The voluntary ideational behavior sustained by an 
organism in order to attain a goal which is not im- 
mediately accessible. Nearly identical processes 
have been distinguished by different terms, depend^ 
ing upon the circumstances under which the prob- 
lem solving takes place. Usually the term problem 
solving has been restricted to those studies which 
require the subject to manipulate a tool, assemble 
a device, or discover the significance of a detour. If^ 
on the other hand, the solution calls for the recog- 
nition of a relationship, that is, the ideatioilal 
classification of stimuli, the process has been celled 
concept formation or discrimination learning, 
when observed in infrahuman animals. When the 
problem to be solved requires the correction of € 
malfunction of equipment, the process has been 
called trouble shooting. When the problem requires 
the choosing between two or mote alternative 
courses of action, the process has been odied 
decision making. 

Comparative psychology has made miinerons eon- 
tributions, not only in the deseription of the 
lem-solving capacities of lowetr organisms, bet idso 
in suggesting hypotheses as 1|0 die natufe pi 
jirocess in human beings. In addidon ^ 
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theoretical models offered by psychologists, numer- 
ous nonpsychologists have contributed to the litera- 
ture on the nature of the problem-solving processes. 
Some have suggested the name of heuristics for 
this field. 

Research in problem solving. Problem solving, 
in the restricted sense described above, has been 
studied in human and infrahuman animals. Some of 
the earliest research on animals dealt with the be- 
havior of cats escaping from an enclosure, rats 
solving a double-alternation problem, and primates 
discovering the use of tools. Considerable contro- 
versy developed over the question of whether the 
behavior displayed by animals represented trial- 
and-error learning or insight. Although this issue 
probably was not settled to everyone's satisfaction, 
current research generally deals with other ques- 
tions. 

One major research program was concerned with 
the tool-using ability of anthropoid apes. The ani- 
mals had to discover how to use a stick as a rake 
to pull in foodstuffs placed outside their cages. 
These studies focused attention on the visual 
perceptual conditions which affected such prob- 
lem solving. 

Analogous experiments indicate that perceptual 
variables are also effective in modifying the prob- 
lem-solving abilities of human subjects. One series 
of studies found that the subjects, college students, 
were more likely to solve a construction-type prob- 
lem if they had had prior experience with similar 
problems. This was especially true if they were 
permitted to view this previous construction while 
they worked on the new problem. 

Trouble shooting of equipment has been studied 
particularly from the standpoint of decision mak- 
ing about probable sources of malfunction. In one 
series of studies, the subjects were given modified 
circuit diagrams and a display of **symptoms,'’ the 
problem being to discover the malfunctioning com- 
ponent as efficiently as possible. There is consider- 
able evidence that the ability to trouble shoot can 
be learned. 

Several studies in human problem solving have 
dealt with a phenomenon called functional fixed- 
ness. G>mparable behavior on verbal or numerical 
problems has been called set, or Einstellung. Func- 
tional fixedness is defined as the inability to see 
alternative uses for a tool or object. In one labora- 
tory experiment, for example, a subject is in- 
structed to make a construction using a matchbox 
and several other objects. If the subject is given 
each of the objects separately, he is more likely to 
succeed than if the objects are placed in the 
matchbox. In the latter condition the subject may 
fixate upon the container application of the box 
and ignore its other uses. 

Concept formation. Concept formation, some- 
times called concept identification or concept at- 
tainment, is the process whereby an organism, ac- 
cording to some self-generated principle, classifies 
as similar two or more stimuli which are objectively 
disaitilllar. Some of the ways in which a dog and a 


cat are similar, for example, would be that they 
are alive, have four feet, and have fur. Each would 
represent different conceptual classes which could 
be generated by an observer. Concept formation is 
important in the general field of problem solving 
because the problem to be solved may simply be 
the correct classification of stimuli, for example, 
which mushrooms are edible, or which control-knob 
shapes are most discriminable. A somewhat more 
complex application of concept identification in 
problem solving is seen when the problem solver 
must decide whether the tentative solution he has 
attained is actually a member of the class of ac- 
ceptable solutions. 

Three types of concepts can be differentiated in 
terms of the principle yrhich must be generated by 
the observer. For conjunctive concepts all the mem- 
bers of a class have something in common; dogs, 
cats, and horses are all quadrupeds because they 
all have four legs. For disjunctive concepts the 
class membership is not determined by one or more 
common elements. The governing principle is that 
the class members have either one attribute or an- 
other or both; several different substances can 
produce a rash and still be chemically unrelated. 
For probabilistic concepts possession of an at- 
tribute is not a guarantee that the stimulus is a 
member of a class ; being depressed may indicate a 
serious illness, but with low probability. A per- 
sistent depression, along with feelings of perseou 
tion, and frequent angry outbursts, more probably 
indicates the presence of serious illness, hut still 
there is certainty. 

In order to make a decision concerning clast 
membership the observer must receive informa- 
tion about the stimulus to be classified. Informa- 
tion which is necessary to make the correct classi- 
fication is called relevant information. Information 
which is not necessary to make a correct classifica- 
tion is called irrelevant information. It is analogous 
to noise in a communication system and may or 
may not appear randomly. If the irrelevant infor- 
mation appears randomly it will be a considerable 
hindrance in arriving at the correct concept. As 
the amount of irrelevant information increases 
linearly, the difficulty of arriving at the correct 
solution increases at a positively accelerated rate 
since the number of possible combinations of at- 
tributes defining the concept increases exponen- 
tially. 

Most research in concept formation has involved 
the use of pictures or geometric forms as stimuli 
with either a motor or verbal response. Recently a 
set of verbal stimuli, in the form of nouns, has been 
cataloged in terms of the frequency of particular 
sense impressions elicited by the words. This mate- 
rial is gaining considerable use and may provide a 
breakthrough in the problem of studying the rela- 
tionship between problem sdlldng'^and language 
(aee Verbal leabnikg) . 

Anothlir kind of concept foiroation which has 
been widely studied in animals is called learning 
sot This process, sometimes called * lcarni^-*tt>‘ 



learn, is the acquisition of an over-all rule or 
principle which enables the organism to respond 
better than chance on a new problem. A monkey is 
presented with a food-well tray, and each of the 
three wells is covered by an object. Two of the 
objects are identical small red cubes, but the third 
object is different, a small green cone. Food is 
always placed under the odd object; hence this has 
been called the oddity problem. If the animal is 
given several trials with these particular objects, 
his performance will improve; he will learn that 
the reward is under the green cone. After a number 
of trials the cubes and the cone are replaced with 
another set of two identical objects and an odd 
object. If the animal has only learned to respond 
to the green cone in the first problem, his perform- 
ance on the second problem should be no better 
than chance. If, on the other hand, the animal has 
learned the rule that the food is under the odd 
object, his performance should be better than 
rhance. This description is an oversimplification 
since it usually takes experience with many prob- 
lems before most animals will show any evidence 
of learning set. Since the learning-set paradigm has 
been demonstrated in a number of animal species, 
it has been proposed that it be used as a means 
of making interspecies comparisons of intellectual 
ability. 

Human beings of course are capable of display- 
ing learning set. It is quite likely that this process 
accounts for much of man’s ability to generalize 
and to apply skills learned in one situation to a 
new problem. Unfortunately, man may also gen- 
eralize and apply an inappropriate rule to a new 
situation and thereby take longer to solve the new 
problem than if he had had no rule. 

Group problem solving. Group problem solving 
usually has been studied as a form of social psy- 
chology . Research in this area has been principally 
in three forms: (1) the members of the group are 
permitted free communication with each other; 

(2) the lines of communication are restricted to 
permit study of the effects of information flow; or 

(3) the subjects participate in a game played 
against other subjects or the experimenter or a 
machine. 

There are numerous methodological problems 
which still have not been satisfactorily solved in the 
first-named and most common form of group prob- 
lem solving. One fundamental question asked in 
this area of research is whether or not two heads 
are better than one. At best the present answer can 
only be that it depends upon the criterion for “bet- 
ter” and upon the type of problem to be solved^ If 
the solution requires the assembly of a device ^or 
mechanical puzzle, it is obvious that a part of the 
device can be handled by only one person at a time. 
Present evidence suggests that a group will be 
superior to an individual when novel approaches 
are needed or when large amounts of information 
have to be stored, recalled, and related. However, 
because of the interdependencies of the members df 
the group, failure of one of the members can 
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adversely affect the performance of the entire 
group. If the criterion is the unit product per man- 
minute, the individual usually will be superior to 
the group. 

Individual differances. This is the area of re- 
search in problem solving concerned with the as- 
sessment of ability differences of individuals 
through the use of tests. The usual omnibus in- 
telligence tests are inadequate for research pur- 
poses in this area. Only since the application of 
factor analytic methods and the subsequent 
development of tests of primary mental abilities has 
it been possible to assess specific intellectual 
abilities. The information at present is sketchy. 

A series of studies of young adults of above 
average intelligence indicates that at least 40 dif- 
ferent factors are needed to account for differences 
in intellectual ability. A different number of fac- 
tors, or entirely different factors may be necessary 
to account for the intellectual abilities of average 
adults and children. In addition to the difficulties 
of test development, there are the problems of 
choice of type of factor analysis and choice of 
criterion for the existence of a factor (sec In- 
telligence). 

Heuristics. This is the study of the mental proc- 
esses involved in problem solving. The various 
stages in the process of solving a problem for which 
there is no immediate solution appear to be as fol- 
lows: 

Initially the individual must comprehend the 
nature of the problem. The gestalt psychologists 
argue for the importance of this first stage since 
they believe that the manner in which a problem is 
“seen” will determine, at least in part, the likeli- 
hood of attaining a successful solution. 

The second stage, sometimes called the prepara- 
tion stage, is devoted to obtaining information 
which appears to be relevant to the final solution. 
This is also a crucial stage since if the individual 
establishes an inappropriate set or bias,^ he may re- 
ject as irrelevant information which is in fact rele- 
vant. A bias in favor of irrelevant information is 
almost as undesirable. During this stage the prob- 
lem solver tries to examine all of the relevant in- 
formation and its implications for his problem. 
Discovery of interrelationships is in itself addi- 
tional in^rmation which may be relevant. 

The third stage, sometimes called the incubation 
stage, is characterized by the termination of active 
seeking for the desired solution and the turning of 
attention to other matters. It is usually described 
as a passive period of hopeful waiting for insight. 
Successful problem solving may follow a period of 
apparent inattention to the problein because the 
problem solver has avoided inappropriate informa- 
tion-handling biases during this so-called incuba- 
tion period. 

The final stage, when the prol>lem solver achieves 
the solution and comprehends its significance, is 
called insight. 

Clearly, the process of problein solving depends 
open memory of information as well as imaf^Mthre 



■ad creativ* handHog of tfae iafonnation. See 
Lbahninc TlisoiitEs; Memory. [e.j.a.] 

BiblMgnpky: J. S. Bruner, J. J. Goodnow, and 
G. A. Auatin, A Study of Thinking, 19S6; 
K. Duncker, On problem-solving, Psychol. Mono- 
graph S8, no. 270, 1945 ; W. Kohler, The Mentality 
of Apes, 1926; M. Wertheimw, Productive Think- 
ing, 1945. 

Proboscidea 

An order of mammals including the elephants and 
their allies. Proboscideans first appeared in the 
Eocene as small pig-sized creatures, the moeri- 
theres, and during the remainder of the Tertiary 
the stock underwent an extensive and very com- 
plex evolution. At one time or another, proboscid- 
eans lived on all continents except Australia. Two 
main lines of evolution are evident, the dinotheres 
and the elephantoids. The dinotheres were char- 
acterized by peculiarities of the skull and dentition. 
The lower jaw bore a pair of heavy tusks that 
curved dovmward and backward. The elephantoids 
are divided into three families. In the long- jawed 
mastodons, typified by Gomphotherium, the lower 
jaw was much elongated and there were tusks in 
both upper and lower jaws. The short- jawed masto- 
dons, which lacked tusks in the lower jaw, include 
some of the best-known fossil vertebrates. The true 
elephants, characterized by very high cheek teeth, 
include the mammoths and modern elephants. See 
Eutheria; Proboscidea fossils. [d.d.d.] 

Proboscidea fossils 

Proboscideans probably originated in Africa and 
spread to all continents except Australia. Like 
their few living descendants, ancient proboscid- 
eans were large, plant-eating, quadrupedal mam- 
mals that walked on pillarlike legs. All except pos- 
sibly the earliest known form in the Eocene 
deposits of Egypt, Moeritherium, had an -elongate 
proboscis (the trunk). They also had upper and 
sometimes lower tusks that were enlarged second 
incisors. Fossil forms are classified chiefly by shape 
of the jaws and teeth, including the tusks, and by 
the character of enamel configuration in all the 
teeth. 



Fig. 1. Skfrfoton of a Fllecone leng-lowod mostodenf, 
Gomphglfcoriufiiv (Affor H. Oehorn, 7942) 



Fig. 2. Side and occlusal views of the upper third 
lar of o Pleistocene mammoth from Illinois. (After H. Os- 
born, 7942) 
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The tapir-sized Moeritheriwn shows many re- 
semblances to the phenacodonts in the order Con- 
dylarthra and indicates that proboscideans prob- 
ably came from phenacodonts. This evolutionary 
conversion probably happened in early Eocene 
time. See Condylartha. 

Certain peculiar proboscideans, the Deino- 
theriodea, have the anterior part of their lower 
jaws abruptly down-turned. Deinotheres lived in 
Eurasia and Africa from Miocene into Pleistocene 
time. Another group, the Mastodontoidea (Fig. 1), 
includes a great array of forms of the Miocene 
through Pleistocene in North America, Eflrasia, and 
Africa and the Pleistocene in South America. Mab- 
todonts usually had low-crowned cheek teeth with 
tooth cusps arranged into transverse lophs (at 
right angles with the front-to-rear axis of the jaw). 
Some mastodonts {Phiomia^ Gomphotherium, Tet- 
ralophodon^ and others) had elongate lower jaws. 
Their lower tusks extended forward and probably 
served as forks to uproot clumps of vegetation 
upon which these animals fed. Long- jawed masto- 
donts like Platybelodon and Amebelodon had flat- 
tened lower tusks that may have served as shovels 
to scoop up masses of soft water plants. Another 
group of mastodonts, Anancus, Stegomastodon, 
Mammut, and others, were short-jawed and had no 
lower tusks. Stegodonts, generally intermediate be- 
tween mastodonts and elephants, had elongate, 
low-crowned molars, crowned with numerous traniK 
verse crests. 

The family Elephantidae (true elephants) had 
short lower jaws without tusks; and their high- 
orowned cheek teeth had the enamel, dentine, and 
cement arranged into transverse plates. This is in* 
terpreted as an evolutionary adaptation that ena- 
bled the teeth to withstand a greater amount of 
wear resulting from a diet of abrasive vegetation, 
such as dusty grass and tough shrubs. The elephant 
family includes mammoths (Fig. 2). During th^ 
Pleistocene, mammoths traveled to all the conti- 
nents except Australia and South America. The 
famous woolly mammoth, ttamjmUkua primig^- 
nius, is well known from catpasses found in the 
frozen hiantle rock of norAem U.S»S.R- ^nd 
Alaska. 



Among all the living orders of mammals, ele- 
phants are most closely related probably to sea 
cows (Sirenia) and to the horse-tapir-rhino group 
( PerisBodactyla ) . See Perissod actyla fossils ; 
Sirenia fossils. [d.e.s.] 

procellariiformes 

An order of oceanic birds characterized by tube- 
like nostril openings, webbed feet, dense plumage, 
often with a peculiar musky odor, and compound 
horny sheath of the bill. Included families are Dio- 
medeidae ( albatrosses ) , Procellariidae ( petrels, 
fulmars, shear-waters), Hydrobatidae (storm pet- 
rels), and Pelecanoididae (diving petrels). The or- 
der encompasses extremes in size paralleled only 
by the Falconiformes, ranging from the wandering 
albatross [Diomedia exulans), with a wingspread 
of almost 12 ft, to the sparrow-sized least petrel 
(Halocy plena microsoma). All species spend 
months at sea, coming to land rarely if ever, ex- 
cept during the breeding season. Both incubation 
and nestling periods tend to be exceptionally long 
in this order, the former being up to 80 days in 
the large albatrosses. Food type is related to body 
size, ranging from fish, squids, and other marine 
invertebrates, to plankton. Some species produce 
an oily secretion of the stomach which, together 
with partly digested food, is ejected as a defense 
mechanism. See Aves. [k.c.p.] 

Process control 

A special form of feedback control system in which 
the element being controlled is a dynamical system 
referred to as a process. A process has quantities 
which vary with time and are related by differen- 
tial equations. While the term has been associated 
principally with chemical and petrochemical reac- 
tions, process control is also applied to the auto- 
matic flight of missiles; the navigation of ships; 
the movement of machine tools; the regulation of 
quantities such as electric voltage, fluid pressure, 
temperature, reagent concentration and viscosity; 
and a whole variety of dynamical systems or sub- 
systems. The essential function of a process con- 
trol system is identicaHo that of any feedback con- 
trol system, that is, the maintenance of a state oJ 
static and dynamic equilibrium between the con- 
trolled variable or variables and a reference vari- 
able or variables. 

Process control systems arc single-loop or multi- 
ple-loop feedback systems. The figure shows a sim- 
ple, yet typical, block diagram of a single-loop, 
closeddoop process control configuration. The 
basic elements are the process being controlled, 
the controller, an output transducer which meas- 
ures the controlled variable, and an error-sensing 
device. The variables in the process control system 
Ere the reference variable Jl, the controlled vari- 
able C, and the control error E* The output of the 
process controller is the manipulated variable M, 
which is the actuating input to the process The 
function of the process controller is to modify the 



control error and to produce a manipulated vari- 
able that will drive the output variable to the de- 
sired equilibrium condition relative to the refer- 
ence variable. 

Disturbances, which tend to upset the equilib- 
rium condition, are introduced into the system 
from a number of sources. They are shown sche- 
matically in the figure as entering the system at 
point D. The system must minimize its response to 
these undesirable disturbances and remain at the 
equilibrium condition specified by the set point or 
reference variable. The specifications of the proc- 
ess control system may include steady-state accu- 
racy, transient performance in response to a dis- 
turbance or a change in reference input, and low 
sensitivity to changes in system constants caused 
by environmental conditions. 

The process may incorporate a number of sub- 
processes as part of the whole. For instance, if the 
over-all process is the flight of a missile, the auto- 
pilot-missile combination is the subprocess. On the 
other hand, if the missile is considered the process, 
the servomechanisms which actuate the control 
surfaces are subprocesses. In either case, the func- 
tions of the process or subprocess controller are 
governed by the same general considerations. 

To have a rational design procedure for process 
control systems, it is necessary to obtain or estii^ 
mate the differential equations that relate the ina« 
nipulated (or independent) variables to the con** 
trolled (or dependent) variables. These differen- 
tial equations may be linear or nonlinear. If they 
are linear, it is possible to express the process 
characteristics compactly by a transfer function^ 
which is used to derive the required controller 
transfer function by the standard methods used in 
feedback control systems. For a discussion of the 
theory, see Control systems. 

The more conventional application of the term 
process control refers to the control of a chemical 
process or of the many variables which affect its 
progress. The latter include, among others, such 
variables as pressure, temperature, liquid level, 
flow rates, reagent concentrations, and speed o| ro- 
tation of mec^ical elements. In a process, ^se 
quantities may be automatically controlled as sub- 
processes so that the main process is kepi In a 
sute of equilibrium. See Cheikcal raojCiss 
control; PrEISURR control AUTOHATICl Ttm- 
PERATURE CONTROL, AffrOWATlt. 




In evaluating or designing a process control sys- 
tem^ consideration is given to 6tart«up characteris- 
tics, stability, steady-state characteristics, transi- 
ent response, insensitivity to disturbances, and 
other factors. Most processes require a start-up 
period, during which they progress from a state of 
quiescence to an active state. In a chemical proc- 
ess, temperature, flow, pressure, speed, valve set- 
tings, and other factors must be brought up to the 
condition or equilibrium that permits the chemical 
reaction to start. In missile control, a missile just 
fired from the ground requires a period of accelera- 
tion, during which its properties are rapidly chang- 
ing, until it reaches a speed high enough to permit 
normal control procedures to be effective. Satisfy- 
ing these initial requirements automatically is 
probably the most difficult part of process control 
design, because the governing relationships are 
time variant or nonlinear. The other design con- 
siderations are similar to those encountered in all 
feedback control systems and are handled in the 
same manner. [j.r.r.] 

Bibliography: J. G. Truxal (ed.). Control Engi- 
neers* Handbook^ 1958. 


Procoeia 

A suborder of the order Salientia characterized by 
a procoelous vertebral column in which each verte- 
bra is concave anteriorly and convex posteriorly 
and with a free coccyx articulating by a double 
condyle. This suborder commonly includes five 
families of frogs: Leptodactylidae, Bufonidae, 
Atelopodidae, Hylidae, and Centrolenidae. The 
families Dendrobatidae and Pseudidae also are 
sometimes recognized. 

Ltptodactylidaa. The leptodactylid frogs are 
most abundant in number of genera and species in 
the American tropics and Australia, with a very 
few species found as far north as the southwestern 
United States and New Guinea. A single genus in 
South Africa possibly belongs to this family. There 
are over 40 genera of leptodactylids with more 



Fig. 1. (o) dreophryne//a qvelchii, an ateiopopid. 

(b) £hsh nasus, a leptodactylid. (c) Brachycephalus 
mphippkim, on ataiopopid. (From G. K. Nobh, Thm Bl- 
ofogy of fhm Amphibia^ Dovor, 1954) 



Fig. 2. The Panamanian poison frog, Dendrobates 
auratus. (American Museum of Natural History photo- 
graph) 


than 500 species; over 200 are in the genus Eleu 
therodactylus alone. Evolutionary lines within the 
family have undergone extensive adaptive radia- 
tion, so that one or another species lives in almost 
every fashion known to frogs. Species with similar 
habits are often similar in appearance, Ibo, so that 
leptodactylid frogs are often almost indislingiiish 
able externally from a variety of species of other 
families. 

Bufodfdae. Members of the large genus Bujo, the 
true toads, are native to virtually every place in the 
world where frogs live except the Australian re 
gion. The other four genera of the Bufonidae are 
found in Africa and the Malay region. These gen- 
era are of little numerical importance, but one of 
them, N ertophrynoides of East Africa, is of inter 
est in being the only ovoviviparous frog. All biifo- 
nids lack teeth, and the true toads of the genus 
Bufo are for the most part rather warty, short- 
legged terrestrial animals that enter the water only 
during the breeding season. 

Atelopodidae. The Atelopodidae or Brachyceph* 
alidae is a relatively small family with 10 genera 
and about 90 species in South and Central Amer- 
ica. Two genera in west Africa and another in the 
Malay region may belong in the family. Many of 
the atelopodids are small, brilliantly colored frogs. 
Members of the genus Dendrobates (Fig. 2) pro- 
duce a skin secretion used by South American na- 
tives to poison arrows. 

Hylidao. The Hylidae, or tree frogs (Fig. 3), is 
one of the larger amphibian families, with nearly 
5(X) species known. The majority of these, about 
350 species, belong to the genus Hyla, which is 
found in both eastern and lyeetern hemispheres. 
Many of the Hylidae are adayAtod to arboreal life in 
having expanded digital disks that facilitate climb- 
ing, buf not a few have adopted other modes of ex- 
istence and lead a tcrrestri j, aquatic, or even bur- 
rowing life. 



Fig. 3. Typical North American tree frogs, the green 
tree frog, Hyla anerea (left) and the gray tree frog, 
H. versicolor (right). (American Museum of Natural 
History photograph) 

Centrol6nidae. In the American tropics is found 
a small group of three genera and about 20 species 
of small, translucent, arboreal frogs grouped to- 
gether in the family Centrolenidae. A peculiar 
characteristic of some species is that the bones are 
green See Amphibia; Salientia. rR.G-/.l 

Procyon 

Alpha Canis Minoris, is a nearby bright star, 0 3 
magnitude, of spectral type F5. Located at a dis- 
tance of 3.5 parsecs, Procyon has an absolute mag- 
nitude of +2 7, which is slightly brighter than a 
normal main-sequence F5 star. Thus Procyon may 
be an old star that has begun to evolve off the main 
sequence. Its great age is indicated bv a close faint 
companion of absolute magnitude -tl3, yellowish 
m color, that is, a white dwarf star, which is near- 
ing the end of its evolution. The visual binary oibit, 
of 40-year period, gives Procyon a mass of 1 76, 
and its companion 0.65, that of the Sun. See Star. 

[j.L.CF.] 

Product design 

Product design is the determination and specifica- 
tion of the parts of a product and their interrela- 
tionship so that they become a unified whole, llie 
design must satisfy a broad array of requirements 
in a condition of balanced effectiveness. A product 
is designed to perform a particular function or set 
of functions effectively and reliably, to be economi- 
cally manufacturable, to be profitably salable, to 
suit the purposes and the attitudes of the consumer, 
and to be durable, safe, and economical to operate. 
For instance, the design must take into considera- 
tion the particular manufacturing facilities, avail- 
able materials, know-how, and economic resources 
of the manufacturer. The product may need to be 
packaged; usually it will also need to be shipped 
so that it should be light in weight and sturdy of 
construction. The product should appear signifi- 
cant, effective, compatible Vfith the culture, and 
appear to be worth more than the price. T^e em- 
phasis may differ with the instance. Durability in a 


Frodvef imrf la 

paper napkin is different from durability in a 
power shovel. 

To determine whether a design is well adjusted 
to the gross array, criteria are needed. Some are 
objective and measurable such as clearances and 
efficiency, while others are quite subtle and even 
subjective. In a way, product design is an indus- 
trial art. 

Ultimately the purpose of product design is to 
ascertain that the product will satisfy human wants 
and wishes either directly as consumer goods, or 
indirectly as capital equipment or components. 

Except in the case of basic inventions, product 
design is a redesign to suit changed conditions, 
criteria, or enlightenment. Change may appear 
capricious, as in some fashions and toys, may be 
the result of technological progress, or may result 
from a change in attitude toward the product or its 
function. In some areas trends can be discovered, 
but future preferences of buyers must be predicted, 
gambled on, or forced to occur. 

There are various steps in product design which 
are not necessarily in particular order. They are 
analytical studies; creative synthesis; drawings 
and models for appearance, function and specifica- 
tions. plus calculations, experiments, and tests. 
See Production engineering. 

Product of inertia 

The product of inertia of area A relative to the 
indicated AT rectangular axes is Ixv^SxydA 
(Fig. 1). The product of inertia of the mass con- 
tained in volume V relative to the XY axes is 
IxY - SxypdV (Fig. 2). Similarly for [\z and 
hx- 

The product of inertia of area, like moment of 
inertia, is measured in quartic length units such 
as ft^; for mass, it is measured in mass multiply- 
ing length squared units as g-cm^. Unlike moment 
of inertia, the product of inertia may be positive 
or negative. 

Relative to principal axes of inertia, the product 
of inertia of a figure is zero. If a figure is mirror 



Fig. 1. Product of inortio of area. 
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Fig. 2. Product of inertia of a volume. 

symmetrical about a YZ plane, Izx *= Ixy “ 0. 
See Moment of inertia. [n.s.f.] 

Production engineering 

The planning and control of the mechanical means 
of changing the shape, condition, and relationship 
of materials within industry toward greater effec- 
tiveness and value. Production engineering is a rel- 
atively new term applied to some aspects of plan- 
ning and control of manufacturing; it is a service 
function to the production department. 

As industry and technology evolve to greater 
levels of sophistication, complexity, and specializa- 
tion the broad area of figuring out what to do be- 
comes more involved and at the same time better 
understood. By this process, some of what had been 
originally performed by either the production de- 
partment or the industrial engineer becomes a sep- 
arate activity with its own background of knowl- 
edge, principles, and techniques. 

Planning and purpose. Production engineering 
as a planning activity takes place between product 
design and the planning of the over-all manufac- 
turing process. Over-all manufacturing planning is 
usually considered within the profession of indus- 
trial engineering. But in attitudes of greater spe- 
cialization, production engineering may be consid- 
ered a separate profession closely allied to indus- 
trial engineering. 

The purpose of production engineering is to re- 
fine and adjust the design of the product (prefer- 
ably with the product designer) to the problems 
involved in its proposed manufacture and con- 
versely to solve certain problems, mainly mechani- 
cal, sueh as those involved in processing, tools, 
dies, and new or special equipment necessary to 
manufacture the product efficiently and according 
to the estnbllsbed specifications. 

PMHtofl in the ofggnizatloii. Product design, 
production engmeering, and industrial engineering 


overlap variously according to the situation, policy, 
and organization. The techniques of production en- 
gineering are mainly in the field of mechanical 
engineering, but some are closely related in con- 
cept and performance to, if not directly derived 
from, industrial engineering. 

Intelligent activity in production engineering 
requires a comprehensive understanding of both 
the intention and meaning of the product design 
and the means and principles of industrial engi- 
neering. The production engineer often acts as 
liaison between product design and industrial en- 
gineering. 

The product design department specifies what is 
wanted, usually making only a general statement 
of how such specificatijpns are to be met. The par- 
ticular means are the ‘'problem of the production 
engineer. Product design takes into consideration 
performance, life, safety, and other functional re- 
quirements, usually fully testing models of various 
types for these features. In many products, ap- 
pearance and other sensory qualities have been ad- 
justed. These too must be maintained. 

Initial phase. After studying the over-all prod- 
uct, the product engineer examines every detail of 
each operation for forming each piece. Various 
lines of inquiry are followed: Is the specific shape 
the most economical in material, labor, and equip- 
ment? Is it compatible with either presant or ob- 
tainable equipment and know-how? Are compo- 
nents readily obtainable if they are to be pur- 
chased? 

Usual]/ the product designer has valid reasons 
for each detail, but he may not know of the bene- 
fits of alternate means, so the production engineer 
may often make diplomatic inquiry into any details 
that appear difficult, expensive, or superfluous 
Prudent organizations avoid the condition in which 
the production engineer accepts the design specifi- 
cations as absolute and final, and the opposite, 
where the production engineering staff can make 
any changes at all to suit easier processes or 
methods. There is uaaally a common-sense ground 
in between that can be found. 

Thg first operations in production engineering 
are to examine every detail in relation to its feasi- 
bility and economy with respect to the peculiar sit- 
uation. The first question most likely to arise is 
whether to manufacture the part or purchase it. 
This is not always an easy question to answer. It 
depends upon many factors, from over-all utiliza- 
tion of facilities and labor to company policy. For 
instance many industries have expanded, by verti- 
cal diversification, into being their own suppliers. 
Like much of production engineering, the answer 
to this lies within the policy of top management 
and their vision of where they are going in the light 
of competition, economics, technology, and cul- 
tural change. Peculiarly, hereproduction engineer- 
ing must cooperate with sales, finance, and even 
basic research. 

DevdopniMtt «f wtr-all prpthictioii. The 6^ 
work is analytical inquiry. After moat of theaa <1^ 



tails are answered, if only tentatively, the major 
job of designing the total process begins. Tlie 
whole manufacturing process usually lies within 
the realm of industrial engineering; production 
engineering deals with the mechanical aspects of 
manufacturing: processing equipment; tools and 
dies; auxiliary equipment such as fixtures, gauges, 
and the like; and with specially designed equip- 
ment such as conveyors, transfer equipment, auto- 
matic assembly machines, and inspection equip- 
ment. Tool design and machine design are often 
more specialized functions in their own right. Like- 
wise instrumentation and control design are other 
special fields. 

After the analytical inquiry into the detailed 
means, the order of performance or operation se- 
quence is determined. This sequential study ends 
in a flow diagram, which is similar or supplemen- 
tary to the flow-process chart and preliminary to 
plant layout if changes in layout are necessary. 

There is a great divergence in industry. Produc- 
tion engineering may require nothing more than 
set-up and scheduling as in automatic screw ma- 
chines or wire forming machines. In other in- 
stances the creation of whole new factories with 
special equipment may be required. 

Coordination of man and machine. At this 
phase the edges of production engineering and in- 
dustrial engineering diffuse with each other. Indus- 
trial engineering is concerned with methods, labor 
costs, and standards, but where methods become 
highly mechanized, dominate manual work, or are 
automatic, the problems become mainly ones of 
machine design and therefore are in the area of 
production engineering. From industrial engineer- 
ing time data there may be indications to a me- 
chanically oriented engineer that it would be feasi- 
ble, at least economically, to search for a more 
mechanical means to perform certain operations. 
These are shifts from purely industrial engineering 
to an attitude toward production engineering. 
Many devices perform such operations as transfer, 
orient, differentiate, and assemble. These opera- 
tions definitely sound of industrial engineering, 
and the industrial engineer may indicate their use, 
but their installation and adjustment to the total 
production procedure usually is a mechanical en- 
gineering problem; hence industrial engineering 
utilizes the mechanical bias of the production en- 
gineer. 

For a long time the design, installation, use, and 
control of conveyors and automatic equipment have 
aided manufacturing, and here the mechanical pro- 
duction engineer and the industrial engineer have 
worked together. The greater the automation J:he 
more difficult it is to separate the machine designer 
and the production engineer from the industrial 
engineer in their functional position to muufac- 
taring. It is probably safe to assign to machine de- 
sign certain individual details and components and 
to industrial engineering the over-all plan. Produc- 
tinp engineeriog t he** falls between and touches 
botk 


If it is found desirable to design special equip- 
ment for production, and if the equipment is par- 
tially operated manually, principles of human en^ 
gineering indicate how the operator can most 
effectively operate it. The equipment is in a sense 
an extension of the people. The force, distance, 
speed, accuracy, and the understanding of the 
operator are the limiting dimensions and factors of 
the equipment. The efficiencies of people in these 
operations determine the efficiency of the equip- 
ment. The equipment should be designed so that 
the operator is most efficient. 

Introduction of automation. In newly designed 
equipment, especially automatic or complex ma- 
chines, models are often built to find and elimi- 
nate **bug8** and to obtain data concerning time 
and accuracy. Often new products require new 
processes, which must be developed in laboratories 
or on prototype models. Also, unless automatic 
equipment is completely reliable, space should be 
allowed in the line for substitution of manual labor 
in case of a breakdown, which would be an expen- 
sive bottleneck and could close a line for days. 

In industries where automation is well devel- 
oped, whole lines are built as prototypes, operated 
to secure synchronization, to develop special skills, 
and to study the process for refinement of elements 
and their effective interaction, and for optimum 
application. In some industries the whole produc- 
tion setup is one machine and must be studied and 
created as a vast interacting unit. The total ma- 
chine has mechanical, electrical, electronic, hy- 
draulic, and pneumatic components operating to- 
gether automatically. The production characteris- 
tics of such a machine cannot be determined from 
the characteristics of these separate parts. These 
characteristics are found by operating models 
often in full scale and complete in detail. 

Improvement and coordination. The frontiet 
of production engineering is in devising more and 
simpler automatic machines. The more mechanized 
a process becomes, the more it is freed from the 
limitations of human operators, and thus the morq 
possible it becomes to mechanize it further. Be* 
cause innovations reflect the individualistic ap- 
proach of the engineers, several different processes 
or machines may be developed that do the same 
job equally well, that is, equally fast, efficiently, 
and economically. 

Close control of the use of machines and de- 
tailed records of their performance and service can 
indicate where improvements will be most effective 
in increasing productivity. As technology incregses 
in complexity, the activities that enter into it be- 
come more specialized, and the ne^ for coonBna^ 
tion and cooperation grows. To perform his special 
function efficiently, the production engineer needs 
to participate in conferences and fdannini; ses- 
sions with product development engineers aiM fac- 
tory production managers. ^ 

Forces toward obsolescence^ from new mateifels 
to new viewpoints, render equipment hriefficieiitr>$^ 
fore it wears out in tike physied sense. 
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engineering strives to use advance technology 
wherever it provides an economic advantage. See 
Industrial engineering; Jig, fixture, and die 
DESIGN ; Pilot production ; Product design ; Pro- 
duction METHODS. [R.I.F.] 

Production methods 

Basically all production processes and methods can 
be classified as one of two types. Analytic indus- 
trial processes break down a given material into 
several products, as in an ore-reducing plant. 
Synthetic processes create one product from several 
different materials, as in a blast furnace or an auto- 
mobile assembly plant. Processes may be a combi- 
nation analytic-synthetic (wood-furniture factory) 
or synthetic-analytic ( feed mill ) . 

Industry frequently classifies processes into those 
that (1) change the shape, called forming, includ- 
ing cutting, molding, bending, dissolving, machin- 
ing; (2) change the chemical or internal charac- 
teristics, called treating, including mixing, blending, 
heat treating, refining; (3) change the external 
surface, called finishing, including rinsing, coating, 
drying, painting; and (4) add other pieces, called 
assembling, including attaching, joining, pack- 
aging, fitting and fastening as in erecting a new 
building or pinning a dress pattern to a piece of 
cloth. 

Most industries use a combination of at least 
two basic processes. In fact, some processes can be 
placed logically in more than one class, for ex- 
ample metal plating. 

Processes have also been classified into contin- 
uous or process-type operations, as in an oil re- 
finery, and intermittent (or repetitive) or manu- 
facturing-type operations. 

Almost all production processes or methods 
change the form or condition of some material, or 
add or deduct other materials, aided by men and/or 
machinery, with the end objective being a product 
which has greater utility by nature of its form or 
characteristics than the initial material. 

The “end product” and the “start material” are 
of fundamental importance. Together, these are 
termed the product-material factor; this factor is 
the chief influencing feature in the choice of pro- 
duction methods. A change in the end product or 
in the characteristics of the start material may 
cause or allow significant changes in the produc- 
tion processes or methods. 

Design and specifications. Design is inherent 
in the production of any product, even if it is not 
formally recognized and recorded in prints, photos, 
or other specifications. But generally, product de- 
signs are established prior to production and are 
frequently the result of several years of research, 
experiment, and development. 

Design of products generally calls for specialists 
of various kinds: scientific, engineering, stylist or 
artistic, market research or public relations, and 
production engineers or manufacturing planners. 
The more these specialists (together with the sales, 
ptErehasing, production, and financial departments) 


can integrate their views and ideas, the more ef- 
fective will be the product’s design for the overall 
company position. 

Product designs may take several forms: formu- 
lae in chemical plants, blends in food products 
and performance standards or drawings and speci- 
fications in manufacturing plants (see Product de- 

SIGN ) . 

The term “production design” is frequently re- 
ferred to today as that design which has been 
engineered for ease and economy of production. It 
is much more than a design which merely requires 
functioning of the product; it involves refinements 
and modification of functional design based on the 
processes, production equipment, and personnel 
planned to produce 1||he item. 

The design engineer specifies what is to be made 
and how well it is to be made. The specifications 
take the form of (1) parts or materials lists de- 
scribing the elements, (2) required characteristics 
or dimensions, (3) drawings, photos, blueprints or 
models, and (4) performance of finished product 
or test specifications. These are aimed at so de- 
scribing the product and its elements that the 
equipment to produce it can he readily planned, 
the purchased materials can he correctly obtained, 
and the components can be made and assembled 
according to how the product has been engineered. 

Other specifications pertain to the m^ufacturing 
process and the methods. Process specifications are 
set by process engineers (as distinguished from 
product engineers) and cover just how processes 
are to controlled. Methods instruction is gener- 
ally set by methods engineers and covers how work 
area and machinery are to be arranged. 

Product specifications usually include tolerances, 
because nothing can be made exactly. A toler- 
ance is a permissible variation (see Production 
engineering). 

Standard materials and parts. While most prod- 
ucts require different components and even the 
same products require many variations, ranges and 
preferred choices of product dimensions or other 
characteristics can be established. Whenever ma- 
terials and parts can be graded, classified, or other- 
wise standardized, great savings in time and cost 
result for designers, purchasers, producers and 
users. 

For example, standard electrical current, horse- 
power, and dimension for electric motors allow the 
engineer to detail his overall machine readily, the 
buyer to specify and buy by numbers and code, the 
producer to tool up for substantial quantities of 
standard sizes, and the user of the machine to ob* 
tain a replacement quickly should the original 
motor burn out. 

Standards have been established for practically 
all materials from lubricating oil to paper, from 
lumber to metallurgical spedfications of sand cast- 
ings. Standard gages of sheet metal, sizes of screws 
and nuts, and diameters of bearings are examples 
of standard parts we take for granted eva*y 
These standards are set by industry* asaociatioji** 



the government Bureau of Standards, professional 
societies, or leading manufacturers (see Design 
standards). 

Standard materials and parts and standardized 
components lead to interchangeable manufacturing. 
Each component of a product is made both to fit 
with its mating parts and to meet a given specifica- 
tion, and the specification is set so that any part so 
made can be interchanged with the original. 

Interchangeable manufacture is the underlying 
principle that permits mass production. By making 
muskets from interchangeable parts, Eli Whitney 
showed that a greater quantity of an article can be 
produced, its quality improved, and its price re- 
duced. 

Interchangeable manufacture does not neces- 
sarily result in a standardized product. Standard- 
ized parts and components can be assembled in a 
variety of different combinations. Current models 
of a popular automobile offer so many options, for 
example, that the manufacturer could hardly pro- 
duce in the life of the model all the combinations 
that are numerically possible. 

Production equipment. Machinery that actually 
changes the shape or characteristics of the starting 
material is the production equipment. Although 
the product design and materials generally dictate 
what process is to be used, the availability, suit- 
ability, and cost of the equipment to execute the 
process definitely affects the decision. In the final 
analysis, the choice of production equipment to do 
the job is dependent on the process selected (see 
Machining operations; Mltal forming). 

Production equipment includes machinery, which 
covers the actual mechanical devices working on 
the product, and equipment, which covers items 
like paint booths, ovens, tanks, conveyors, pressure 
vessels, and others used directly in conjunction 
with operations performed on the materials. In ad- 
dition, there is great variety in accessory, utility, 
or service equipment in any industrial facility. 

Production equipment may be classed as general 
purpose or special. The former is universally ap- 
plied to many materials or parts; the latter is de- 
signed to do one specific job, usually on one partic- 
ular part. 

Capacities of production equipment frequently 
limit a plant’s operations. This capacity along with 
the ability to keep equipment utilized or in opera- 
tion an optimum amount of time determines its 
productivity. 

Tools and accessories. Smaller, easily detacha- 
ble pieces of machinery or equipment used directly 
in production or in conjunction with the produc- 
tion equipment are tools and accessories. Hand 
^ools, manual or powered, jigs, fixtures, attach- 
ments, controls, hoppers, pumps, and the like fall 
into this group of items. Inspection or working 
gages are also frequently included in the general 
term tools. 

Just as standard parts can be assembled into a 
number of specific end products, so general-pur- 
pose machinery and equipment caii be made to do 
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a special job or operation by fitting it with the 
proper tools or accessory equipment (see JiG, fix- 
ture, AND DIE design). 

Selection of equipment. To a great extent the 
selection of equipment is dictated by the produc- 
tion method. A degree of latitude is nearly always 
available within a given production method. 

Much equipment, especially that not directly 
used in forming or assembling operations, may be 
common to many production methods. In selecting 
this equipment, consideration must be given to the 
following factors: 

1. Demand for the product: short or long term. 

2. Permanency of the product. Is it likely to re- 
main the same or will technological changes force 
major changes in its design? 

3. Risk of equipment obsolescence. 

4. Competitive advantages or disadvantages es- 
tablished by choice of equipment. 

5. Integration with other available or on-hand 
equipment. 

6. Suitability of equipment in relation to the 
product. 

7. Effe(‘t on quality of the product. 

8. Quality and availability of labor to operate 
equipment. 

9. Cost of operating and maintaining the equip- 
ment. 

10. Cost, source, and availability of capital. 

To resolve the first five factors requires opinions or 
estimates. Decisions for the second five can be ob- 
tained by evaluating facts. 

A piece of equipment may be selected from 
standard available implements or may be built 
specially for the job. To decide if specially built 
apparatus is appropriate, additional factors must 
be evaluated. 

1. The rate at which the product is to be made. 

2. The volume or quantity of the product to be 
manufactured. 

3. The man hours required. 

4. The floor space available for the equipment. 

.5. The adaptability of standard machines. 

6. The cost and depreciation charges of the 
special equipment compared with standard equip- 
ment. 

To arrive at a sound decision in the selection of 
equipment, all phases of production under present 
conditions and anticipated future conditions must 
be carefully studied and analyzed by people ex- 
perienced in the fields covered by the various fac- 
tors. 

Production equipment classed as general pur- 
pose does not require the extensive financial review 
that must be given to special equipment. Th^ most 
difficult factor that must be determined for the 
financial appraisal of special equipment is tbol of 
product life as related to the time necessary lo re- 
cover die capital invested in die equipment. 

In the fin^ analysis, tbs objective i^ich lUtiit he 
realized in sijeeting preduction equipment to 



bring about a fair return on the money invested in 
that eq[uipment. This criteria alone motivated the 
individuals vrho have foregone the opportunity of 
spending this money in other ways so as to provide 
funds for the purchase of production equipment. 

Supportiflg sarvICM. In addition to the machin- 
ery» equipment, and tools used for production, 
every factory, plant, or mill must have certain sup- 
porting services. These take various forms. 

Services dealing with materials or product in- 
clude (1) production control such as planning, 
scheduling, machine-loading, dispatching, and re- 
cording; (2) material control, including requisi- 
tioning, receiving, storing, transporting, inventory- 
ing; (3) quality control, which includes quality 
levels, inspection, complaints, specifications release; 
(4) waste control dealing with rejects, salvage, 
scrap or rework; and (5) warehousing and ship- 
ping. 

Services relating to machinery and equipment in- 
clude (1) maintenance both preventive and repairs 
and overhaul; (2) tool storage and tool condition- 
ing; (3) auxiliary or utility lines such as water, 
electricity, heating and ventilating, compressed air 
or vacuum, lubricating or cutting oil, gas, exhaust, 
fuel, drains, sewage, and the like. 

Services relating to personnel include (1) offices; 
(2) restrooms, lockers, showers; (3) eating facil- 
ities; (4) parking lots and access ways; (5) time 
clocks, drinking fountains, first-aid, bulletin boards, 
telephones, and so on. 

Most supporting services are necessary for a 
modern production facility. They must be planned 
into the facility and integrated with the materials, 
machinery, men, and the building structure. Effec- 
tive arrangements and organization of these sup- 
porting facilities often account for the efficiency 
of the production methods established. As a result, 
they should not be overlooked when new or revised 
production methods are being planned {see Plant 
FA aLlTIES). [r.m.] 

Production planning 

Two objectives of the manufacturing division of a 
businesB are to produce the company's products 
promptly and profitably. To attain these objectives 
requires efficient use of manpower, machines, and 
materials. This in turn requires coordinating the 
activities of each division of the company. This is 
done by determining the required and the available 
capacities and preparing a plan for matching them. 

In many companies the planning is assign^ to a 
production planning department, whose pm'sonnel 
also follow progress and adjust the plans to com- 
pensate for the differences between planned and 
actual performance. Much of this department’s 
work is gathering, processing, distributing, and 
storing information. 

Planning production from start to finish includes 
scheduling the progress of new products; forecast- 
ing demand; keeping records of available quanti- 
ties of material; preparing schedules; reconciling 
easterners* demands, inventory balances, and pro- 


duction capacities; issuing reallktic schedules; 
loading machines; dispatching; expediting; and 
feeding back or adjusting the next production pe- 
riod’s schedule to compensate for the difference be- 
tween planned and actual performance in the cur- 
rent period. Someone does each part of this work 
formally or informally in most manufacturing com- 
panies. 

Company objectives may shift rapidly from 
achieving maximum output to shipping each order 
by the promised date to minimizing operating ex- 
penses and the inventory investment. 

One essential in production planning is know- 
ing how much time to allow between starting work 
and having a product ready to deliver. Some com- 
panies use a master S^edule which shows the in- 
terval required between the first purchase order 
and the final shipment of the product. Master 
schedules are useful but difficult to keep up to date. 
Other companies prefer to use lead times they have 
found to be safe for each material, part, and prod- 
uct. See Gantt chart; Industrial control. 

[L.F.S.] 

Bibliography: J. F. Magee, Production Planning 
and Inventory Control^ 1958 ; W. Voris, Production 
Control: Text and Cases, 1956. 

Progesterone 

A steroid hormone produced in the corj^s luteum 
and placenta. The hormone has an important phys- 
iological role in the luteal phase of the menstrual 
cycle and in the maintenance of pregnancy. In ad- 
dition toffhese functions, progesterone produced in 
the testis and adrenals occupies a key role as an 
intermediate in the biosynthesis of androgens, es- 
trogens, and the corticoids (adrenal cortex ster- 
oids). 

The biosynthetic pathway to progesterone is 
common to all of the steroid producing tissues and 
involves 


Acetate — > Cholesterol 

Pregnenolone — ► Progesterone 

The blood contains, in addition to progesterone, 
the 20(a)- and 20 (j3) -reduced metabolites, which 
have reduced biological activity. 
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Catabolism of progestmme involves reductive 
reactions at carbon atoms 3, 4, S, and 20, as well as 
hydroxylaiion carbon atom 4 (as illustrated). 

Pi‘egoan»>S(a),20(a)Hti^ is, quantitatively, t^ 
most imnortant metabolite in humans, and its de> 


termination in the urine is of clinical iffliKatanee 
in conditions involving menetmal irregulmiille- 
and also in abnormal pregnancies. 5ee AinNi0Og|r 
Estrocen; Steroid; Steroe. ’ 
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FroiRMsfoii (matlMinatics) 

Ordiired^ countable aets of numbers, xu X 2 ^ 

. • . ^ net necessarily all different In general such 
sets are called seguences, whereas the term pro- 
gressioii U, nsually confined to the special types: 
the arithmetic, in which the difference Xk — Xk^i 
between successive terms is constant; the geomet- 
ric, in which the ratio Xk/Xk.i is constant; and the 
harmonic, in which the reciprocals of the terms are 
in arithmetic progression. 

Aifttimetic progressions. If the first term is a 
and the common difference 6, 

jpi «** a, ^C 2 * n 4* 6, Jta ** « + 26, . . . , 

Xn^ a+ (n— 1)6, ... (1) 

In the sum of n terms 5ti, two terms equidistant 
from the ends always have the same sum xi + Xn; 
hence 25n * n(3ipi -f jic„) and 

S.-.— — »(«+— t) 

If xi, X 2 , xs are in arithmetic progression, X 2 » 
(xi + xs)/2 is called the arithmetic mean of xt and 
xs. 

Geometric progressions. If the first term is a, 
the common ratio r, 


Xi « a, X 2 « ar, xa « ar^, . . . , 

Xn » ar^“S ... (2) 

Excluding the case r » 1 (when all terms are the 
same), the sum Sn of n terms satisfies Sn ~ rSn “ 
o — ar"; hence , 


1 - r" 
1- r 


If |r| < 1, r" — > 0 as n — > 00 ; hence the sum of the 
infinite geometric series 


f; «,n-i „ « |,| < 1 


If Xi, X 2 , xa are in geometric progression, X 2 » 

VxiXa is called the geometric mean of xi and xa. 
Since 


and 


{y / xi — y/ Xa) ^ xi -}- Xa — 2y / xixa ^ 0 

+ ^8 . 


xixz 


the arithmetic mean of two unequal positive num- 
bers exceeds their geometric mean. 

The arithmetic mean A and the geometric mean 
C of n positive numbers are defined as 

j Xi -f X2 Hh • • * + Xn j ^ Jt/ 

A and G V xiX2 • ■ • Xn 

n 

also A ^ G. 

Harmonic progression. The reciprocals of the 
sequence (1) form a harmonic progression. There 
is no compact expression for the sum of n terms. 


If xi, Xa, xb are in harmonic progression, 

2xixa 

X2 - — j - — 
xi + Xa 

is called their harmonic mean. 

Sum Soquonce. A general method of summing 
a sequence of n terms depends upon a theorem 
in the difference calculus which is the analog of the 
fundamental theorem of the differential calculus. 

If Xn » f(n) is defined for n * 0, 1, 2, ... , the 
difference f(n) is defined as 

A/(a)-/(a-f !)-/(«) 

A is a linear operator; that is, 

A{o/(n) + « a £tf{n) + h Ag(n) 

In the difference calculus the factorial powers 
for integral k are defined by 




n\/(n^k)\ 

n\ 

.0 


k < n 
k — n 
k > n 


Thus 

l)(n-2) ■ • • (fi-i+l) 0<k^n 

Af) _ \ A- V 0 

(n-f l)(n-h2) • . . + 

In particular 

n(0) « „(1) ,^(-1) = i/(ri + 1) 

Moreovel^ satisfies the functional equation 

. (n - 6)(*> - 

The last two entries of Table 1 follow from 


Ac*"« - - 2i sin 

on taking real and imaginary parts. 

If AF(n) = /(a), F{n) is called the antidiffer- 
ence of f(n) and written Two antidiffer- 

ences of f{n) differ at most by a constant (or by 
a periodic function of period 1 for functions f{x) 
of a continuous variable). Table 1 implies the table 
of antidifferences (Table 2), 

Just as antiderivatives are iised to compute defi- 
nite integrals, antidiflerences ate used to compute 
definite sums : 


V 1 9+1 

£ An) “ A-«/(i») - F (9 + 1) - F(p) 

ntmp Ip 

The proof is immediate on replacing f(fi) by 


Table 1. DUTerences 


/(«) 

Af(«) 


constant 

0 


r* 

(r - l)r" 


n(« 



COB na 

-2 sinjfja sin (n ^H)a 


sin na 

2 gm^ia cos 




Af(B) + — F(«) and performing the 

indicated sununatien. 

Example 1. The arithmetic progression (1): 
r a + 6(n - 1) - (a - b)n+ 

n-l 1 

- (a-b)N+HHN+l)N 

Example 2. The geometric progression (2) : 


^ . 1 0'’"“^ 


r«-l 


Example 3. The cosine sequence: 

^ sin (« — \i)a |Jv+i 


52 cos na = 


2 sin 


sin {N + J^)a — sin 
2 sin J^o 

In order to sum a polynomial P{n) of degree /c, 
P(n) may be expressed in terms of factorial pow- 
ers .... n'*> by Newton’s theorem: 


P(n) = P(0) + 






The differences of P{n) when n = 0 are computed 
as in Table 3. 


Table 2. Antidifferences 


A“*/(n) 


cons taut 

-7 (r^l) . 

r - I 

n(*+l) 

hi 

n (/! - 0) 

sin ( n - >j) « 

2 sin Viet 
cos (fi - 
2 sin Via 


sin Tia 




TaMa 3. Saquanca of cubas 


n 

0 

1 

2 

'3 " 

P(n) 

0 

1 

8 

27 P(0) - 0 

AP(n) 

1 

7 

19 

AP(0) - 1 

A*P(n) 

6 

12 


A*PI0)/3I»3 

A»P(fi) 

6 





In Table 3 P{n) ■ n® and hence 


n* -b 3 b^*^ -b B^*^ 

^ AT+l 

£ B* •• -b B^®^ -b 

ifii 1 

- HnHn- 1)* H(A^-bl)*/V* 

Summation by parts, 

A“‘(/(b) Ag(n)) -/(B)g(B) - A~‘(g(n -b 1) 

is frequently useful in finding antidifferences. With 
g(n) - (-1)", Ag(n) « 2(-l)"~‘, this gives 

2A->i(-i)"-y(B)] 

“(-1)"/(b)-A-M(-J)"-'A/-(b)1 

When P(n) is a polynomial of degree Ic, A*^^P(n) «■ 0 
and this formula repeatedly applied will give 

A~‘[(-1)"-‘P(b)] 

N 

and hence the sum 52 The. following 

n—l 

table permits the summation of alternating powers 

(— 1)"~*B®: 


k 


1 

Hi-mn-H) 

2 

^(-1)"b(b- 1) 

3 

H(-1)»{b- H)(n*-n - H: 

4 

>^(-l)"n(ra - l)(n* - B - 1) 

5 



Summation by parts also gives antidifferences such 
as A"^[r"P(n)]. Thus A"*(n»'") «r"'^p(B — p) 
where p » r/(r — 1). See Series. [l.br.] 

Bibliography: L. M. Milne-Tfaompson, TAe Cal' 
cuius of Finite Differences, 1933. 



